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Further Experiments upon Flame Propagation through Dry Carbonic 
Oxide-Oxygen Mixtures in an Electric Field . 

By William A. Bunk, D.Sc., F.R.S., Reginald T. Fraser, D.I.C., A.R.C.S., 
and William H. Wheeler, D.I.C., B.A. 

(Received March 20, 1931.) 

[Plates 1-3.] 

In a previous paper from our laboratories in 1929,* an experiment was 
described showing photographically the effects of a strong electric field upon 
the explosive combustion of a 2CO + 0 2 medium which, after being intensively 
dried by 240 days’ contact with redistilled phosphoric anhydride, was ignited 
in a tube by a condenser discharge mid-way between the two poles of the field. 

It was shown that, as compared with a similar experiment but without an 
electric field, although on ignition flames started in opposite directions along 
the tube with velocities rather slower than in the corresponding experiment 
without the field, they were soon progressively accelerated, but more so towards 
one pole (afterwards found to be the negative) than towards the other, and that, 
upon the field finally breaking down shortly before the flames reached the 
poles, the combustion became highly accelerated. 

Commenting in ‘ Nature ’ upon this suggestive result,f the late Professor 
H. B. Dixon, who had closely followed the experiments in question, remarked : 
“ It was evident that the resistance to combustion offered by the dryness of 
the gases could be overcome by the electrostatic field, and apparently this 
, relief 1 was more easily given by one pole than the other ... (so that) 
the problem presented by the burning of the gas has become one of the most 

* * Phil Trans.; A, vol. 228, pp. 197-234 (1929). 
t ‘ Nature/ vol 124, p. 582 (1929). 
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interesting in physical chemistry,” these being his last published words on the 
subject. 

Since our former publication, we have both confirmed and extended the 
experiment, and in what follows we propose discussing the results as a whole. 

Experimental Results. 

First Series . Flame Approaching and Crossing the Boundary of a Field . 

After twice repeating our previous experiment, we carried out another 
series in which, after being initiated in a dry 2CO + 0 2 medium, the flame 
approached and crossed one of the boundaries of an electrostatic field; and it 
will be conducive to a clearer understanding of the matter if these further 
experiments are described first. 

It may be recalled that our experimental procedure includes photographing 
the flame moving horizontally along the tube upon a highly sensitive film 
attached to a drum rotating in a vertical plane at a known constant speed ; 
and all the photographs included herein should be interpreted accordingly. 

(1) Apparatus and General Procedure .—The experiments consisted in com¬ 
paring the movements of flame, initiated near one of the closed ends of a tube, 
through intensively P a 0 6 -dried 2CO -f 0 2 media (a) with no imposed electro¬ 
static field (the u control ” experiment), or ( b ) aB the flame entered and passed 
into a strong electrostatic field maintained further along the tube between 
poles 30 cm. apart, the polarity being reversed in successive experiments, so 
that in the first one the flame entered the field across the positive, and in the 
second across the negative, boundary. 

The experimental tubes were as shown in figs. 1 and 2, of which the former 
refers to the fieldless “ control ” experiment, and the latter to the other two 
“ field ” experiments. 



P.O § 


Fro. 2. 
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Flame Propagation in an Electric Field. 

The tubes were all of red-line “ Jena ” glass, 60 cm. long by 2 cm. internal 
diameter, with the far end enlarged for containing the drying agent; and in 
all these experiments ignition of the 2CO + 0 a medium was effected by a 
condenser discharge of 3-75 microfarads at 1000 volts between “ balled ” 
platinum terminals situated about 0*5 cm. from the other closed end. 

The tubes used in the two “ field ” experiments were also fitted with ringed 
poles of 22 S.W.G. platinum wire, 30 cm. apart, one of which waB situated 
9*5 cm. from the points of ignition of the medium. The applied potential 
difference between the two poles was circa 85,000 volts in each case, the 
field strength thus being circa 2830 volts per centimetre, and the polarity being 
reversed in successive experiments. 

In each case the tubes had been most carefully cleaned, dried out and 
evacuated before being filled at 18° C. and atmospheric pressure with the 
2CO -f- O a mixture, which had previously been dried by slow passage first 
through a spiral surrounded by liquid air and then over redistilled phosphoric 
anhydride. Also the “ firing electrodes ** had been previously thoroughly 

glowed out ” for some hours, both in vacuo and in oxygen at 2 to 3 mm. 
pressure, so as to eliminate any occluded hydrogen. The final drying in situ 
over redistilled and purified phosphoric anhydride was in accordance with our 
usual procedure and extended over 334 to 376 days, which was long enough to 
ensure the utmost desiccation of the medium. On completion of the drying 
each tube was fixed horizontally on an insulated bridge for the subsequent 
firing trial, in which ignition was effected and the resulting flame movement 
photographed as already described. 

(2) The “ Field ” Circuit.—This is shown diagrammatically in fig. 3. A 
condenser, C (capacity circa 0*007 p,F.) built so as to withstand a potential 
difference of well over 150,000 volts, was kept continually charged up through 
a kenotron diode to the required experimental potential by half-wave rectifica¬ 
tion of the output of a transformer (not shown), one end of the secondary 
of which was earthed. One plate of condenser, C, was connected through a 
high resistance, R a (circa 1 megohm) to one of the field poles in the tube con¬ 
taining the dry 2CO + O a medium, the other pole being earthed. The 
resistance R x (likewise R a ) was included in tho circuit with the object of damp¬ 
ing out surges likely to arise in the event of the breakdown of the field. The 
potential in each experiment was measured by the sphere-gap voltmeter, V x 

(3) The Ignition Circuit , which is also shown in fig. 3, was arranged so as to 
avoid any discharge between the field pole nearest the igniting electrodes and 
the latter by connecting the two together as well as with the high-voltage Supply 

b 2 
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as shown. And to allow of the igniting condenser, C 2 , being charged up within 
the main circuit to the desired 1000 volts, both sides of it were at first brought 



Fig. 3. 

up to the full field potential, whereupon one side was disconnected from the 
main supply and its potential allowed to fall, through a leak, L, through an 
earthed plate, P, until the potential difference between the two sides (as shown 
by the electrostatic voltmeter, V a ) was 1000 volts, L being then connected 
to the spark gap. 

(4) The li Fieldless Control ” Experiment gave the photograph No. 1 (Plate 1), 
showing the resulting flame travelling steadily along the tube for a distance 
of 18*5 cm. from the ignition point, with an average velocity of 164 cm. per 
second, whereupon it retreated altogether 8*5 cm. into the partially burnt 
medium and was finally extinguished therein, without any renewed advance, 
its total duration being 175 millisecs. Notable features of the flame are its 
unstriated character and evenness of luminosity. 

It was found that the medium in the tube could be re-ignited four times at 
successive day intervals ; but, as might be expected, the resulting flames both 
advanced with progressively diminished velocities and for progressively shorter 
distances after each successive ignition, until after the fifth ignition the medium 
was no longer capable of being inflamed, although a restricted “ glow ” could 
still be produced in the vicinity of further discharge-sparks. The total com¬ 
bustion obtained as a result of the five successive ignitions was only 13-4 per 
cent., the resulting medium finally containing:— 

COj « 9*3, CO s=B 60*4, 0 2 = 29*8 and N a = 0*5 per cent* 
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The data for the five successive ignitions were as follows : 
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Ignition 

number. 

Mean initial 
flame speed. 

Total flame. 

Advance. 

Retreat. 

Duration, 


i cm. per sec. 1 

cm. 

cm. 

millisecs. 

1 

242 

18*5 

8*5 

175 

a 

200 

8-0 

3*0 

104 

3 

210 

7-5 

2*5 

100 

4 

111 

7 *0 

20 

100 

G 

52 

15 

1*0 

83 


(5) First “ Field ” Experiment . Flame crossing negative boundary .—Next 
followed an experiment in which, on ignition as before, and after travelling 
for a distance of 10 cm., the flame crossed the negative boundary of the field 
and then penetrated some distance towards the positive pole, as shown in 
photograph No. 2 (Plate 1). 

The flame started off from the igniting discharge at a slightly higher speed 
(330 instead of 240 cm. per second) than in the fieldless “ control ” experiment, 
and continued at such speed during its first 10-cm. run (Le. f through a com¬ 
paratively “ fieldless ” region) up to the negative pole. Immediately on 
entering across this pole into the field, its speed decreased during the next 5 cm. 
after which it remained almost stationary for 130 millisecs., during which layers 
of the burning medium seemed to be drawn backwards towards the negative 
pole, producing luminous striae in the photograph. Then the flame again 
advanced with acceleration for a distance of about 19 cm. in 87 millisecs.; 
but on reaching a point 6 cm. from the positive pole it retreated for a distance 
of 15 cm. in 240 millisecs., when finally it was extinguished. Altogether the 
flame lasted 520 millisecs. during which it had advanced 33 cm. and consumed 
20 per cent, of the medium. 

(6) Second M Field ” Experiment . Flame crossing positive boundary .—On 
repeating the second experiment, but with the poles reversed so that the 
flame now entered the positive instead of the negative end of the field, although 
the flame started off with (and maintained during the first 10-cm. run through 
a comparatively “ fieldless ” region) the same velocity as previously, hardly 
had it passed the positive pole than its further progress was abruptly arrested. 
It then remained almost stationary at the positive pole for 69 millisecs. ; 
finally, on retreating very slightly therefrom, it died out without ever having 
penetrated more than about 1 cm. into the field. And, in contrast with the 
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flame in the provious " field ” experiment, it was almost non-striated. The total 
duration of flame was 238 millisecs., during which only about 6 per cent, of 
the medium had combined. 

Discussion ,—It is clear from the photographs that the imposition of an 
electrostatic field had a decided influence upon the combustion, but in the 
opposite sense according as the flame first entered across its negative or positive 
boundary. As compared with those of the “ control ” experiment, the con¬ 
ditions near the negative pole were much more, and near the positive pole 
rather less, favourable to the continuance and propagation of flame, thus 
confirming our previous observation that the polarity of the field has influenced 
the flame. 

This may be ascribed to the fact that a flame is a highly “ ionised ” region, 
and that the imposition of a field thereon causes a segregation of positive ions 
towards the negative pole, and of negative particles (chiefly free electrons) 
towards the positive pole. Consequently there will be a general drift of the 
gaseous medium towards the negative pole. And the marked striae in photo¬ 
graph No. 2 f which are never seen in the “ fieldless ” combustion of a dry 
2CO + O g medium, are clear evidence of such drift. 

Another factor is that, with a flame moving from — to + in an electric field, 
the tendency will be for the positive ions to be kept either in the region of 
active combustion, or just behind it; whereas, in a flame moving from + to 
—, they will be quickly drawn out of it into the unburnt medium ahead. 
Therefore, assuming the presence of such positive ions ( e,g CO + ) in the burning 
medium to be favourable to combustion, the flame would move faster in the 
former than in the latter case. And the fact that, in these two “ field ” 
experiments, the flame did move faster and further against than with the 
“ drift ” of the medium referred to, suggests that the second of the two causes 
was the more potent. 

Second Series . Flame Initiated Midway between the two Boundaries of 

a Field, 

In these experiments, as in the one previously published, a 350 to 365 days’ 
PjOg-dried 2CO + O a medium was ignited in a 60-om. tube midway between 
the two poles of the field as indicated in fig. 4. The field and igniting circuit 
were both arranged substantially as in the first series of experiments (;,!>,), 
the only difference being that the firing apparatus was now situated at the 
electrical mid-point of the field. 

(1) The Fieldless " Control ” Experiments ,—First of all, two control experi- 
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mentft were made in which a 2C0 + O a medium, dried for 352 to 336 days in 
contact with redistilled and purified phosphoric anhydride, was ignited by a 



condenser discharge of 3*75 microfarads at 1000 volts midway along a 60-cm. 
tube, precisely as in the “ field ” experiment except that no field was imposed 
upon the burning medium. 

(а) In first “control” experiment (photograph No. 4, Plate 2), flames started 
off in opposite directions along the tube each with an initial velocity of about 
145 cm. per second, but after travelling about 4 cm. each became nearly 
stationary for about 57 millisecs., after which they again advanced slowly up 
to a point about 11*5 cm. from the original starting point. They then retreated 
slowly about 5 cm. until they were extinguished by the partially burnt medium 
into which they had been drawn. The two opposite flame movements were 
perfectly symmetrical, and their total duration was 263 millisecs., about 11*4 
per cent, of the whole medium having combined, so that the residual gas 
contained :— 

C0 2 = 7*3, CO = 61*3, O a = 31*1 and N 2 =* 0*3 per cent. 

This result was practically the same as that of our previously published 
corresponding experiment.* 

(б) In the second “ control ” experiment, as shown in photograph No. 5 
(Plate 2), the flames started off quite symmetrically in opposite directions, with 
speeds of 205 cm. per second. Instead of becoming extinguished during their 
first retreat, however, they advanced again, and after a second slight retreat 
they finally proceeded very slowly indeed right up to the closed ends of the 
tube. Their total duration was 1155 millisecs., and the percentage combustion 
was 81*1. 

It may be remarked in passing how well these two results illustrate the 
resistance to flame propagation of such an intensively dried 2CO + 0 2 
medium ; for although it can be ignited by a sufficiently powerful spark, and 
the resulting flames propagated very slowly through it for some distance, they 


* Loo . No. 13, pp. 212-213. 
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are so easily extinguished by a small accumulation of the combustion product 
in the medium, that it is a matter of “ touch and go ” whether or not the flames 
reach the ends of the tube* And even when they do, the combustion is only 
about 80 per cent, complete, a testimony to the extreme dryness of the medium. 
Also it is clear that in (6), where the total flame duration was as much as 1 * 155 
seconds, the propagation right up to each end of the tube was quite independent 
of anything derived or arising from the igniting spark other than its initial 
incendiary action. 

(*2) The Field Experiments ,—The results of the two field experiments are 
shown in photographs Nos. 6 and 7 (Plate 3) respectively, (a) In No. f>, where 
the P 2 O fi -drying period had been 365 days, flame propagation was unsymmetrical 
from the first, being slightly faster towards the negative than towards the 
positive pole of the field. Thus, for example, whereas, immediately on 
ignition, the flame moved towards the negative pole with a velocity of 85 cm. 
per second, no motion occurred in the opposite direction for a short period 
(17 millisecs.); also, when flame movements were set up in both directions 
those towards the negative pole were always faster than those towards the 
positive pole at corresponding points. Indeed, when one flame front had 
reached the negative pole, the other was still 5 cm. away from the positive 
pole. 

This difference in flame velocities was due to the imposed electric field, which 
did not break down until the oppositely moving flame fronts had almost 
reached the two poles. 

The breakdown of the field, which then occurred, is shown in the photograph 
by an abrupt increase both in the luminosity of the burning medium and by 
equally sudden acceleration of the flame fronts. The flame fronts also became 
striated , producing in the photograph what appears to be “ pre-ignitions ” in 
layers of the unburnt medium ahead of the flame fronts. Combustion became 
very rapid in the highly ionised medium through which the discharge was 
passing. For as soon as the field broke down, an abrupt change would occur 
from the former condition of high field potential with little or no discharge 
passing, to one of low field potential with considerable discharge passing, the 
actual flame itself presumably being a highly ionised region. 

Immediately the second condition set in, and the flame fronts had both 
passed onwards beyond the two poles, combustion became very accelerated, 
so that the flame fronts quickly and almost simultaneously reached the ends 
of the tube ; whereupon their luminosities markedly increased and extended 
backwards until they almost filled the tube. The total duration of luminosity 
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from beginning to end of the combustion was 280 millisecs. and the percentage 
combustion 85*5, 

(6) Similar results were obtained on repeating the experiment (photograph 
No. 7), except that after short initial and ^symmetrical forward movements 
(velocities = 125 cm. per second towards the negative, and 100 cm. per second 
towards the positive pole) both flame fronts remained almost stationary for a 
period of 113 millisecs. during which the one travelling towards the negative 
pole was distinctly thicker and more luminous than the other. Subsequently 
they again advanced, more rapidly towards the negative than towards 
the positive pole, until, on nearing the poles, the field broke down and the 
combustion suddenly became more intense and the flame striated; and 
on reaching the ends of the tube a second sudden increase in luminosity 
occurred. It is noteworthy that, throughout the whole propagation to the 
ends of the tube, both before and after the field had broken down, the flame 
travelling towards or past the negative pole was always of greater length and 
luminosity than the other. The total duration of luminosity was 460 millisecs., 
during which 84*5 per cent, of the medium was burnt. 

It should be stated that, so far as could be observed both by the eye and 
photographically, there was no corona discharge whatever inside the tubes 
prior to the ignition of the medium in any of our “ field ” experiments. Nor 
could the formation of any trace of ozone be detected when a field of the 
strength employed was maintained for 5 minutes in a 60-days’ P a 0 6 -dried 
oxygen medium. 

Discussion .—In the second series of experiments it is important to distinguish 
between the conditions obtaining (i) during the first period when the flame is 
being propagated through the dry medium in which the field is maintained, 
and {n) subsequently, when the flame fronts have nearly reached the poles, 
and the field breaks down. The fact that during (i) combustion was always 
better maintained in the flame travelling towards the negative pole of the field 
may be ascribed to the now combined effects of the two causes mentioned in 
discussing the first series of experiments. As soon as the field broke down, 
however, combustion would be accelerated by the highly ionised condition of 
ijbe medium; and from the results it would appear that such condition 
largely overcame the resistance to combustion offered by the extreme 
dryness of the medium. 

After the foregoing experiments were all completed, Professor R. V. Wheeler 
and Mr, E. M. Gu6nault published some experiments* in which they had 
* ‘ J, Chem. Soo.,* p. 195 (1931). 
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observed that in the propagation of flame through sulphuric acid-dried CO-air 
and CO-oxygen media, on which an electric field was imposed, the flame was 
distorted towards the negative pole, which confirms what we bad observed in 
1928. But while they suggested that “the movement of the flame surface 
may be mechanical, . . . and not necessarily the result of a stimulus to 
chemical activity imparted by the electric field, ” we t hink our experiments 
show both causes to be operative. We are now further extending our experi¬ 
ments to the study of the influence of strong electric and magnetic fields upon 
flames and gaseous explosions under various conditions up to and including 
detonation. 

In conclusion, we desire again to express our thanks to Messrs. Nobels 
Explosives Company, Ltd. (Imperial Chemical Industries) for generous grants 
in aid of these and cognate researches, and also the Department of Scientific 
and Industrial Research for a maintenance grant to one of us (W.H.W.). 


The Hyperfine Structure of Tl II. 

By Professor J. C. McLennan, F.R.S., and M. F. Craweord, M.A * 
(Received April 8, 1931.) 

In a previous publication a term and a hyperfine structure analysis of the 
spark spectrum of thallium, Tl II, were presented. The hyperfine structure 
analysis, although limited by the low resolution of the spectrographs employed, 
confirmed the intensity rules and the vector relation for the compounding of 
I and J; showed for the electronic configurations involving a 6s electron that 
the energy of interaction between I and J was large; and established I as | 
for thallium. In view of the recent development of the theory of hyperfine 
structure, more accurate detail is desirable for the verification and the extension 
of this theory. The consistent interpretation of the preliminary hyperfine 
structure analysis, the completeness of the term analysis, the magnitude of 
the hyperfine separations, and the simplicity of the patterns, features of 
Tl II, suggested that for this spectrum a detailed hyperfine structure analysis, 
sufficiently accurate to confirm or show the limitations of the theory, would 

• During the initial part of this investigation Mr. Crawford was a holder of a Fellowship 
awarded by the National Research Council of Canada. 
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be feasible. Accordingly, the hyperfine structure of Tl II was investigated. 
The details and results of this investigation are presented below. 

The spectrum of thallium was excited by two methods: In the first, a 
condensed discharge was produced in thallium vapour, contained in a quartz 
discharge tube, by connecting the two terminals, sealed into the tube, in 
parallel with a condenser, and in series with an adjustable spark gap and the 
secondary of a transformer ; in the second method, an electrodeless discharge 
was produced in the vapour by passing a high frequency current, generated 
in an oscillating circuit by a transformer with its secondary in series with a 
capacity and in parallel with a spark gap, through a heavy copper wire coiled 
around the tube containing the vapour. Both methods gave satisfactory 
excitation, but as the electrodeless method was more easily controlled it only 
was used in the latter part of the investigation. The radiation, excited by 
these methods was photographed in the spectral region XX 7100-2300 A.U. 
in several orders, from the first to the fourth depending on wave-length, of a 
3 metre concave grating of 60,000 lines, ruled with 15,000 lines to the inch. 
From the spectrograms obtained, the separations and the relative intensities 
of the hyperfine structure components were determined for the lines of appreci¬ 
able intensity in the analysis of Tl II, as presented by McLennan, McLay and 
Crawford* and extended by Smith|; and for a few additional lines classified 
in this investigation, the classification of which involved a slight modification 
and extension of the former term analysis. 

From a consideration of the observed intensities and separations of the 
components of the hyperfine multiplets, an interpretation of the hyperfine 
structure of Tl II, consistent with the F selection rule, the (J, F) intensity 
rule, and the value I =* \ for the nuclear moment, was deduced. 

Hyperfine structure analysis, besides revealing features of the interaction 
of the nucleus with the extra-nuclear electrons, constitutes a critical test of 
the correctness of the term classification. The classification is excellently 
confirmed if, for all the classified transitions, the observed hyperfine structure 
agrees with that predicted by attributing to each term specific hyperfine 
structure intervals and F values, which are derived directly from the J of 
the term by combining vectorially with it a single I value,J common to all 
terms of the spectrum. The present analysis confirmed with a fe^ minor 

♦ 1 F*oc, Boy. Soe./A, yol 125, p. 570 (1929). 

t 1 Phys. Rev,,* vol. 35, p. 235 (1930). 

$ Xf, due to isotopes, them are two or more I values, then, few each I value there is a 
set of intervals and F values. 
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exceptions the previous classification, and in conjunction with information 
obtained from a consideration of the analogous spectra, Hgl and Pb III, 
indicated the modifications and extensions that were made in the term analysis 
during this investigation. Since the presentation of the hyperfine structure 
interpretation involves the term analysis, the modifications and extensions 
of the latter will be considered first. 

In deriving the previous classification,! two choices existed for the 6a7p 1 P 1 ® 
term. The term, V = 126204, eventually was chosen because that choice 
made the multiplet separations of the 6s7p 3,1 P group similar to those of the 
6 sGp 3,l P group. It was pointed out that for this choice the progression of 
n* of 6snp 1 P 1 ° sequence did not correspond to the progression of the similar 
sequence of Hg I; but the reality of 6#7 p l P x ° of Hg I was so questionable 
that this discrepancy did not invalidate the term chosen for 6s7p 1 P 1 ° of T1II. 
Further classifications of Hg 1+ and Pb III,§ published subsequent to our 
former paper, have definitely established the Gs7p iPj 0 terms of both spectra; 
so that it is now possible to compare, with assurance, the relative disposition 
of the four 6s7p S,1 P terms in the analogous spectra, Hg I, T1II, and Pb III. 
Such a comparison indicates that the term, V = 122379, of T1II, classified 
as 1]°, should be redesignated 6s7p l P 1 °, i.e., the designations of the two terms, 
V = 126204 and V = 122379, should be interchanged. This modification 
gives a term grouping similar to that expected for {J, J) coupling, and is con¬ 
sistent with the observed hyperfine structure. For the original classification, 
the hyperfine structure of the 6s7p*> , P° group could not be consistently 
explained by the theory developed by Qoudsmit and Bacher.jl The hyperfine 
structure of the term designated 6*7p 1 P 1 ° in the previous classification could 
only be explained on the assumption of Russell-Saunders coupling; whereas 
the 6*7 p 3 P]°, the only other term of the group depending on coupling, required 
almost oomplete (J, J) coupling. For the modified classification, the hyperfine 
interval of 6s7p 'Pi® agrees moderately well with that predicted by theory for 
(J, J) coupling, and consequently eliminates the inconsistency that existed 
for the initial classification. 

Evidence based on this new ohoioe of Qslp 1 P 1 ® and on the observed hyper¬ 
fine structure of certain lines invalidated Smith’s ohoioe ( loo . oil.) of the 

t McLennan, MoLay and Crawford, loo. eit. 

J McAlister, ‘ Phys, Rev.,’ vol. 34, p. 1142 (1929). 

$ Smith,' Phys. Rev.,’ vol. 36, p. 1 (1930) j Rao and Narayan, ‘ Z. Phyaik,* voL 69, 
p. 687 (1930). 

|| ‘ Phys. Rev.,’ vol. 34, p, 1501 (1929); Pauling and Qoudsmit, “ Structure of Line 
Spectra," p. 202, MoQraw-HiU, New York (1980). 
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6 «8d 1 D 1 term, and enabled us to select in its place a satisfactory term. The 
absence of the combination between the new 6 a 7 p l P 1 ® term (the former 1 1 ° 
term) and Smith’s choice of 6»8d 1 D J , which should be quite prominent, threw 
doubt on the validity of his choice. Further, the hyperfine structure of 
X 4946 A.U., the orucial transition in Smith’s analysis on which the validity 
of his 6 s 8 d *D 2 term depended, showed that his choice was inoorrect. Our 
pattern of this line revealed, besides the two components recorded by Smith, 
a third fainter component. The interpretation of this three-line hyperfine 
multiplet demanded, for Smith’s classification, that the terms, V =* 126204 
(the former QsTp iP^) and 6«8d 1 D 2 , be normal with respective intervals of 
0• 58 cm. -1 and 4-91 cm.'" 1 . The first interval disagreed with the interval 
determined from other combinations involving the term, and the second was 
much larger than that predicted by theory or expected from a consideration of the 
hyperfine structure intervals of the 6s6d and 6 « 7 d J D 2 terms. The term selected 
by us as the 6s8d 1 D 2 is supported by combinations of moderate intensity 
with the new 6s7p 'Pj 0 and the Gs 7 p 3 P 1 ° terms. The hyperfine structure of 
these transitions is consistent with the interval values of Gs 7 p 1 P 1 ° and Gulp 3 P 1 ° 
established from other transitions, and gives the 6s8d’D 2 normal with an 
interval equal to 01 cm. -1 , of the order expeoted. The other permissible 
combinations of 6s8d a D 2 in the visible region, which are expected to be weak, 
were not observed on our grating plates, except perhaps the transition lj 0 — 
6«8d which should coincide with the weak transition GsGd 3 D 8 —6s5/ 3 F„°. 
This line, however, was so faint that its structure could not be determined. 

Tho 6«6/ 1 F 8 ° term, unidentified in Smith’s analysis, was located through com¬ 
binations with the 6s6d 6s6d S D S and 6 p l 1 D 2 terms. The observed hyperfine 

structure supports this classification, and gives for the 6*G/ 1 F 2 0 an interval of 
2 -95 cm. -1 . This value compares favourably with that of the 6 < 5 / 1 F a 0 torm, 
when the difference in coupling between the 6*5/ and the 6«6/ configurations, 
evident in the re-arrangement of the order of the 8,1 F terms, is considered. 
This choice of 656/^3° necessitated the reclassification of X 3364 * 12 A.U. 
as 6s6d *D a —6«0/ 1 F a °. The frequency of this line is that predicted for the 
6«6 & *D S —6s6/ 1 F 8 ° transition. The line moreover is faint, single, and diffuse, 
as expected for this classification, since the two strong hyperfine structure com¬ 
ponents should be nearly coincident due to the approximate equality of the 
intervals of the two terms, and the third component too faint to be observed ; 
whereas for Smith’s classification, a doublet would be expected, since the 
interval of 6 sI 0 s *S l should be considerably larger than that of 6*7 p *P 2 °. 

. The n err term 3 2 ° is based only on the classification of X 4946 , as the other 
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permissible combinations of this term are in the infra-red. This line was 
classified as M$ 3 S 1 —3 a ° solely from a consideration of its hyperfine structure, 
which involved the Ms 3 S X interval, and of the fact that the 3 2 ° term comes in 
the region where other terms of the Sd 9 6s 2 6p configuration have been found. 

Of the three terms, 2 3 ^, 6«7/ ®F° and 6$10* *8^ established by faint com¬ 
binations, only the 2 3 ° term was checked in this investigation. The observed 
hyperfine structure of three lines involving the 2 a ° term was consistently 
interpreted for Smith’s classification by attributing to it a normal hyperfine 
structure of 0*8 cm. -1 . This interpretation confirmed, as well aB could be 
expected for such faint fines, their classification. The combinations of 
6s7/ 8 F° and 6*10* *8} were not observed on our plates, except for the line 
X 3304 A.B., the reclassification of which tends to throw doubt on the 6«10$ a S 1 
term. 

Table L 


Term. 

Value 

cm." 1 . 

Hyperfine 

structure 

interval 

cm." 1 . 

Term. 

Value 

cm." 1 . 

Hyperfine 

structure 

interval 

cm." 1 . 

6*» % 

0*0p%° 

0*0p%° 

Mp %• 

0* 

494S1 

52393 

61725 

4*3*21 IB 

6.5/ 

a^/*p,* 

6.5/*IV 

0.5/ 

130115 

136216 

136230 

130263 

—0-68 8A 
-2-49 2A 
+3-31 IB 
+ 1-48 3A 

Mp'l y 

75060 

-1*01 4A 

6.7 d'l). 

136891 

+0*82 2B 

6*7*% 

105225 

+ 4*97 7A 

6*74% 

137927 

-2*21 8A 

0«7« *S„ 

107990 

Single 

6«7<l»I>, 

138053 

+0*78 3A 

6*04% 

115100 

+0-80 3A 

fo74% 

138203 

+3*39 IB 

0*64% 

110147 

—2*12 2B 

2,° 

142781 

+0*8 30 

0*64% 

110430 

4*0*55 4A 

0*9* % 

145415 

+4*52 8A 

6*04*1)* 

116820 

+3*33 4A 

6*84 % 
6*6/%° 
6*6/%* 

145591 

+0*1 20 

iwSH 

117408 

119361 

Single 

140500 

146523 

+3*35 IB 
-2*58 2B 


119570 

+4*02 7A 

6*0/%° 

146534 

-3*24 as 


122029 

+3*45 6A 

6*0/%° 

146043 

+2*95 2B 

■gH 

122379 

-1*27 5 A 

6*84% 

147002 

-2 35 2B 

125338 

125437 

+0*58 IB 

0*84% 

0*84% 

147062 

147747 

+1*00 8A 
+3*45 IB 


126204 

128817 

— <0*2 2C, 
+0*6 20 

6*10*%t 

6*7/*F*f 

151747 

152110 


* Value relative to limit of fond % series 164800 cm." 4 or 20*33 volts, 
t Not checked in this investigation. 


A summary of the term and the hyperfine structure analysis is presented in 
Table I. In the first column are listed all the known terms. Except for the 
modifications and extensions made in this investigation, the terms are those 
identified by McLennan, McLay and Crawford and by Smith (loo. ml.}. In 
column two are recorded the term values, relative to the value aero arbitralfly 
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assigned to the 6s 21 S 0 term. To each term is assigned only one value, which is, 
for terms that have two hyperfine levels, the mean of the values of the two 
levels. In column three is recorded the most probable value of the interval 
between the two hyperfine levels of each term investigated. The positive 
sign denotes that the hyperfine structure is normal, i.e. t the hyperfine level 
with the smaller F value is the more stable ; the negative sign, that the hyper- 
fine structure is inverted. The number and letter opposite each hyperfine 
structure interval, in column four, indicate the accuracy of the interval The 
integer gives the number of values averaged in deriving the interval, and the 
letter, the accuracy of the resultant: A indicates the value of the interval 
is accurate to within 0*02 cm.“I B to within 0*05 cm,"* 1 , and C to within 
0-1 cm."* 1 . 

In deriving the most probable value of the hyperfine interval of a term, all 
the values of the interval, obtained from the various hyperfine multiplets 
involving the term, were averaged. In averaging, each value was weighted 
according to its accuracy, which depended on the intensities and separations 
of the components of the multiplet from which it was derived. For most of 
the intervals the values, which were averaged, were deduced directly from the 
separations of the hyperfine components in Table II. However, for hyperfine 
multiplets with only two components intense enough to be measured accurately, 
for which the intervals deduced directly were uncertain due to their dependence 
upon measurements involving a faint component, a better value of one of the 
intervals was deduced indirectly, when the other interval was known, by adding 
to or subtracting from this known interval, depending on the order of the 
hyperfine levels, the separation between the two strongest lines. Thus, in 
general, several reliable values were available for the computation of the most 
probable value of each interval. Since each hyperfine interval in Table I 
is the mean of several values, derived from different transitions, each of which 
is itself the mean of several values obtained from different spectrograms, the 
accuracy indicated in column four is warranted. 

The complete analysis, from which the hyperfine intervals of Table I were 
derived, is presented in Table II, In column one is listed, in order of decreasing 
wave-length, the approximate wave-length of each hyperfine structure 
multiplet; in column two, the approximate frequency, which is the difference 
between the mean value of the hyperfine levels of the initial term and that of 
the final term, involved in the transition; and in column three, the total 
intensity of the hyperfine components of each transition, relative to the most 
intense transition, to which is assigned arbitrarily the value 25. The total 
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Table II. 


A app. 

V app. 

1 (total). 

r. 

| I (rel.). 

tfV cm." 1 . 

Classification. 




10 

1 

6.7. ,i»S, 

— 6*7 p j*P,* 

7072 

U136 

3 

7 

V 4*95 

Ms 

— 6*7/> 4 *P,® 




5 

\ 4*01 

Ms 

— 6^4’Pi 0 

6966 

14361 

8 

10 

\ 0*95 

Ms 1 j*S 1 

6.7/) ,i*P,® 




7 

} 401 

M* 

— 




5 


6.7* j*8, 

-6*7/),»*P,« 




10 

1 

Mm 

— 6*7/, ,}‘P,* 

6960 

14383 

5 


y i-27 




8 

J 

6.7. j'.S 0 

— 6*7/) ,'P,“ 




5 

\ 1-27 

6*7/) i'P,« 

— Md ,**1), 

6888 

14512 

2 

0 

\ 0*03 

Mpu'iy 

— 6*7d ,,‘D, 




10 

J 

6.7/,, j l P,‘ 

— 6.7 d ,|'l). 




1 

| 1 ’25 

6*7/, i‘P,° 

— 8#7d ,*»!>, 

6430 

16547 

1 

10 

\ 0*89 


~~Md l ^D l 


1 


4 

J 

m? 

— 6*7di*I), 




6 

\ 1*31 

6*7/> t ‘iy 

— Md a *D e 

6378 

15674 

2 

i 

6*7/.„*P 1 - 

— 6.7 d ,i*D, 





\ 0*75 




10 

J 

Wj*.W 

— 6*7d,,»!), 




1 

} 0*76 

6*7/) 

— 6*7d ,i»l), 

6239 

16024 


10 


6.7/) „*P,» 

— 6.7d ,,*I), 

V5 


| 2*69 




7 

\ 0*77 

6.7/,,,‘P,* 

— 6.7 d ,i*D, 




1 

J 

Mf.l'P.' 

— 6.7 d ,i*D, 

6181 

16176 


1 

} 

6.7/, „*P,* 

~6.7d,i*D, 

12 


Y 3*41 




10 

J 


— 6*7d,i*I), 







— #»7d ,i»l). 




3 

\ 

6*7. l4 »S, 

- 6.7/, ,i*iy 

6949 

16804 

20 

10 

6.7. ,j*S, 

- 6.7/, ,i*P,® 





y 149 




7 

/ 

6.7. ,*8, 

— 6.7/, ,j*P ,* 




10 

\ 1-28 
\ 3-68 

6*7* ,|*8, 

— ®*7|» ,i*P,* 

6828 

17188 

8 

3 

0*7. „*8, 

— 0»7j»i‘P,* 




3 

V 1-27 

0.7* i*S, 

-6.7/,,i‘P,* 




7 

6.7. j»S, • 

- 6»7j»i l P,* 
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Aapp. 

V app, 

1 (total). 

I(rei). 

rfV cm."*. 

Clarification. 




1 

} 0-56 


5774 

17316 

5 

10 

X 3*41 

(S>lp a'P," — 8*7i ,j‘D, 




6 

J 

Wpf Pj 0 — 

5643 

l 17716 

2 

10 

l 2-73 


5642 

/ 


7 

/ 


5646 

i 17725 

2 

10 

i 2-31 

6p%^D,~m/ ti ‘F,o 

5639 

/ 


10 

J 

flp* 

6460 

18208 

8 

Single 

— 

6*7. j*S s —1,» 




10 

\ 2*21 

0*7p , t ‘P,« — 6i7d ,j*D, 


18351 

1 

2 

i 

0s7p li *P l t ~Md t *D l 

5447 

4 


V 1*80 




2 

\ 2*22 

Mp /P/ — Md 




6 


fylp * # P t * — 6s7d fDi 




1 

\ 0-79 


6410 

18477 

8 

1 

10 

X 3*24 

Mp 




7 

/ 

6s7p ^P,* — 8»7<f ,j»D, 

| 



10 

1 

8.7p*‘P,» — Md xi * D, 

6384 I 

1 

18566 

5 

6 

> 2*21 

6.7p j*P 4 ° — 6.7<i j'D, 

1 

5183 



10 

1 

8*6d a |*D, —e.S/.j'F.o 

19290 

8 

10 

V 4*01 


.,<WW lt *D, — ®*8/ »j*F»* 

5152 



1 

1 . 

fluOd.^D, — 6*6/ 

19404 

20 


V 3*32 




10 

J 

j Mid a i*D t -M/X' 




1 

\ 1*45 

(WW,»‘D, — 6.6/,j>P,* 

6143 


3 

10 

X 1*88 

fl.ai rt *D, — WW P »* 

19436 

6 



\ 148 

<WW rt *D, — 8*6/„‘F,» 

* 



2 


MdtfDt ~«rf/,» l F,» 

5076 | 

! 

19685 | 

20 

10 

i 1-23 

0*64 ,»*D, — «*Vi)*F t * 

i ■! 



, 9 

J 

0*04 U *D, — 6.6/ U »F,« 

I 

I 

t 

10 

/ 0*56 


6083 

19786 

6 ! 

0 

| 1*94 

<U6tf a *D 1 — 6.6/ ,j*F,* 


v-- 


1 

/ 0<66 

(<M li l D l — W»/u*F,* 



* 

8 


6^ lt *D, —Wfti' F,» 
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Table II—(continued). 



Classification. 


4940 


4770 


4765 


4737 


4307 


4274 


3955 


3901 


3887 


2007U 


20212 


20955 


20980 


21104 


23212 


23380 


25273 


25623 


25718 


10 


20 


10 

7 

10 

0 

5 

10 

8 
3 
9 

10 

5 

10 

5 

10 

2 

5 

10 

2 

10 

7 

1 

1 

10 


5*09 


} 


1 *31 


2-93 


} 


3 45 


md t fi\ ■ 

* 

t *D, - 

- 

6*7* * 

6*7* j|*S| 
6*7* * 

6*>d a| *D 2 * 

em S ^D, - 

64d - 

6*6 d ,j*S l - 

md i 8 8, - 

6*64 n’D, - 

fl* 6 d j$VD g - 

md t fD 9 - 

6*7p t qy - 

/6s7p^TV- 

\0«7p l4 l P,° - 

*fp rt «P.«- 

si ’P g °- 

0*7,. ^P.*- 

Mp ,»P,® - 

0*WP, # - 
WJ.W- 
6*7P.4 , P.°- 
8«7P»J , P. # - 

8»7P ri , P.“ - 

«*7p rt »P,»- 

6*7y,j«P.*- 


{ 


- 8 «Vri , F.* 

-<fc6/„‘F,» 

-6.5/ ri >F,» 

-<Wi/ tl *F,» 

- 0*5/ jj’F, 0 
“ 8*6/ ,t*F,“ 

- n3.« 

- ,»V 
-1|3»* 
-e»5/ rt *F,* 

- 8*6/ jj*F,* 

- 6»M , 4 s F s ° 

-V 

-0*fi/„>F,<* 

-&.6/ 9 j>F,« 

-forSrf.j 1 !), 

-OaM^D, 1 

- 6 * 8 d , t >D, / 

- (iMto j‘8, 

- 6*9* 1 j’ 8 1 

- Orite j|* 8 | 

- «*8d ,1'D, 

- 6 * 8 d h’D* 

- ,i*D, 

- 6 sSd , 4 *D, 

- G*8i ,j*D, 

- md „*D, 

- md ,/D, 
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Aapp. 


V app. 


I (total). 


I(rel.). 


dV cm.’ 1 . 


Classification. 


3869 


3852 


3843 


3837 


3794 


3619 


3567 


3560 


3540 


3381 


25838 


25954 


26016 


26054 


26349 


27621 


28026 


28077 


28241 


29565 


29673 


12 


3 

10 

10 

3 

10 

7 

10 

5 

7 

10 

Single 

Diffuse 

10 

2 

2 

5 

3 

10 

7 

10 

6 
7 

4 
4 

10 

0 

10 



2*63 


4*05 


4-50 



} 


2-25 



3'38 


0*7 p - 

6*7p fiy - 

6*7/) ,,‘P," - 

6*7/>- 

6 * 6 d 3 4 *D 3 “ 

6*0d ai 3 D 3 - 

f Mp *4*IV * 
\6*7/) l4 *P,« 

6*7/) j 8 P,° • 

6*7/) ,»P 0 » 

6*7/> j*P 0 ° 

0 * 6 <i,|*I>, - 

0«0<i,,*D, 

md 8i ‘D, 

o*6)/ j j*r) a 

Mr i? p.° 

0*7p»j*P 1 »- 
6*7p i*P,“ 
6*7/> t s P,« 
6*7p X | , P 1 » 
6*7/) ,j*P i° 
0*7p j*P,» 
6*7/) j»P„» 
6*7/),*P»» 
6*6/aj'P,° 
0*6/),,*^* 
O*0p 

6«6p„‘P 1 » 

6*6<i sl *D, 


/ 6 * 6 i .j'D, 


6*9* j*S, 

6*9* j*Sj 
6*9* 

0*9* ,j s Sj 
*»V 
.»V 
0*8rZ 

0*8 d j^Dj 

- 0*8<2 ,| l D # 

- 6*9* 

- 6*9* u 8 S l 

-,*V 1 

- 3 *V J 

-.»»»• \ 

- V J 

- 0*8<Z j4*D a 

- 6*8<1 | 3 D a 

- 6 * 8 i 

- fi*8rf 4»D l 

- 0 * 8 d u *D g 

- 6 * 8 d 

- 6 * 8 dl ^* 1 ), 

- 6 * 8 d 1 |*D J 

- md fDt 
~ 6*7* 4 a Sj 

- 6*7* 

- 6*7* 1 *»S i 

- 6*7* 

- 6 * 6 / ii*F 4 * 

-0*0/ 4 ,*P«« \ 

- 6*0/ j|*F 4 ® J 

o 2 
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Table II—(continued). 


A app. 

V app. 

I (total). 

l (rul.). 

dV 

Classification. 




10 


md ,j*d. 

— 6*6/ 

3365 

29708 

2 

10 

V 5-69 

0*64 

— 6*6/ ,j*F, # 






ro*erf „*D, 

- 6*66 ,,‘F.O 

3364 

29717 

2 

Piffuse 

""""" 

tww .»* D » 

— 6*6/ 




10 


0*64 , t *D, 

~6*6/„»F,» 

3322 

30093 

1 

6 

l 3*13 

0*64 

~6*6/ l4 *F,* 




10 


6*04 ,j*», 

_6*0/„»F,« 

3321 

30103 

4 

8 

V 2*76 

0*64 l4 M>, 

~0*6/,j»F,» 




7 



~8*6/,j«F,« 

3320 

30112 

3 

10 

V 2*43 

6*64 

-6*6/„'F,« 




10 

\ 0*45 

0*64 ,/D, 

-6*6/,j*K s " 

3291 

30376 

4 

5 

\ 2*13 

6*64 t'Di 

-6*6/ 1 /F,o 




1 


6*04 

— 6*6/ ,j*F ,* 




10 

1 

6*64 ,,*D, 

-fl*6/,j*F,« 

3186 

31374 

3 

7 

** 

0*64 ij*D, 

-6*0/,j«F,« 




8 


6*64 ,j*D, 

~e*6/ t j‘F/ 

3185 

31382 

3 

10 

V 2* 13 

6*64 ,j l D, 

-e*6/,j>F,» 




8 

1 

6*6j> ,‘Pj* 

— «*7*,>S 0 

3091 

32336 

i 

18 

10 

V 1-02 

®*®P il'F i* 

— 6*7* ,*8, 




8 

\ 1*02 

6*flp 4 l P,» 

— 6*64 jj'D, 

2530 

39SOO 

16 

3 

\ 0*81 

MPrt'Pi' 

—- 6s6cf 




10 

/ 

6-Op.W 

— 6*64 




2 

) 1-01 

6*6p j«P t » 

— md 

2469 

40488 


10 

J 

6*0 p ji'P," 

— 6^j**Di 

7 


V 1-21 




6 

} 0*99 

Mp j'P, 0 

— 6*6<i**D t 




2 



— mdfD x 

2451 

40772 


6 

1 

6*6p j‘Pi» 

~6#6<* l4 *:D a 

10 


V 1 *57 




10 

fl*6p t j‘Pi» 

— 6*6d l *»D t 




8 

\ 1-76 
\ 3*21 


— 6*7* **S* 

2298 

43600 

25 

10 

«*?.»**»• 

— 6s7s 4 /Sj 









4 

J 

6*ep,j*p.» 

— 6s7s ji^Si 


4340, 6*7 p ‘Pi" — 6«9« *8,, partly mu Iced by H*. 
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Hyperfine Structure of Tl IL 

intensities of the lines classified by McLennan, McLay and Crawford are the 
values assigned in their classification. The total intensities of the lines classified 
by Smith are new values, estimated visually from our plates to conform with 
the scale of 25 used by McLennan, McLay and Crawford. In column four are 
listed, for each hyperfine multiplet, the intensities of the components, estimated 
visually relative to the strongest component, which is arbitrarily represented 
by the value 10; in column five, the values of the separation in cm.” 1 , between 
the hyperfine structure components arranged in order of decreasing wave¬ 
length. In general, each separation is the mean of several values, each obtained 
from a different spectrogram and weighted according to the definitions and 
order of the spectrum. Finally, in column six, is recorded the complete 
quantum description of each hyperfine structure component. In this quantum 
description each term is designated according to the nomenclature suggested 
by Russell, Shenstone and Turner.* Each sublevel arising from the hyper¬ 
fine splitting of a term is designated by affixing its F value, as a subscript, 
to the lower left-hand corner of the term symbol. 

From this investigation of the spectrum of Tl II, a quantum description of 
nearly all the predicted hyperfine structure components of the transitions of 
appreciable intensity in the spectral region XX 7100 2400 A.U., was deduced. 
The observed hyperfine structure was consistently interpreted by attributing 
the same moment of momentum, I = to all the nuclei, t.e M gave no evidence 
of the existence of isotopes, suggested by Schiiler and Brack,! although the 
intense symmetrical patterns with large separations were admirably suited for 
detecting additional isotope components. The interpretation substantiated 
the term classification; confirmed the qualitative features of the theory, 
the vector addition of I and J, the selection rule, and the intensity rule ; and 
yielded values of the hyperfine structure intervals amenable to quantitative 
comparison with theory. 

The comparison of the numerical results with theory will be submitted in a 
subsequent paper. 

In conclusion, the authors wish to thank Dr. A. B. McLay for his helpful 
advice throughout the investigation. 


* * Phys. Rev.,’ vol. 33, p. 900 (1929). 
t • Z. Physik,’ vol. 68, p. 736 (1929). 
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The Emission of Electrons under the Influence of Chemical Action . 

By A. K. Dknisoff, Rockefeller Foundation Fellow, University of London, 
King’s College, and 0. W. Richardson, F.R.S., Yarrow Research 
Professor of the Royal Society. 

(Received April 22, 1931.) 

§ 1 . Introduction* 

The present investigation is a continuation of the researches on the emission 
of electrons under the influence of chemical action listed in the footnote.* 
In the remainder of this paper these publications will be referred to by the 
numbers assigned to them in this list. All the experiments to be described 
were made with a liquid alloy of the composition NaK a , which has the lowest 
molting point of all the alloys of sodium and potassium, under the action of 
phosgene gas (C0C1 2 ). 

At the beginning the pre-existing situation was carefully reviewed. It was 
felt that the most important point was to determine the energy distribution 
of the emitted electrons at pressures of COCl a less than 10~ 4 mm. with as much 
accuracy and down to as low pressures as possible. In (6) it had only been 
found possible to make rough estimates of this energy distribution owing to 
troublesome variations in the contact potential difference between the electrodes 
• which it was impossible to control. Another unsatisfactory feature of (6) 
was the " clean-up ” effect of the alloy on the reacting gas. This made the 
real values of the pressures very uncertain, particularly at the lower pressures, 
so much so that the values were only given in the paper as upper limits. 

As a result we decided to redesign and reconstruct the whole apparatus in 
order to secure that the following conditions were satisfied :— 

(1) Constancy of pressure of phosgene in the reaction chamber over the 
pressure rangef 1(T 6 to 10“ 2 mm. 

* (1) 0. W. Richardson, “ The Emission of Electricity from Hot Bodies,” 1st cd., 
p, 293, London (1916). 

(2) O. W. Richardson, u The Emission of Electricity . . . 2nd ed., p. 310 (1922). 

(3) O. W. Richardson, ‘Phil, Trans,,’ A, vol, 222, p. 1 (1921). 

(4) M. Brothorton, ‘ Proc, Roy. Soc., A, vol. 106, p. 468 (1924). 

(6) 0. W. Richardson and M. Brotherton, * Proc. Roy, Soc.,' A, vol, 116, p. 20 (1927). 

(6) 0. W, Richardson and L, G, Grlmmett, * Proc. Roy. Soc.,’ A, vol. 130, p. 217 
(1930). 

t These lower limits were subsequently extended to 2 X 19 ~ 7 mm. (§ 10). 
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(2) The possibility of measuring pressures of C0C1 2 in the reacting chamber 
within the limits* of 5 X 10"° to 10~ a mm. 

(3) Uniform feeding of the liquid alloy into the reacting chamber. 

(4) The possibility of heating the outer electrode. It was hoped in this way 
to prevent the condensation of alkali metal atoms on it with subsequent 
salt formation which was believed to be the cause of the troublesome 
hysteresis effects. 

(5) Absence of any pressure fail between the manometer and the reaction 
chamber. 

The new apparatus is described at some length as we believe the changes 
which have been introduced are important. 

§ 2. Method of obtaining the Constant Pressure of COCl a and the Method oj 

Pressure Measurement . 

A wide vessel, in which a chemical reaction is observed, is connected to a 
large Bphere. The connection is made direct without an intermediate tube, 
therefore there is practically no pressure difference between the reacting 
chamber and the sphere. 

To this sphere, a Pirani gauge of sufficiently large diameter is connected. 
Through such a system is passed, per unit time, a quantity of gas, several 
times larger than that used per unit time in the chemical reaction. The gas 
is then pumped out from the lower part of the reacting chamber. In view of 
the very small resistance in the tubes connecting the reaction chamber and 
Pirani gauge with the reservoir, the pressure in such a system should be the 
same throughout and independent (practically) of the flow of alloy. 

The general scheme of the vacuum system is shown in fig. 1. The part of 
it where the chemical reaction is observed, is shown in fig. 2. 

The pumping out of phosgene gas from the reacting chamber was made by 
means of a liquid air trap. This gave a constant powerful removal of COCl a , 
at the same time protecting the pumps and other parts of the system from the 
action of phosgene, and also protecting the whole system from the gas action 
during the suspension of the experiment at night. 

The residual gases and the gaseous products of the reaction were pumped out 
by means of a two-stage oil condensation pump (Metropolitan-Vickers Electric 
Co., Ltd.) running on “ Apiezon B ’'oil (saturation pressure less than 1CT* mm.f) 

* Those lower limits were subsequently extended to 2 x 10~ 7 mm. (§ 10). 
t Cf. Burch, ‘ Proc. Boy. Boo.,’ A, vol. 123, p. 271 (1920). 
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which gave a vacuum up to 2 x 10~® mm. Hg. Its speed was about 2 litres 
per second. The backing pump to it was a Cenco “ Hyvac ” oil pump giving 



Fig. 1 .— Plan of Vacuum System. 


1, High vacuum pump. 2, Backing pump. 3, Supply of pure N a . 4, Liquid air trap. 

5, Reacting chamber. 0, Supply of C0Cl a , low pressure. 7, Pirani gauge. 

8, Capillary tube. 9, Supply of C0C1 8 , high pressure. 10, Liquid C0Cl a . 

a vacuum of 10“ 8 mm. All taps and ground joints were greased with “Apiezon 
L ” grease, the vapour pressure of which is less than 10~ 7 mm.* The speed of 
the vacuum system in the neighbourhood of the reacting chamber was of the 
order of £ litre per second. All parts of the system before setting up were 
washed in the following order: benzene, caustic soda, boiling water, nitric 
acid, boiling water again, distilled water and absolute alcohol. All parts of 
the system could not be heated to a high temperature, so that, to remove 
water vapour from the glass, the following method was adopted. The highest 
possible vacuum (2 X 10~ 6 mm.) with the aid of the liquid air trap was obtained 
by continuous pumping out during a number of days. Then, liquid air was 
slowly removed from the trap and the latter was heated, the pump being in 
continuous operation all this time. This process was repeated a number of 
times. For rinsing out the system, a vessel containing pure N a was specially 
connected with it. After such treatment of the system no increase of pressure 
during 15 minutes, on disconnecting the pump, was observed (this determina- 


* Loe . c& 
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tion of pressure being to an accuracy of 1 X 10"® mm. Hg). The trap was 
submerged throughout in liquid air. 



Of the quantity Q of gas entering the system per unit time, Q 8 is used in 
chemical reaction at the drop of alloy, Q a at the opening of the funnel (see fig. 
2) and the greatest portion Q x is removed by liquid air. If the diameter of 
the drop D m »*. = 0-3 cm., the surface 8 malt . = 0-28 cm. 8 , or on the average 
8 = 0*14 as tho surface of the drop varies from 8 = 0 to S = 0-28 cm. 8 . 
The weight of the gas striking unit area per unit time is 43*74 x 10~®. 
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p\/M/T gm. om,“ a . see*" 1 , whore M is the molecular weight; for COCI 2 , M — 9, 
T the absolute temperature, and p the pressure (in bars). When T = 293°, 

Qo — 2*55 X 10 ~ 6 X 0*14p gm. see ." 1 = 3*6 X 10~ 8 p gm. sec." 1 . 

The area of the funnel opening was equal to 0*07 cm. 2 , and consequently 
Q 3 -i* 8 x 10 ~ 6 pgm. sec." 1 . 

The reacting chamber was connected with the liquid air trap by means of a 
tube having a diameter D = 1*9 cm. and length L — 35 cm. The quantity 
of gas, Q x which flows through per second with difference of pressure P 2 ~~ Pj 
(in bars) is 

1 T> 3 

Qj = 4• 35 x 10-» x — - — t . ^ . (P 8 - *\) gm- we- -1 , 
at P 2 = p, and l? x = 0 , 

Q x = 5*6 X 10"° p gm. sec." 1 . 

Hence the total amount of gas used is equal to 

Q = Qi + Qi + Qa == l'l X 10 ~ 5 p gm. sec." 1 . 

To obtain the uniform flow of C0C1 2 and supply the system with this gas the 
following method was adopted. The tube containing liquid phosgene was 
submerged in a mixture of solid CO a and acetone. The pressure of COCl 2 
under the temperature of evaporating solid C0 2 was estimated approximately 
according to the formula 

Log 10 p mm. ~ — 0*05223 A/T + B, 

where A =; 24684, B = 7460 and T is the absolute temperature. The formula 
is true within the limits of —90* C. to + 26° C. At —78° C., p ~ 7 mm. 
The system of three different volumes (fig. 1) equal to 10 cm.®, 100 cm . 8 and 
1000 cm. 3 , enabled the large 10 -litre sphere to receive different pressures of 
phosgene. The large sphere was connected through the capillary to the 
reacting chamber and then through another tube to the pump. The use of 
solid C0 2 as a cooling agent made possible the determination of the pressure in 
the large sphere accurately without the use of a manometer. Moreover, the 
risk of great pressure of COCl 2 was thereby avoided, and in consequence the 
whole system was protected from the destructive action of the phosgene (e.g n 
on grease). The solid CO a had also another advantage over the method adopted 
in the previous researches, where for obtaining the necessary pressure of COCl # 
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a gradual heating of the vessel containing COCl 8 was brought about by varying 
the level of the liquid air in a Dewar vessel. At the temperature of —78° C. 
the pressure of H a 0 vapour is about 0*7 X 10~ 8 mm. Hg, which is negligible 
in comparison with 7 mm. vapour pressure of C0C1 2 . The vapour pressure 
of mercury is still less 4 X 10~ 6 mm. Thus in the stream of phosgene coming 
into the system H 2 0 vapour and vapour of mercury are practically excluded. 
After the completion of a series of experiments the tube containing C001 2 
was immersed in liquid air, and the trap in solid C0 2 . By these means it was 
possible to distil all the C()Cl a back into its primary source. 

The mass M of gas, in the large 10-litre sphere under the pressure P (bars) 
is determined by the formulae: 

M — 4*35 X 10” 6 . 10 . P = 4*35 X 10~ fi .Pgm. 

The maximum pressure H.C in the sphere which it was possible to obtain is 
Ptnux, — 7 mm. ~ 10 4 bars. The maximum pressure p which it was desired 
to obtain in the system was about 10~ a mm. or 10 bars. The ratio P/p was 
chosen of the order 5* 10*. It is more convenient to take a high ratio as then 
the fall of the pressure with time will be less noticeable. 

At P/p =* 5* 10 3 , the ratio M/Q is equal to 

M 4*35 x 10” 6 P . P on 1/Vt - i ort * i. 

—- = -—— . — sec. ^ 4 —sec. ~ 20*10 3 sec. ~ 5 hours 30 minutes, 

Q 1*1 X HT B p p 

or in other words, the pressure P will fall at the rate of 0*33 per cent, per 

minute. 

In order to pass the necessary quantity of gas into the system, a capillary 
was chosen having the diameter D = 0*08 mm. and length l = 20 cm. The 
quantity of gas to which flows through per second is equal to 

to = 2*9 x 10~ s (0*08)® P/20 « 7*4 X 10“ 10 P gm. seer 1 , 

which at p = 10~ a bars gives to = 0*4 X 10~ 7 gm. seer 1 . This is slightly less 
than the general consumption at this pressure Q = 1*1 X 10~ 7 gm. aocr 1 . 
The exact value of P/p is not known. If it were co and Q would be made 
equal. Under such lower pressures, an increase in the ratio of P/p may be 
expected in view of possible non-proportionality between P and p (see (6)), 
so it is better to choose to some what less than Q. 

The test of the system with COCl a confirmed all the preliminary calculations 
satisfactorily. The ratios between p and P are given in Table I. 
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Table I. 


Pressure p 
measured with 
Pirani gauge. 

Volume of 

CO01, at 

7 mm. pressure. 

Pressure P 
as 

calculated. 

Ratio P/p. 

app. 1 ’8 x 10'“ ram. 

cm. 3 

10 

7 x 10"* mm. 

4-0 X 10* 

1-7 x 10-“ „ 

no 

7-7 X 10-* „ 

4-5 x 10* 

:*-7 x io-“ „ 

215 

15'1 x 10"* „ 

41 X 10* 

5 0 X 10-“ „ 

315 

32-1 x 10"» „ 

4-4 x 10* 

10 0 X 10 -“ ,, 

615 

43 X 10-* „ 

4-3 x 10* 

27-0 X 10-“ „ 

1200 

92 x 10-* 

3-6 x 10* 

01 0 X io-“ „ 

3300 

310 x 10-* „ 

3-4 x 10* 






P is the pressure of phosgene in the large sphere. It was calculated approxi¬ 
mately from the volume of the gas entering the sphere at the pressure of 
COCl a corresponding to the temperature —78° C., i.e., about 7 mm. Within 
the limits of error, in the calculation of P, the data shown in the last column 
indicate sufficiently well that there is a proportionality between p and P. 
The diminution of the ratio of P/p under large pressures should be ascribed 
to the fact that on adding the large volume to the tube containing C0C1 3 
there was not given sufficient time for the pressure of COCl a vapour in the whole 
volume of the gas to have reached saturation. This fact was observed in 
many cases. The observation of the pressure fall has shown that under such 
a high pressure, as p = I0“ 3 mm. Hg the fall of pressure was l per cent, per 
minute. In the case where a constant pressure was required, say within an 
accuracy of 5 per cent., during a very long period of time, to obtain that 
regularly the pressure was increased by 5 per cent, every 10 minutes by admitting 
fresh gas to the large bulb. By means of the system of different volumes it was 
possible to do that quite easily. By the use of the same system of different 
volumes it was possible to estimate the pressure p down to'l(TM0“ 7 mm., 
which cannot be measured by means of the Pirani gauge. The observations of 
pressure p of phosgene, under the different conditions of flow of alloy drops, 
have shown that the pressure p remains constant, within the limits of experi¬ 
mental error (2 x 10~ 6 mm.). 

§ 3. Method of obtaining Uniform Flow of Drops and Method of Measuring 

Electron Emission . 

Fig. 2 shows the apparatus used for obtaining the drop flow. Alloy, which 
is free from gas and absolutely clean, drops into a tube terminating in a nozzle. 
Drops falling from the latter, serve for the observation of the reaction. The 
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vessel into which the alloy at first enters is connected to the main tube of 
the system immediately behind the liquid air trap (fig. I). This system of 
obtaining the flow of alloy drops instead of supplying a driving pressure to 
force the alloy flow (see e.g , (6) ) was adopted for the following reasons :— 

1. The cleaning and changing of the nozzle is made without removing the 

alloy from the vessel containing it, 

2 . The liberation of gas during the formation of drops in the reaction chamber 

is rendered absolutely impossible. This precaution is most necessary 

in all cases where the reaction is observed under such low pressures as 

10” 6 mm. 

3. Uniform change of the rate of the alloy flow by means of alteration in 

height of alloy column in the tube. 

4. The possibility of pumping out the nozzle well and rinsing out with 

pure N 2 . 

5. With such an arrangement the grease in the large joint in the upper 

portion of the reacting chamber is protected from the action of COCl a . 

With this arrangement the possibility of gaseous products of reaction in 
the neighbourhood of the alloy drop is excluded. 

Previously, by moans of special apparatus, the alloy was freed from gas. 
During the period of 15 hours it was heated in an electric oven, at the tempera¬ 
ture of 80 to 90° C. and at 3 X 10 " 6 mm. pressure. The quantity of gas given 
up by the alloy was negligible. At a temperature of 90° C., a small distillation 
of alloy began to take place, which on reaching 100° C. became of quite 
considerable magnitude. In all cases, where it was necessary to introduce 
atmospheric pressure into the vacuum system, as for instance when placing 
the vessel containing alloy free from gas in the proper place, it was done by 
passing nitrogen through the liquid air trap. On passing the alloy drops, 
even in the highest vacuum, 2 X 10~ 6 mm., no increase in pressure was observed 
when these precautions were taken. 

From the observations on the flow of alloy drops under different pressures 
and from the measurements of electron current it was ascertained that very 
constant results in measuring the electron current can be obtained if the follow¬ 
ing method of measurement is adopted. 

The time of drop is taken of the order of some minutes and the electron 
current measured during a shorter period of time in some intermediate stage 
of formation of the alloy drop, say in the interval from 1 minute to 1 minute 
30 seconds. The diameter of the nozzle opening, in a particular experiment, 
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was about 0*04 mm. It was possible to ohango the drop time from 2 minutes 
30 seconds to 5 minutes. In the interval of time between 1 minute and 2 
minutes the drop was approximately 3 to 4 mm. in diameter. Then the 
diameter increased to about 5 mm. and the drop assumed a pear-like form. 

Under low pressures of C0Cl a , up to 3 X 10*~ 6 mm., the drop time was con¬ 
stant within 1 per cent, to 2 per cent, accuracy. Then, under the pressure where 
the greatest electron emission is observed (§7), the drop time sharply increases 
by approximately 10 per cent., and on a further increase of pressure, remains 
approximately constant. In the region of pressures higher than 3 X 10~ 5 mm. 
sometimes, though infrequently, very slow drops were observed, lasting about 
7 minutes to 8 minutes. The reason for this is not quite clear. The observa¬ 
tions of electron currents have shown that the (total) time of the drop can 
vary very considerably, but the average electron current remains constant 
within 2 to 3 per cent. This shows that, under constant pressure, the rate 
of formation and magnitude of drops remain constant, in any case during the 
primary stage of drop formation, notwithstanding variation in time of the 
drop. 

The fact that electron saturation current remains practically unvaried, even 
for very alow drops, and the comparatively high constancy in time of the drop 
under different pressures of C0C1 2 from 5 X 10~ 6 mm. to 2 X 10“ 3 mm. show 
that the rate of formation and magnitude of the drop, during the primary stage 
of drop formation vary very little, and may not vary at all, with variation in 
the COCl 9 pressure. It is very improbable that the magnitude or shape of 
the drop varied to any great extent, whilst the time of the drop remained 
constant. On viewing the drops with the naked eye, we did not notice any 
appreciable change in their magnitude; up to a pressure of 2 X 10~ 3 mm. 
the drops appearing were absolutely clean, and the only variation, if there 
was any, was in the glitter of their surface. 

In Table II, column 3, are given the values dv of the difference of potential 
in millivolts between the electrometer quadrants, during the time of exposure 
dt , under different pressures and times of drop, The values dv are proportional 
to the saturation current. The method of measuring electron current described 
above was the one normally adopted, but some experiments were carried out 
also during which the measurement of electron current was made from the 
moment of drop formation fj = 0 to the moment t 2 = 60 seconds. 
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Table II. 


Pressure COClj 
p mm. 

Time of drop 

T. 

dv milli-volts 
at dt ** 30". 

Capacity 

0/if.d. 

app. 0*8 x 10 m * 

/ // 

4 20 

i 

313 ± 2 

0*021 

app, 1*8 X 10”* 

4 20 

463 ±3 

0*041 

2*7 x 10-* 

4 20 

192 ± 2 

0*201 

7-2 X 10"* 

4 13 

290 i: 4 

0*300 

2 0 x 10-° 

j 4 20 

345 ± 2 

0*000 

3-7 x 10”* 

1 4 35 

276 

0*600 

3-7 x 10- 11 

app. 6 O 

270 

0*600 

5 0 x 10- 5 

5 15 

262 ±G 

0*500 

10*0 X 10'* 

4 45 

332 

0*300 

10*0 X 10”* 

5 0 

325 

0*300 

10*0 X 10'* 

4 55 

33 i 

0*300 

22*5 X 10'* 

5 12 

360 

0*201 

2 2 5 X 10- 6 

4 50 

368 

0*201 

22*5 x 10'* 

4 55 

362 

0*201 

54*0 X 10~® 

4 50 

218 

0*201 

64*0 X 10-* 

5 0 

218 

0*201 

64*0 X 10”* 

app. 7 O 

219 

0*201 

89*5 X 10-* 

5 3 

297 

0*100 

89*5 x 10~ 6 

4 55 

290 

0*100 

89*5 X 10”* j 

6 6 

289 

0*100 

158*0 x 10'* 

4 45 

224 

0*100 

158*0 x 10”* 

4 55 

224 

0*100 


§ 4. The Pirani Gauge and its Calibration. Principle, of the Method. 

The resistance of the pure platinum wire of the Pirani gauge is used to 
determine the phosgene pressure. At the first stage the Pirani gauge is cali¬ 
brated in pure N a by comparison with a McLeod gauge separated from the 
Pirani gauge by a liquid air trap. The calibration curve obtained with N a 
then serves to determine the phosgene pressure. This assumption, of course, 
introduces a certain error in the determination of the absolute pressures of 
COClg, but this error can be considered to be small for the following reason. 
The calibration curves obtained by N. R. Campbell (‘ Proc. Phys. Soc.,’ vol. 
28, p. 287 (1926)) for air, CO and CO, coincided with one another, within the 
limits of experimental error. Hence it is possible to expect that the calibration 
curve for C0C1 # will not differ very much from that for N a as there are no special 
reasons to assume that the heat conductivity of C0C1 9 , under very low pres¬ 
sures, should differ very much from the heat conductivity of CO and CO a . 
After the calibration, the McLeod gauge was sealed off from the system. 

The construction of the Pirani gauge was founded on the data of C. F. Hale 
(‘ Trans. Amer. Electrochem. Soc.,’ vol. 20, p. 243 (1911)). A diagrammatical 
view of the gauge is shown in fig. 2. The pure platinum wire has a length of 
about 600 mm. and a diameter of 0*035 mm. It is fixed to the glass stem by 
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means of tiny glass balls welded to it, and by means of tiny platino-mdium 
springs; the leading-in wires were arc welded to the manometer wire. To 
measure the resistance of the Pirani gauge a Wheatstone bridge was used. 
Into the opposite branch of the bridge an exact duplicate was introduced which 
had previously been thoroughly exhausted and sealed off. Both were placed 
in wide Dewar vessels containing melting ice. The temperatures of the mano¬ 
meter wire and of the compensator were maintained at 125° C. To do this, 
a current of 0*012 amps, was allowed to pass through the main circuit of the 
bridge. In order to remove gases (mainly H a O) from glass and metal, the 
Pirani gauge was baked out in a special electric oven, during 8 hours at 400° C., 
and under continuous action of the pump. The results of the Pirani gauge 
calibration with pure N a arc shown in Table III, 

If R m is the resistance of the gauge (89 • 10 Q at 125° C.), R 0 the compensator 
resistance, Rj the variable resistance of the decade plug-box in the branch of 
the bridge adjacent to R m , and R a is a constant resistance (1000 O) in the 
branch adjacent to R c , then 

= -R,. 

XV>2 

In this way a curve was obtained giving the relation between the relative 
change in R x , dR v and the pressure p (millimetres) in the system. The 
resistance R x at the highest vacuum (2 x 10“ # mm.) varied with the manner 
in whioh ioe was placed around the Pirani gauge and compensator (and also, 
possibly, with mechanical shocks). During different days the values of R x 
differed from each other up to 1 per cent. Using melting ice and t.lHng oare 
to avoid violent shocks of the manometer and compensator, the value of R x 
during 8 hours, in most cases, remained constant within the limits of 0-01 per 
cent. (The variation of R x by 0-01 per cent., or dR x = 0-1 Q corresponds 
to a pressure variation of 5 x 10 -# mm.). Generally, to obtain constant 
temperature conditions of the Pirani gauge, an interval of 1J hours after pWmg 
it in ioe was required. Such great constancy in the magnitude of R x was 
obtained only by the use of the bridge scheme, employing two gauges inserted 
into opposite branches of the circuit. The variation of current in the bridge 
even by 10 per cent, hardly affected the bridge equilibrium. Table III shows 
the results obtained from one of the experiments. From this we can see the 
constancy in value of R x during the period of the whole experiment. 

The sensitivity of the manometer is defined as: 


_ 

dp Rj 
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Pressure p 
measured with 
McLeod gauge. 


Resistance 

R,. 


Variation 

dR v 


Sensitivity S 
per 

1 x 10”® mm. Hg. 


} 


2 X IO -4 mm. 

ohms?, 

908*8 

4-ox io- 4 

828*5 

3-2 X 10- 4 

903*5 

2 X IO" 4 

908*8 

1-7 X 10- 4 

905*7 

2 0 x 10“’ 

865*5 

2 x 10“ 

908*8 

3-3 X 10~* 

903*0 

8-5 X 10~ 4 

907*4 

3 -35 X 10-" 

838*7 

9-66 X 10 * 

758*5 

MX IO" 4 

892*6 

2-0 X 10“ 

908*8 

1-95 X 10 s 

867-3 

1-7 X 10-* 

906*7 

2 X IO" 4 

908 8 

113 x 10~ 4 

745*5 

5-1 X IO' 4 

809 2 

1 -2 X IO" 4 

884*0 

2 X 10- 4 

008*9 


ohms. 

80-3 
5-3 


210 x 10~ 4 
1 -90 X io-* 


3 1 2 00 x 10- 4 

43-3 2-3ft x M>" 4 


5-8 
1-4 
70-1 
150-3 
16-2 


1-93 x 10- 4 

1- 90 x IO" 4 

2- 30 X IO -4 
1-73 X IO' 4 
2 00 X 10“ 4 


415 
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2 -30 X IO - 4 
2-00 X IO" 4 


103-4 

99-7 

24-9 


1- 60 x IO" 4 

2- lfl X 10“ 4 
2-27 X IO' 4 


Although for some unknown reason very small variations of R, occurred 
from time to time the sensitivity of the Pirani gauge remained independent of 
Rj within the limits of experimental error. It varied, however, with the pres¬ 
sure. It has been found also that S lowers in value (about 15 per cent.) if 
the ice from the Pirani gauge has been completely removed. 

As will be seen from Table III the sensitivity of the Pirani gauge diminishes 
towards both low and high pressures. The average sensitivity in the region 
of low pressures was equal to S» ver . — 2-1 X 10" 4 per 1 x 10 * mm. pressure. 

At the commencement of measurement of gas pressures, it was necessary to 
be sure that the maximum value R 1 in reality corresponded to the vacuum in 
the system equal to 2 x 10~* mm. (the pump limit). Before sealing off the 
McLeod gauge it was quite easy to verify this. After sealing off, the following 
method was adopted. When R x remained constant during, say, a period of 
1 hour the pump was turned off for 10 to 15 minutes, and the pressure variation 
was observed. If the pressure remained constant within the limits 2 X IO - * 
mm. this was a sufficient indication that the pressure of the system was 
actually of the order of 10"« mm. If, on the other hand, a slight pressure 
increase took place, then pumping out was continued until oonstant pressure 
was reached on turning off the pump. To determine the accuracy of the 
VOL. oxxxii.— a . D 
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absolute measurements of phosgene pressures, a test was made to find how 
constant were the surface conditions of the platinum wire in the Pirani gauge 
(in respect to heat conductivity) when measuring different phosgene pressures. 
Experimental data, given below, show that the surface conditions of the 
platinum wire remain constant, both during one experiment and during the 
whole series of experiments. 

Table IV. 


Date. 

Remarks. 

Resistance 

R,. 

Pressure 

COC1,. 

16,12.30 

Vacuum. 

Flow of COClg during 1 hour . 

Id minutes after shutting off the gas .... 
Flow of COClg (again) . 

ohms. 

900*5 ± 0 03 

908- 5 ±0-1 

909- 5 ± 0 03 
908-5 ±0-1 

pmm* 

0 

5*8 x 10-* 

0 

5-8 X 10“* 

16.12.30 

Vacuum .. 

How of COClg during 30 minutes . 

15 minutes after shutting off the gas .... 

912-9 ± 0-03 

911- 2 ±0-1 

912- 9 ± 0-03 

0 

1-00 x 10" 4 

0 

16.12,30 

Vacuum . 

Flow of CUC1* during 30 minutes . 

15 minutes after shutting off the gas .... 

912*9 ±0*03 
896-0 ±0-1 
912-9 ±0-03 

0 

8-95 X 10' 4 

0 

18.12.30 

Vacuum . 

Flow of COCl 4 during 30 minutes . 

15 minutes after shutting off the gas .... 

912-9 ±0-03 
880-0 ±0*1 
912-7 ±0-03 

0 

1-58 X 10-* 

0 

19.12.30 

Voouum . 

Flow of COClg during 30 minutes . 

15 minutes after shutting off the gas .... 

912'5 ±0 03 
903-5 ±01 
912-47 ±0-03 

0 

6 *15 X 10- 4 

0 


It was possible to measure the* resistance R lt with the instruments used, 
with an accuracy up to 0-1 Cl. Moreover, the test has shown that R r varies 
during one experiment within the limits of 0-1 Cl. Thus the msTimnm 
error of absolute measurement in C0Cl a pressures by means of the above- 
mentioned type of Pirani gauge is determined by 5 x 10 -# mm. Hg, which 
corresponds to the variation dRj = 0-1 Cl. For deter mining the current 
through the bridge a galvanometer was used, one division on the scale of which 
corresponded to 1 div. = 0-31 Q = 1-8 x 10 -5 mm. Hg in the range of 
low pressures. It was possible clearly to read off 0 • 1 of a division, and in this 
manner to estimate the pressure variation, say up to 1 x 10 ~® mm. 

It is neoesBary at thiB stage once more to notice that in estimating the 
accuracy of absolute phosgene pressure measurements, the question remains 
open—to what extent the conductivity of COClg under very low pressures, 
differs from the conductivity of the gases CO, CO, and air. 
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§ 5. The Setting-up of the Electrometer Circuit. 

Electric currents were measured by means of a quadrant electrometer, using 
Townsend’s method, as in (4). For insulation of the whole electrometric 
circuit fused transparent quartz was used. For electrometer, condenser and 
special switch, special air-tight wooden boxes were made which were covered 
inside with lead-foil and contained CaCl 2 to protect from moisture. The 
Quartz Dolezalek Electrometer had a sensitivity of about 1000 mm. per volt. 
The mica condenser had a series of capacities from 0*001pfd. to ljxfd., the 
total capacity of the system being approximately 22 X 10*"V fd. The charge 
leakage without additional capacity was about £ per cent, per minute. The 
lowest capacity used during measurements was equal to 0*010fifd. Thus, 
even with such a capacity the charge loss was practically zero. 

§ 6. Contact Potential Difference. 

In all previous researches on electron emission with Na and K alloys under 
the phosgene action, a great inconstancy in contact potential difference 
between the electrode receiving electrons and the alloy drops has been observed. 
It has been established (5) that the site of this effect is at the surface of the 
outer electrode. 

The data of previous researches gave reasons to suppose the existence of 
alloy molecules on the cylinder surface. This could happen as a result either 
of splashing the electrode by the alloy or of condensing individual molecules 
of the alloy on the cylinder surface. In the present investigation we used 
a cylindrical electrode of pure platinum, without seam, inner diameter 2 cm. 
and height 42 mm. It was contained inside another quartz cylinder having 
walls of about 1 mm. thickness. By means of platinum wire wound round the 
quartz cylinder, the whole electrode could be heated to 100-200° C. It is 
necessary to note that a determination of the cylinder temperature has not 
been made, it was only possible to estimate the temperature of the heated 
wire by its resistance variation. It is assumed that in most experiments the 
cylinder temperature was between 100° and 200°, but it might have been even 
higher. 

Before placing the electrode in the reacting chamber, it was washed con¬ 
secutively with strong nitric acid, hot water, and distilled water. Afterwards 
the electrode was placed in the quartz tube, put in the oven and connected 
with the pump, the pumping out being continued during 10 hours at a tempera¬ 
ture of about 1000° C. After the final electrode setting, a high tension (Tesla) 

D 2 
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discharge was applied to it for a short time under small gas pressure. After 
such treatment of the electrode, no liberation of gas from it was noticed even 
at the highest vacuum (2 X 10~ 6 mm.). The test of electrode insulation, on 
heating it, has shown that charge loss remains the same negligible quantity. 

The first measurements of electron emission, under the action of phosgene 
on the alloy, were carried out at a low electrode temperature, below 80° C. 



Fig. 3 shows curves giving the relation i/i Q under different potential differ¬ 
ences, applied between electrode and alloy drop. i 0 = saturation current, 
measured at +2 to +3 volts. The curves I, II, III and IV were obtained under 
four different pressures, viz., 10~ 6 mm., p 2 = 1*7 X i(T 6 mm., 

8*1 X KT 6 mm., and p 4 = 3*4 X 10~ 4 mm. With increase in pressure 
the characteristic curves are shifted to the right, along the volt axis, which shows 
the increase of contact potential difference with increase in pressure. This 
shifting was reversible, at any rate during the eight days when the first series 
of experiments were made, i.e M if the COCl 3 was pumped out and a somewhat 
lower pressure was used, then the contact potential difference approximately 
assumed its previous value, corresponding to this pressure. 
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It was decided to increase the heating of the cylinder considerably and 
observe the variation in the ratio i/i 0 , at Vj = +0*5 volts, and with phosgene 
pressure variation. The results of the test are given in Table V. 

By the use of equation 

i = i 0 (1 + <rV)e“* v # 

where a = e/KT, contact potential difference (C.P.D.) has been calculated 
as in (5). In Table V, column 5, C.P.D. varied only within the limits of 0*3 
volt, the pressure variation being from 1 X 10 “ 7 mm. to 1 X 10 ~ 3 mm. It is 
noticeable that the C.P.D. values, as calculated by the above method, were 
lower than those which would be expected with a platinum electrode and Na 
and K alloy. The variation of C.P.D. on applying large fields and accelerating 
the electrons, which has been observed in previous researches, has not been 
found in the present investigation. 



The character of the observed changes in C.P.D. suggests that they result 
from the action of the phosgene on the surface of the platinum electrode. An 
unstable layer of C0C1 2 molecules may form on the electrode surface, with 
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Table V. 


Date. 

Remarks, 

Pressure 0001* 
p mm. 

Ratio 

Contact 
potential 
difference 
in volts. 

15.12.30 


app. 2 X 10~ 7 

0-73 

-0*49 



1-4 x 10-* 

0*71 

-0*50 


Gradual drop of i/* 0 to the 

8-8 x 10~‘ 

. 0*69 

-0-62 


value of 0*60 . 

7-2 x 10-* 

0*7-*0*60 

-0*5~v-0*62 

16.12.30 


6-8 X 10-' 

0*62 

—0*61 


Vacuum for 15 minutes. Gas 

5-8 X 10-* 

0*55 

— 0*68 


is given again. 

The heating of the cylinder is 

considerably lowered . 

Vacuum for 15 minutes. Heat¬ 
ing of cylinder increased. Gas 

5-8 X 10~* 

0*56 

-0*66 


5-8 X 10~‘ 

0*47 

-0*76 


is given again... 

5-8 X 10“* 

0*47 

-0*76 

17.12.30 


app. 1'8 x 10"‘ 

0*70 

-0*50 


At commencement a variation 

1-7 X 10-‘ 

0*65 

-0*58 


of •/** then no change. 

2-7 x 10** 

0 *62-^0*56 

-0*66 


0-91 x 10-* 

0*45 

-0*78 


resulting variation in C.P.D. K. T. Compton and C. C. Van Voorhis (‘ Phys. 
Rev./ November 1, 1930) in their researches on electrical discharge in gases, 
explain in the same manner the observed variation of C.P.D, by influence of 
gas molecules (ions) on the properties of the metal surface. 

From the data obtained, however, it is not possible to arrive at any very 
definite conclusions concerning the nature of this phenomenon, until a more 
systematic study of it has been made. However the results permit us to 
maintain that the conditions of the experiment, as chosen, considerably 
diminished the variation in C.P.D. in comparison with that observed in previous 
researches, and so allow us to investigate, with higher accuracy, the phenomena 
of electronic emission under the action of phosgene gas on Na and K alloys. 

§ 7. Effect of Pressure on the Emission of Electrons. 

The observation of electron saturation current t 0 was made at first within 
the pressure limits 1 x 1CP 6 mm. to 1*5 x 10~® mm., under approximately 
equal rate and size of the drops, but with different conditions of exposure. 
Fig* curve I, was obtained under conditions where the average time of drop 
was equal to T = 4 minutes 30 seconds, and exposure was from the moment 



















Emission of Electrons. 39 

Tj ~ 1 minute to T 2 = 1 minute 30 seconds. Curve II (not shown as it is 
practically concident with curve I) at T 4 minutes 30 seconds, exposure 
from Tj = 1 minute to T 2 = 1 minute 45 seconds. Curve III at T = 5 minutes, 
and exposure from the moment Tj — 0 to the moment T g = 60 seconds. For 
each curve there were 12 points obtained under different pressures. For each 
pressure the value of the electron current i 0 was measured three times, and the 
values i 0 corresponded with one another within 2 per cent. Each separate 
experiment required about 9 hours of continuous observation. Table VI 
shows separately the results for curve I. 



The curves indicate a sharp maximum of electron current near 3 x 10” 5 mm. 
pressure of COClj. Then with increase in pressure a decrease of i 0 takes place, 
but the speed of fall in value of i 0 steadily diminishes, until in the region of 
10“* mm. pressure the value of i 0 may be taken to be approximately constant. 

It has been notioed that, under the pressure where the maximum electron 
current is observed, a sharp change in the time of drop takes place. It is 
increased approximately by 13 per cent. Here it is necessary to indicate again 
(see § 3) that changes of T by 13 per cent, led to practically no variation in the 
value of » 0 . Sometimes drops were noticed, under constant COClj pressure, 
which varied in T by 100 per cent, and this gave a variation in i 0 of at most 
10 per cent. In the neighbourhood of 3 X 10“ # mm. pressure different measure- 
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Table VI. 


Pressure 00CI f 
pmm> 

Saturation current 
» 0 amp, at +3 volts. 

Time of drop 

T. 

app. 0 ■ 8 X KM 
app. 1 • 8 X 10“* 

2-20 x 10-“ 

/ // " 

4 20 ± 5 

6-31 x 10-“ 

4 20 ± 6 

app. 2 • 7 X 10~* 

7-2 X l0-« 

12-9 X 10- 10 

4 20 ± 5 

28-7 x 10-“ 

4 20 ± 5 

2 0 X 10- 5 

70-8 X 10-“ 

4 20 ± 6 

8-7 X 10~* 

65 0 X 10-“ 

4 35 ± 15 

60 X 10"* 

43-7 x 10-“ 

6 0 ± 16 

10-0 X 10 * 

33-3 x 10*“ 

6 0 ± 15 

22 6 X 10-* 

24-3 x 10-“ 

6 0 ± 15 

64-0 X 10-* 

14-6 X 10~“ 

5 0 ± 15 

80-6 X 10-* 

10-0 x io-“ 

6 O ± 15 

168-0 X 10-* 

7-43 X 10'“ 

5 0 ± 16 


ments of i 0 were characterised by less constancy than elsewhere, the difference 
being up to 5 per cent. 

The maximum value of i 0 is about eight times as great as the value which 
corresponds to high pressures, and which remains almost constant. The 
decrease of electron emission with increase of pressure follows a definite law, 
and it can be expressed by a mathematical function of the type 

(i 0 ) a . p = const., 

where a > 1. In fig. 6 is shown the relation between i 0 and p on the logarithmic 
scale, for that part of curve I, fig. 5, where the decrease of the emission is 
observed. The coefficient a was found to be 1*92. 
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For the experiment with faster drops, the relation between i 0 and p is shown 
in fig. 5, curve IV. The upper curve in fig. 6 shows the relation between log i 0 
and log p with drops whose time was 35 seconds, and the exposure 30 seconds. 
The increase in the surface of the drops was greater in this case. From the 
comparison of the maximum saturation currents, apparently the surface of the 
drop was twice as large, or in other words, the average rate of drop formation 
was twice as great. The coefficient a was found to bo 2*97. 

§ 8. The Energy of the Emitted Electrons . 

Assuming that the electrons have a Maxwell distribution of energy, the 
average electron energy was calculated, under different conditions of experi¬ 
ment, by the method given in (5). For this, it was necessary to determine 
the slope of the straight line expressing the relation between aV and V v w r here 
crV is taken from the equation 

i = t 0 (1 + orV) er* v , 

and Vj is the potential difference given by the readings of the voltmeter. 

We obtained, first of all, three series of characteristic curves under different 
experimental conditions, specially to determine the average energy of the 
emitted electrons. 

The first series of characteristic curves was obtained under four different 
pressures, viz., p l = 1*8 x 10“ 6 mm.; p 2 = 1*7 X 10“ B mm.; p s = 2*7 
X 10^ 4 mm.; p A = 0*91 X 10~ 3 mm. The corresponding saturation currents 
were : i 0 s= 4*2 X lCT 10 amp.; i 0 » 93*0 X 10~ 10 amp.; t 0 == 24*1 x 10~ 10 
amp.; and i 0 * 12*0 x 10~ 10 amp. Average time of drop, T =s 4 minutes. 
Exposure from the moment, T, 1 minute to T a = 1 minute 30 seconds. 
Fig. 4 shows characteristic curves I and IV, corresponding to p x and p A . Curves 
II and III are not drawn, their position is between I and IV. 

Fig. 7 shows the relation between aV and V x . The curves I, II, III and IV 
refer to corresponding characteristic curves. The curve I corresponds to the 
actual scale of the volt axis, each following curve being arbitrarily shifted to 
the right by 0*5 volts from the preceding one, 

A second series of characteristic curves has been obtained for three different 
' values of p p x — app.10* 6 mm.; i Q =* 1 *7 x 10~ M amp,; p a =* 1 ‘8 x 10*~ e 
mm.; i 0 *4*0x amp,; p a =* 1 *5 X 10“ B mm.; i 0 =* 84 X 10“ 10 amp. 
Average time of drop T =* 3 minutes 30 seconds, exposure from the moment, 
T x a* 1 minute to T g 1 minute 30 seconds. Curves V, VI, VII in fig. 7 
determine the slope for these data. The curve V is shifted to the right along 
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the volt axis by 2-5 volte relatively to curve I, each following curve being 
shifted by 0*5 from the previous one. 



The third series of observations consisted of two characteristic curves, 
obtained under the following conditions:—Curve I: Phosgene pressure, 
P = 3* 1 x 10~ 5 mm. Saturation current, i 0 = 84 X 10" 10 amp. ±Sx KT 10 
amps. Average time of drops, T = 5 minutes. Exposure from the moment, 
= 0 to T 2 = 45 seconds. Curve II: Pressure p of phosgene was 
approximately the same as in the first case, p = 3*5 x 10~* mm ., but to it pure 
N 2 at a pressure p = 3*85 x 10“ 4 mm. was added so that the total pressure 
was equal to p =? 4*2 x 1(T 4 mm.; i 0 =» 70 x 10*" 10 ±6x 10~*° amp. The 
remaining conditions were the same as in the first case. Fig. 8 gives the curves 
for determination of “ slope.” Curve II is shifted to the right by 0*5 volt 
relatively to I. It is necessary to point out that the accuracy in measurement 
was greatest within the range of oV approximately from 2 to 6, and was about 
3 per cent. 

All the curves in figs. 7 and 8 clearly show the linear relation on the upper 
part of the curve. Commencing with the value oV ~ 2*5, this linear relation 
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is not observed. In every case, a “ slope ” was obtained near 5*0 which 
corresponds to the temperature T = 2380° K. 



There is some indication that S may have a minimum value at a phosgene 
pressure of about 3 x 10~*mm.,t.e., whore the maximum value of i 0 is observed, 
and increases with decreasing or increasing pressure. However, the differ¬ 
ence in S is so small that it can be explained as an experimental error, especially 
as in the region of 3 x 10~ 5 mm. pressure experimental errors in the determina¬ 
tion of S may be as much as 10 per cent. 

Notwithstanding the great difference in the conditions of experiments, the 
values of S show very little variation. Thus, the pressure was varied within 
the limits 1 X 10““* mm . to 1 X 10~ 8 mm. and the saturation current i 0 from 
t e ~ 2 X 10”* 10 amp. to i Q * 90 X 10~ w amp. The time of exposure was 
varied from 30 seconds to 60 seconds and the exposures were taken under 
different stages of drop formation. In addition, the presence of neutral gas, 
pure N 2 apparently did not have any influence either on the number of emitted 
electrons or on the mode of distribution of energy among them. 
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§ 9. Comparison with Previous Results. 

The present results disagree with those obtained in (3) as regards the value 
of the average electron energy and with (6) in the form of the function i 0 =/(2>). 
For the range of pressure 10 “ 4 to 2 X 10“ 3 mm. there is complete agreement 
with (5) within the limits of experimental error, both in the results obtained 
for the average electron energy and in the form of the curve =/(p). Thus, 
in Table III, p. 23 of (5), p = 0-005 mm., i 0 » 54‘1 X KT^amp., T = 6*44 
seconds, and p' ~~ 0*0075 mm., i 0 r ^=47*5 X 10“ 10 amp., T' = 6*44 seconds. 
According to the relation i 0 = const. X joT* which has been found to hold 
under similar conditions in the present experiments, we should have i 0 /i 0 ' = 
( p'Ip )*. The above numbers give i 0 ji 0 ' = 1*14 and (p* /p)* = 1*145. Again, 
from Table V, p. 27 of (5), i 0 = 2*58 x 10”», for p < 0*001 and T « 17*7, 
and i 0 = 3 x 10~ 10 , for p — 0*0065 and T = 17*2, values which are in fair 
agreement with the data in fig. 5 of the present paper. 

The value of the average electron energy in (3) was about 30 per cent, higher 
than that now found, which is identical (see below) with the mean of the 44 
determinations recorded in (5). We now think that much of this discrepancy 
is due to the fact that the methods of ascertaining the equivalent temperature 
in (3) differed from those in (5) and here. If the methods used in (3) are applied 
to the present data, higher equivalent temperatures are obtained than those 
calculated from the slopes. If there is any remaining discrepancy it is probably 
within the limits of the errors arising from the unsatisfactory pressure control 
employed in (3) and from the troublesome variations in contact potential 
difference which oould not be got rid of. Both these difficulties have been 
completely overcome in the present investigation. 

The disagreement with (6) is more surprising as well as more serious. It is 
believed now that the “ clean-up ” effect of the alloy in reducing the pressure 
of the COCl a in the reaction chamber in (6) was underestimated and that the 
actual pressures were much lower than those deduced from the manometer 
readings. The most striking disagreement is in the fact that, whereas in (6) 
the emission was rising with increasing pressure over the whole range of pressure, 
in the present experiments it reached a sharp maximum at a very low pressure 
and then fell over the rest of the range. There is no doubt of the reality of 
this effect. The decrease of electron emission is not due to absence of satura¬ 
tion of the currents at higher pressures or to decrease in magnitude or variation 
of the shape of the drops with increasing pressure or to any accidental errors 
of measurement. All these objections are completely refuted by the experi¬ 
ments. 



Emission of Electrons. 


45 


Over the greater part of the recorded range of pressure the currents in the 
present experiments were much larger than those found in (6), the ratios being 
100, 50, 7 and 0-15 for p = 10~ 6 , 2 X 10“ 5 ,1(T 4 and 5*9 X 10~ 4 respectively. 
These values are for drops for which T = 15 seconds in Table I, p. 230 of (6) 
compared with data for curve III of fig. 5 of the present paper. If the difference 
in the average size of the drops under comparison is allowed for, these ratios are 
multiplied by a factor of about 4. These figures lead to a suspicion that the 
lower pressures in (6) were seriously over-estimated. 

This suspicion is confirmed when we examine the input data of (6). In 
Table I, p. 230 of (6) at p = 2 X 10~ 6 mm., i 0 was 10“ 10 amp., and the input I 
of COCl a was 4*0 X 10“ 11 gm, sec.” 1 . We can obtain an upper limit to the 
pressure in the reaction chamber by assuming that the whole input was cleaned 
up at the surface of the drops. By substituting the above value of I for Q 2 
in the equation Q 2 = 2*56 X 10“ 6 xSxy which relates the consumption 
Q 2 with pressure and with the size S of the drops, we find that p is about 
10" 8 mm. instead of 2 X 10~ 5 as measured in (6). However, the disparity is 
probably not so great as this upper limit would indicate, on account of other 
factors. 

Nevertheless we must conclude that the curves in fig. 11, p. 231 of (6) showing 
the proportionality between i 0 and p refer to a range of pressure from about 
10“ 8 mm. to about 5 X 10“ 5 mm. instead of from about 10" 6 to 5 X 10~ s mm. 
If the experiments had been extended to higher inputs the resulting curves 
might also have shown the drop in emission. In fact, in the case of T — 15 
seconds in Table I on p. 230 the current for p = 4*38 X 10 -8 is given as 
9*15 X 10“ 9 amp., which is less than the value 9*5 x 10“ 9 amp. at p = 5*9 
X 10~ 4 . 

It is necessary to remember that the rate of variation of drop surface in (6) 
was much greater than in the present experiments. Under such conditions 
the drop in emission should set in at higher pressures and the maximum may 
not be so sharp. Moreover, the fall of emission noticed in the present experi¬ 
ments is relatively not so great if we compare it with the rise in i 0 when p 
varies from 10“ 8 to 10“ 5 mm. If we draw the curves in fig. 5 on a logarithmic 
scale and continue them down to a pressure of 10“ 8 mm., they assume the form 
shown in fig. 9 which is not so very different from those obtained in (6). The 
data for fig. 9 are the same as for fig. 5, curve III. 

If we suppose that each molecule of C0C1 8 which reaches the drop of alloy 
forms two molecules of alkali halides and that these molecules cover an average 
area a then the time t required to form a monomolecular layer is t = 1*55 op, 
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where p is the pressure in bars. The value of a is about 7 X 10 14 cm.* 
for KC1 + NaCl. At p = KT« mm. (roughly 10“ s bars) it tabes about 10 



seconds to cover the surface. This time is of the same order as the time of 
exposure in the present experiments and, as the surface is continuously 
increasing during 60 seconds, a certain part of the surface will always remain 
bare under such conditions. At a pressure of 10~ s mm., on the other hand, 
it takes only 1 second to cover the whole surface of the drop with a layer of 
salt. This time is small compared with the time of exposure and therefore 
in spite of the increase in surface it remains covered with a more or less complete 
layer of reaction products. The extent to which the surface is covered by the 
molecules of salt will increase with pressure and decrease with the speed of 
the drops. 

These considerations all very strongly support the view that the fall in the 
emission is connected with the formation of a layer of reaction products on 
the surface of the drops. 

The present experiments raise the magnitude of the probability of the ejection 
of an electron as a result of the chemical reaction very considerably. In (6) 
the number of C0Cl a molecules consumed for each electron ejected was esti¬ 
mated at about 10 7 whereas the present experiments reduce this quantity to 
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about 14,000, This is of the same order of magnitude as the number 1600 
found by Haber and Just* for the reaction of the same alloy with COCl 2 . 

§ 10. Some Additional Experiments cm the Energy of the Emitted Electrons . 

The measurements of electron energy recorded so far did not extend to 
pressures below 10" e mm., the lowest saturation current i 0 being 1*7 X 10 wW 
amp. In (3) the range of saturation currents in the corresponding experiments 
was from 2 X 10” la to 8 X 10~ 10 amp., and in (6) estimations were made with 
still smaller currents and, as we have seen in § 9, in all probability correspond¬ 
ingly lower pressures. Although none of these determinations could be 
regarded as accurate they agreed in giving lower slopes (or higher energies) 
than those found in the experiments already described. 

It was felt that there might be something real in this difference so we decided 
to push the measurements to still lower pressures. There is a limit beyond 
which this cannot be done satisfactorily. It is necessary that the pressure 
should be high enough to regulate and maintain constant within about 10 
per cent, and that the small currents against the opposing field should be 
measured with the requisite precision. In order to make these experiments 
as comparable with those in (3) and (6) as possible the diameter of the nozde 
opening was increased and the time of a drop thus reduced to 30 seconds. 
The lowest pressure which satisfied the prescribed conditions was about 2 x 
10~ 7 mm. With these drops and COCl 8 at 2 X 10~ 7 mm. the saturation current 
t 0 is about 6 X KT 11 amp. To determine the slope it is necessary to go down to 
values of iji 0 of the order 0*01. This involves measuring currents of 6 X 10~ 13 
amp. and these were as small as could conveniently be done with the required 
accuracy. 

Two independent series of experiments were made, the results of which are 
exhibited graphically in fig. 10. For curve I, p = 2 X 10“ 7 mm., T =33 ± 1 
seconds. Exposure from £ = 0 to £ = 30 seconds, t o = (6*4±0*l) X 10~ n 
amp. Slope = 5*7. For curves II, III and IV, T = 35 ± 1 seconds, exposure 
from t = 0 to t = 30 seconds. For Curve II, p = 2 X 10~ 7 mm., i 0 = (6*25 
±0*1) X 1Q~ U amp. Slope = 5*4, For curve III, p » 2 X I0~ fl mm., 
4 0 = (4*44 ±0*1) X 10~ w amp. Slope = 5*2. For curve IV, p = 1-8 x 
10~ 5 mm., i 0 » 7*8 X 10“ 9 amp. Slope = 5*2. 

As a result of these determinations we can say quite definitely that within 
the limits of experimental error (about 5 per cent.) the slope remains constant 


♦ 1 Ann, Physik,’ vol. 36, p, 308 (1911). 
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over the whole range of pressure from 2 X 10 " 7 to 2 X 10 5 mm. It is true 
that at the lowest pressures the slopes appeared to be a little higher, but the 



variation does not exceed the limits of experimental error. The mean of these 
four values of the slope is 5 • 37, the mean of all the 13 values got in this paper is 
5*11; if the three high values at the very low pressures are excluded, the 
remaining 10 have an average of 5 ■ 01. These figures compare with an average 
of 5*014 of 44 determinations made in (5) mostly in the range between 0*001 
and 0*01 mm. It is evident that over the whole range of pressure from 
2 X L0~ 7 to 10~ a mm., in which this variable changes by a factor of 50,000, the 
average energy of the emitted electrons is constant so far as can be ascertained. 
If there is any change it is probably a diminution at the very lowest pressure. 
In any event, it is so very small that its reality is quite uncertain. Perhaps 
the most striking result of this and of the preceding investigations is the 
constancy of the average energy of the emitted electrons and of the shape of 
the velocity distribution curves under the most varied changes in the experi¬ 
mental conditions, such as variation of COCl^ pressure from 2 X 10~ 7 to 10“*mm., 
admixture of COCl a with inert gas, change of composition of alloy and 
change in the rates of fall and size of drops. These facts furnish additional 
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experimental evidence that the phenomenon of electron emission is a true 
characteristic of the chemical action involved and is not due to secondary 
thermionic effects. 

It seems desirable to say a little more about the meaning of the temperature 
(or mean energy) of the electrons as determined in these experiments. The 
temperature T is determined, as explained in (5), from the equation 

*/* /i i gV\ eV 

which the currents against a retarding potential V must obey if the electrons 
are emitted with a Maxwell distribution of energy and if there are no secondary 
complications, such as those discussed in (3). It is true that the equation is 
satisfied within the limits of error over a very considerable range of the 
characteristic curve ; but it must be remembered that there is a very appreciable 
portion of the curve in the region of zero energy where the equation is not 
obeyed at all. In (3) it is rather implied that these deviations are due to various 
minor causes which need not be very seriously regarded. We do not now feel 
so sure of this. If these variations from the requirements of the Maxwell 
distribution, which are measured by the deviations from rectilinearity of such 
curves as those shown in figs. 7, 8 and 10, are due to various minor causes it 
seems surprising that these curves vary so little when the pressure changes 
from 2 X 10~ 7 to nearly 10” 2 mm. The other results show that the character 
of the reacting surface must be altered very considerably when the pressure of 
the COClg is changed by such an amount. It looks rather as though the 
deviation from the Maxwell distribution at the low energy part of the curve 
is real. We are also inclined to suspect a deviation at the other end but the 
experiments made so far are not accurate enough to establish this. In view 
of these possibilities T must be restricted to mean the average temperature of 
that considerable group of electrons for which the energy distribution is 
Maxwellian within the limits of our experimental error. Whatever the ultimate 
outcome of these possibilities may be, the consistency of the determination of 
T, under such varied conditions, which has now been obtained, shows that it 
must be an important constant of the phenomenon. 

In conclusion, we wish to express our thanks to the Director of the Research 
Laboratories of the General Electric Co., Ltd., for presenting us with a tube 
containing pure nitrogen, and to the Government Grant Committee of the 
Royal Society for a grant towards the purchase of some of the apparatus. 
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Summary . 

The electron emission from NaK a when acted on by COCl a has been re¬ 
examined by improved methods over the pressure range 2 X 10“ 7 to ~ 10"* mm. 
At the very lowest pressures the total emission is proportional to the pressure, 
but the rate of increase falls off somewhat as pressures of about 10" 6 are 
attained. At about 3 X 10~ B the emission has a sharp maximum followed by 
a decrease which steadily falls off until there is little further variation at 
pressures comparable with 10” a mm. The effective temperature of the emitted 
electrons has been determined under satisfactory conditions and is found 
to be 2370° K. over the whole range from 2 X 10“’ to 10" 2 mm. with an 
uncertainty of about 5 per cent, at the lowest pressures. 


The Exchange of Energy bet ween Organic Molecules in a Molecular 
Beam and Metallic Surfaces . 

By F, O. Rice, D.Sc., and Hakold T. Byck, Ph.D., GrafBin Fellow, The 
Johns Hopkins University. 

(Communicated by F. G. Donnan, F.R.S,—Received January 30,1931.) 

When a molecular beam of a substance is directed against a heated target, 
the molecules rebound and, together with any fragments resulting from decom¬ 
position, can be caught on a liquid air-cooled surface. Since the fragments 
are in a molecular beam they cannot react before reaching the liquid air surface 
and we may expect, therefore, that work of this kind will yield considerable 
information about the nature of the primary change in chemical reactions. 

Furthermore, we may expect to obtain information about the exchange of 
energy between solid surfaces and gaseous molecules. Experiments on the 
heat conductivity of gases at low pressure have yielded considerable information 
on this exchange of energy and there has been a number of papers dealing with 
the theoretical aspects of the problem.* We must here emphasise the important 
point that in practically all previous work, both theoretical and experimental, 
only small molecules have been considered ; in these cases the internal energy 

* Baule, ‘Ann. Physik,’ vol. 44, p. 145 (1914); further reference** are included in 
two recent papers, Roberto, ‘ Proc. Roy, Soc.,* A, vol. 129, p. 146 (1930); Johnson, ibid., 
▼ol, 128, p. 432, p. 444 (1930). 
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has been completely neglected and only the kinetic energy of the molecules 
has been considered. It is obvious that when we are dealing with the chemical 
decomposition of large molecules, any changes in kinetic energy after collision 
with the wall must be relatively unimportant compared with changes of 
internal energy; therefore, we shall consider only the transfer of energy from 
the wall to the internal degrees of freedom. 

It has been supposed that when a beam of molecules collides with a surface, 
a certain fraction is adsorbed or enters the space lattice for a time which is 
long compared to the duration of a collision. If we assume that an appreciable 
fraction of the organic molecules remains in contact with the surface for a 
long time compared to the duration of a collision, we should observe decom¬ 
position at temperatures as low as 600° C., since the organic molecules used 
decompose readily at this temperature. In our experiments with a platinum 
target, we found no decomposition at any temperature up to 1600° C., either 
with acetone or dimethyl mercury, and it seems unlikely, therefore, that 
adsorption plays any important r61e in collisions of these molecules with a 
heated platinum surface. 

Apparatus and Experimental Procedure . 

The first step in carrying out a run was the evacuation and outgassing of 
the entire system, a diagram of which is given in fig. 1. The acetone reservoir 
(R), fig. 1, was surrounded with liquid air and opened through stopcock (Y) 
to the apparatus. The levelling bulbs for traps (Tj) and (T a ) were lowered 
so that the oil pump was connected through (P 2 ) to the Toepler pump (B) and 
to the Gaede diffusion pump (D 2 ), and through (Pj) to the glass diffusion pump 
(Dj). When the system had been evacuated to the limit of the oil pump, 
both diffusion pumps were started and pumping continued for several hours. 
By alternately freezing and melting the acetone in its reservoir, meanwhile 
continuing the pumping, all dissolved gases were removed, and in later runs 
it was unnecessary to repeat this portion of the evacuation. The stopcock 
(Y) closing off the reservoir from the system was then closed. 

The Jet .—The beam of molecules was formed by ai m in g a small jet, through 
which the acetone was admitted, directly at the heated metal target. The 
jet used in all of these experiments was of quartz tubing pulled down to small 
diameter with an opening 0*4 mm. in diameter. The external diameter of 
the jet was made small in order that it offer little obstruction to molecules 
flying from the target toward the condensing surface. 

The quantity of acetone flowing through the jet on to the target was deter- 

E 2 
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mined by calibration. The substance was contained in a small glass reservoir 
c onne cted to the jet. The pressure at the month of the jet within the apparatus 



Fro. 1. 


was kept below 10 -s mm. Hg, and by varying the temperature of the reservoir 
the vapour pressure of the acetone could be fixed at a value to give any desired 
rate of flow through the jet into the apparatus. 

Calibration was accomplished by maintaining the acetone in the reservoir 
at some constant temperature (for example, —32° C. with liquid ammonia). 
Then, after evacuating the system to 10~ 5 mm. and filling the condensing trap 
with liquid air, the stopcock between the reservoir and the jet was opened. 
The acetone under the difference in pressure between its vapour pressure at 
—32° in the reservoir, and 10“‘ mm. at the mouth of the jet, flowed through 
the jet on to the target (which was not heated during calibration runs) from 
which it rebounded on to the liquid air surface, and was condensed. 

The calibration was carried on for 2 hours, after which the reservoir was 
closed off from the jet and the condensed acetone was distilled into a side tube 
which was Bealed off and the weight of aoetone determined; as an additional 
check the acetone was determined by Messinger’s method.* From these 

* Goodwin, 4 J. Amer. Chem. Boo.,’ vol. 42, p. 89 (1920). 
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figures, the rate of flow of acetone, in milligrams per hour, for different reservoir 
temperatures was calculated. 

The beam of molecules spread out fanwise from the jet, and since the 
rectangular foil did not cover the entire cross section of the circular tube, some 
of the acetone missed the target and passed behind it. A two-stage glass 
diffusion pump was connected behind the foil to remove this acetone, in order 
to prevent its building up a pressure in that space. This acetone was pumped 
to waste, and was not included in the calibration value, sinoe it was assumed 
that this same quantity was lost during different runs. 

The Target and Supports .—The target against which the molecular beam 
impinges was of metal in the form of foil 21 mm. X 25 mm. and 0-025 mm. 
thick. It was supported by two tantalum stirrups, to which it was clamped 
along opposite edges by small bars of the same metal screwed against the stirrups 
proper. The stirrups in turn were fixed into slots in the ends of the copper 
electrodes and were clamped by small brass collars (see fig. 2). 

The electrodes were of pure copper, f inch in diameter sealed through a steel 
shell with red sealing wax. The steel shell, carrying the electrodes and jet, 
and a. tube leading to the waste pump, was sealed against the glass side-tube 
with red sealing wax also. Each electrode was insulated from the steel shell 
by a thin pyrex bushing. The electrodes were drilled out to within A-inch 
of the slotted inner ends, and a brass bushing at the outer end supported a 
small glass tube extending the length of this hole. Each electrode where it 
was sealed through the steel shell was fitted with a water-cooled jacket to 
prevent the seals from becoming soft. The cooling water circulated within 
these jackets entered the hollow portion of the electrodes, flowed their length 
to the end supporting the foil, and left through the glass tube mentioned above. 
This water-cooling system was adequate to maintain all the metal parts of the 
supporting system at room temperature, and no difficulty was experienced 
in keeping the wax hard and vacuum tight. 

The resistances of the various metal foils used were of the order of 0-02 oh m s 
and to raise them to high temperatures it was necessary to use heavy currents. 
A step-down transformer operated from the 120-volt A.C, line gave 60 to 130 
amp. at 12 volts. 

Temperature Measurement ,—The temperature of the foil was measured 
with a Leeds and Northup optical pyrometer, of the type whose operation 
depends on matching the brightness of a standard tungsten filament with the 
brightness of the unknown source filtered through certain red filters whioh 
pass a narrow spectral region at about 6500 A. The instrument used was 
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previously calibrated by the Bureau of Standards. In making readings, the 
telescope was pointed at the foil as nearly perpendicularly as the configuration 



Fig. 2. 


of the apparatus would permit, and the current to the standard tungsten 
filament was regulated until the filament faded into the backgro und of light 
from the hot foil. This reading in milliamperes was then converted to tempera¬ 
ture and a correction made for the brightness temperature of the metal in 
use during any particular experiment. The values for the brightness correction 
are taken from vol. 5 of the * International Critical Tables/ p. 245. This 
correction is about 150° C. for all three metals used (Ta, W, Pt) in the region 
1600 to 1700°, the actual temperature being higher by that amount than the 
temperature measured on the pyrometer. 

Pumps. After the organic molecules had left the jet and collided with the 
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heated metal target, the products rebounded to the liquid air-cooled surface 

(A) , where acetone or other condensible material was caught and the un¬ 
condensed gaseous products of the reaction were removed by the Gaede steel 
pump (D 2 ). This pump was capable of operating against a fore-pressure of 
20 mm., but we never allowed this to rise above 1 ram. to insure that the pump 
continued to operate at high efficiency, since the pressure in the decomposition 
chamber was kept below 6 x 10~ 5 mm. During the run the uncondensed 
gaseous products passed from the steel diffusion pump to the Toepler pump 

(B) in which they could be compressed from the low pressure prevailing at 
the outlet of the diffusion pump, to atmospheric pressure and collected over 
mercury. The Toepler pump was emptied at frequent intervals since it acted 
as the forepump to the Gaede pump ; even for large evolutions of gas, 5-minute 
pumping intervals were sufficient to keep the fore-pressure below a millimetre. 

Experimental Procedure in Detail .—After the system was evacuated the foil 
was heated slightly higher than the temperature to be used in the run and 
pumping continued for several hours more. Trap (T 2 ) was raised, cutting off 
the oil pump and connecting the Toepler pump directly to the fore-pump side 
of the Gaede diffusion pump. The Toepler pump was emptied at 15-minute 
intervals and the small volume of gas coming from the hot foil and from the 
walls of the apparatus was collected in the burette (C). It was found that the 
volume of gas coming off per half-hour after several hours’ pumping was too 
small to be measured in the burette. Out-gassing was considered complete 
after about 2 hours’ evacuation with the foil heated, and after an additional 
hour of pumping the run was started. 

In the meantime the acetone reservoir (It) had been surrounded with a cooling 
bath contained in a Dewar flask. The substance used for this bath was 
previously determined by calibration of the jet. The temperature of this 
bath was measured with a pentane thermometer during the run and remained 
constant to 0*2°. Traps (K) and (8) were now immersed in liquid air, and 
liquid air run into the trap (A) in the decomposition chamber. 

The run was started by opening the stopcock (Y) between reservoir and jet. 
The Toepler pump was emptied at 5-minute intervals and the gas evolved 
measured after each pumping. The pressure within the decomposition chamber 
was measured on the McLeod gauge (M) at 15-minute intervals, and the 
temperature of the foil read with the optical pyrometer at similar time intervals. 
It was necessary to add liquid air to the trap in the decomposition chamber at 
3 to 4-minute intervals while the foil was lit. Although heat conduction from 
the foil to the cold surface was practically zero at the low pressure prevailing, 
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a film of condensed mercury from the diffusion pumps formed a dark 'grey 
deposit which absorbed considerable infra-red radiation from the foil, and 
rapid evaporation of the liquid air took place. 

At the end of the run, the foil current was turned off, the acetone reservoir 
oloBed off from the jet, and pumping with the Toepler pump was continued 
for several more 5-minute periods to insure removal of all the gases resulting 
from decomposition. It was found that two such pumpings at 5-minute 
intervals were sufficient to remove the last small volume of gas, subsequent 
pumpings producing samples of gas too small to be measured. 

The decomposition chamber was next isolated from the rest of the apparatus 
by raising mercury in trap (T 3 ) to cut off the glass diffusion pump, raising the 
mercury in the McLeod gauge (M) above the inlet to close it off, and finally 
closing the large steel stopcock (T 4 ) to cut off the Gaede diffusion pump. A 
Dewar flask containing liquid air was slipped up over one of the sample tubes 
(L) sealed into the side arm of the decomposition chamber, the liquid air 
pumped out of the trap in the chamber, and the condensed products distilled 
into this side tube. This was then sealed off and contained the condensible 
products of decomposition from the run. 

In some of the runs this collecting tube had the form of a quartz absorption 
oell and, after sealing off, ultra-violet absorption spectra were made. 

The small tube containing the condensed products was weighed, and, after 
the sample was removed, weighed again, the difference giving the weight of 
the recovered material. 

In several runs this material was condensed directly into an apparatus for 
determining its mean molecular weight by the vapour density method. In 
still other runs the sample tube formed one arm of a manometer, the other arm 
containing pure acetone. By thermostating the whole manometer after it 
was sealed off, the difference in vapour pressure between pure acetone and the 
unknown material was measured. 

The foil was removed from its supports and weighed after the run, any 
difference between this weight and its original weight being noted. 

In those experiments where the foil was not removed, the long outgassing 
period was not repeated since the vacuum had not been broken. The run in 
such cases was started after heating the target for several hours with the 
pressure at 1CT 5 mm. or better. 

The gas sample collected in (C) was removed and analysed in a standard gas 
analysis apparatus for CO*, unsaturated hydrocarbons, 0,, H a , CO, and 
saturated hydrocarbons. 
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Experimental Remits. 

Low Temperature Experiments .—We shall present first the low temperature 
experiments with tantalum and tungsten which show complete absence of 
decomposition below 1000° C. In Table I we give the details of the runs 
made with acetone on tungsten. 


Table I,—Acetone on Tungsten (850°, 940°, 1085° C.). The Gas Evolved was 
Measured at 5-ininute Intervals. 


Foil 

temperature. 

Time. 

Ga* evolved 
per hour. 

°C. 

i 

minutes 

c.c. 

850 

; 30 

00 

940 

! 60 

0 0 

1085 

1 30 

0*6 


A similar series of runs at 700°, 800°, 900° and 1400° C., using tantalum instead 
of tungsten, gave no decomposition and it was not until 1500° was reached 
that we observed decomposition on a tantalum surface. 

Acetone on Tantalum .—The complete experimental details will now be given 
for one run in which decomposition was obtained. We have selected a typical 
experiment in which acetone was decomposed on a new tantalum foil in the 
neighbourhood of 1600° C. and the rate of gas evolution and the results of the 
gas analysis is given in Tables II and III. It will be seen from the results 


Table II.—Acetone on Tantalum. New Foil 1600° C. The Gas Evolved was 
Measured at 5-minute Intervals. 


Foil 

temperature. 

: 

Time 

Total ga* 
evolved. 

Average 
hourly rate. 

°c. 

minute* 



1580 

30 

610 

10*20 

1580 

80 

9-40 

8*60 

1580 

90 

13*50 

8*20 

1580 

120 

17*50 

8*00 

1590 

150 

21*40 

7*80 

1590 

180 

24*90 

7*00 

ieoo 

, 210 

29*20 

8*60 

1600 

| 300 

81*00 

7*20 


Near the end of this run, owing to the Toepler pump going out of order, the gaseous pro¬ 
duct* were sent to waste for 75 minute*. Because of thU, the total amount of ga* given off 
during the run wa* not 31 *00 co. but 300/225 of 31 0 oo. 
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shown in Table II that the rate of evolution of gas shows a small but steady 
diminution over each hourly period. The gas analysis showed the presence 
of carbon monoxide and hydrogen only; there was no trace of methane or 
other saturated hydrocarbons since after combustion with oxygen no carbon 
dioxide was found. 


Table III.—Acetone on Tantalum at 1600° C. Analysis of Permanent Gasea 

Evolved. 


Sample of gas {at 28-0° C.) .. 

Absorption in KOH. 

Absorption in fuming HjS0 4 . 

Absorption for oxygen . 

Absorption for CO . 

Combustion for H, . 

Absorption in KOH (saturated hydrocarbons) 
Residual nitrogen.*. 


31 2 o.o. 

0*3 o.c. CO r 
0 0 o.o. unsaturated. 
0 • 0 o.o, oxygen. 

7*6 o.c. CO. 

18*7 c.o. hydrogen. 
0*0 o.o. 

3*0 o.o, nitrogen. 


It will be observed that we have collected 7*5 c.c. CO and 18*7 c.c. H a 
which represent substantially all of the permanent gases produced in the 
decomposition. This gives a mole ratio of H 2 /C0 = 2*5/1 which represents 
the average ratio of the gases produced over the period of the run. The total 
amount of CO and evolved during the run was 9*99 c.c. and 24*9 c.c. 
respectively since the amount collected must be multiplied by the factor men¬ 
tioned in Table II. If we assume that each molecule of CO produced corre¬ 
sponds to each molecule of acetone decomposed, we can calculate the weight of 
acetone decomposed, which is 0*0235 grms. corresponding to 9*99 c.c. of CO. 
The weight of acetone recovered undecomposod was 0*1167 grms., so that 16*7 
per cent, of the acetone was decomposed. 

We had previously calibrated the jet delivering the acetone, so that we knew 
the total amount of acetone which should have entered the system. This 
was 0*3425 grms. for the entire run, which is in entire disagreement with the 
value 0*1167 + 0*0235 = 0*1402 grms. based on the weight recovered and 
the CO obtained. We attribute this to the fact that the calibration was 
necessarily made with the foil cold ; during the run with the foil at 1600° C. 
the small diameter tube from which the acetone issued as a beam must have 
become heated perhaps to 200-300° C, by radiation ; the increased viscosity 
of the gaseous acetone is presumably responsible for the much smaller amount 
of acetone recovered. 
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Table IV.—Acetone on Tantalum. Old Foil. 1700° C. The Gas Evolved 
was Measured at 5-minute Intervals. 


Foil 

temperature. 

Time 

Total gas 
evolved. 

Average 
hourly rate. 

°C. 

minutes 



1700 

30 

4-eo 

9*80 

1700 

60 

8*60 

7*40 

1710 

90 

11*70 

6-20 

1710 

120 

18*90 

4*40 

1710 

160 

15*40 

3*00 

1710 

180 

16*90 

3-00 

1670 

210 

18'30 

2*80 

1640 

240 

19-60 

2*40 

1640 

300 

21-80 

2*30 


We shall now give the results of a second run at a higher temperature in 
which we used the same tantalum foil as before. It will be seen that there is 


a considerable fall in the rate of evolution of gas, the rate in the last part of 
the run being much less than previous run at 1600° C. In Table V we give the 
results of the gas analysis; the ratio of H 2 /CO ==2-2/1 is substantially the 
same as in the previous run. The amount of acetone decomposed based on 
the CO recovered was 0*0148 grms, and the weight of acetone recovered 
undecomposed was 0*1179 grms. which corresponds to 11*1 per cent, decom¬ 
position. The efficiency of the foil in decomposing acetone therefore diminishes 
very greatly as the foil is used ; we made several other runs with other tantalum 
foils over this range of temperature and observed this same behaviour in all 
cases. 


Table V.—Acetone on Tantalum at 1700° C. Analysis of Permanent Gases. 


‘C.) 


Sample of ga* (at 28*0° 

Absorption in KOH. 

Absorption in fuming H,80 4 . 

Absorption for oxygen .. 

Absorption for CO . 

Combustion for H,. 

Absorption in KOH (saturated hydrocarbons) 
Residual nitrogen. 


21*1 o.o. 

0 0 o.o. CO,. 
0*0 o.o. 

0*3 c,c. O,. 
6*3 0.0. CO. 
13 *8 c. o. H t . 
0*0 o.c. 

1 *5 c.o. H,. 


We have given an analysis of the permanent gases bat we have not aa yet 
given the details of the examination of the undecomposed acetone and other 
possible products condensed on the liquid air surface, which at the end of a 
run were evaporated into a small side arm and weighed. 

A number of qualitative tests were made on samples from various runs. 
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The liquid in all cases had a characteristic and persistent odour resembling* 
perhaps, higher unsaturated hydrocarbons ; however, treatment with bromine 
or potassium permanganate showed practically no unsaturated material. 
Special tests showed the absence of acetylene or allylene, and the absorption 
spectrum of the material showed the absence of benzene or other aromatic 
hydrocarbons. Furthermore, in one experiment in which considerable 
decomposition occurred the acetone was estimated by Messinger’s method, 
which gave 0 * 1463 grms. acetone, whereas the weight of the sample was 0*1440 
grms. In two other experiments we made a molecular weight determination 
of the sample and obtained the values 59*5 and 55*0; since we had only 
about 0*1 grm. with which to make the determinations, the experimental 
error is large and the figures are in satisfactory agreement with the theoretical 
value of 58 for pure acetone. There is undoubtedly formation of some con¬ 
densible material which is caught with the acetone on the liquid air surface 
and which we have not been able to identify, but we feel that it is formed in 
such small quantity that we may safely disregard it. 

We have now to give the experimental evidence that the reaction consists 
of a molecule of acetone decomposing at the surface with evolution of one 
molecule of CO and three molecules of H t , the two remaining carbon atoms 
combining with the tantalum. On the basis of this hypothesis we would 
expect the measured H a /CO ratio to be 3*0, whereas the value obtained varied 
from 2*2 to 2*7. We have not been able to find the cause of this discrepancy 
but suggest two possibilities, namely diffusion through the foil of hydrogen, 
which would then be lost through the waste pump, or loss of hydrogen through 
formation of small quantities of higher hydrocarbons which would be caught 
with the acetone on the liquid air surface. 

As an experiment progressed the original silver colour of the foil changed to 
gold and this colour extended right through the foil, which became very brittle 
and had a higher electrical resistance. After the two experiments just described 
were completed, we removed and weighed the foil and found an increase of 
0*0170 grms.; the weight of acetone decomposed in these two runs was 
0*0383 grms. and two-thirds of the carbon contained in this weight is 0*0168 
grms., which is very near the increase in weight of the foil. An experiment to 
determine whether the carbon was in the free state was made by boiling the 
pieces of the foil in concentrated nitric acid which caused no change whatsoever 
in the colour of the foil; therefore the carbon could not be present as a free 
surface film. 

Acetone on Tungsten .—The results with tungsten were similar to those 
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obtained with tantalum except that decomposition occurred at a lower tempera* 
ture. We gave the results of a typical experiment in Tables VI and VII, 
Due to carbide formation the resistance of the tungsten foil increased con¬ 
siderably during the run and this partly accounts for the wide fluctuations in 
temperature. Ajb with tantalum, the permanent gases consisted of CO and H, 
and showed no CO t after combustion, thus proving the absence of methane or 
other saturated hydrocarbons. The H 2 /CO ratio is 2-56/1 which is similar 
to the value obtained for tantalum. The amount of acetone decomposed 
based on the CO recovered was 0*0189 grins, and the weight of acetone re¬ 
covered undecomposed was 0*1451 grms. which corresponds to 11*5 per cent, 
decomposition. At the end of the run the tungsten foil was removed and 
weighed and gave increase in weight of 0-0067 grms., whereas the calculated 
increase of two-thirds of the carbon in the decomposed acetone is 0*0081 grms., 
which is within experimental error the same. 


Table VI.—Acetone on Tungsten at 1650-1870° C. The Gas Evolved was 
Measured at 5-minute Intervals. 


Foil 

temperature. 

Time 

Total gas 
evolved. 

Average 
hourly rate. 

i 

«C. 

minutes 



1660 

30 

5*00 

10*00 

1650-1750 

60 

10*90 

11*80 

1750-1870 

90 

17 *00 

12*20 

1870 

120 

21*90 

9*80 

1870-1810 

150 

26*70 

9*60 

1810 

180 

29*20 

6*00 


Table VII.—Acetone on Tungsten at 1650-1870° C. Analysis of Permanent 

Gases Evolved. 


fiAjrupie from run (at 98*6° O.) . 

30*20 o.o. 

Absorption in KOH. 

0*10 o.o. CO,. 

Absorption filming HgSO* . 

0 * 00 o.o. unsaturated. 

Absorption for oxygen . 

0*20 o.o. O,. 

8*05 o.o. CO. 

Absorption for C(J . 

Combustion for H, . . . 

20*64 o.o. H,. 

Absorption of 00* from combustion . 

0*0 o,o. 

Residual nitrogen ...... 

0 * 90 o.o. nitrogen. 



Dimethyl j Mercury on Tantalum .—We have one experiment in which we 
used dimethyl mercury on a tantalum target and obtained the results given 
in Tables VIII and IX, The decomposition process is therefore very similar 
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to that with acetone, since the two carbon atoms combine with the tantalum 
and free hydrogen is liberated* Assuming that all the hydrogen from the 
decomposed dimethyl mercury is recovered in the pump we obtain a value 
0*0464 grins, decomposed, whereas the weight recovered was 0*1161 gnm, 
which corresponds to 28*5 per cent, decomposed. In this experiment as in 
the previous ones the foil turned golden and became very brittle. It increased 
in weight by 0*0060 grms., whereas the carbon in the decomposed dimethyl 
mercury weighed 0*0048 grms. 


Table VIII.—Dimethyl Mercury on Tantalum. New Foil (1680-1740° C.). 
The Gas Evolved was Measured at 5-minute Intervals. 


Foil 

temperature. 

Time 

Total gas 
evolved. 

Average 
hourly rate. 

i 

°C. 

minutes 



1680 

30 

3-20 

6-40 

1680 

60 

550 

4-60 

1680 

00 

7-40 

3*80 

1880-1720 

120 

9*20 

3-60 

1720 

; 150 

10-85 

3*30 

1720 

180 

12-35 

300 

1720 

1 240 

15-10 

— 

1740 

1 300 

I 1 

17-60 



Table IX.—Dimethyl Mercury on Tantalum. Analysis of Permanent Gases. 


Sample from run (at 23 -6° C.) ... 

16-50 c.c. 

Absorption in KOH. 

0-0 c.o. CO. 

Absorption in fuming H|S0 4 . 

1 0-0 o.c. unsaturated. 

Absorption for o xygen . 

Absorption for CO . 

0-2 c.o. O r 

0*4 o.o. CO. 

Combustion for H*. 

Absorption in KOH (saturated hydrocarbons) . 

14*7 o.c. H*. 

0 *0 o.o. saturated. 

Residual nitrogen. 

0*8 o.c. N r 


Acetone on Platinum .—We made one run lasting 120 minutes using a platinum 
target at 1600° C., and obtained no decomposition whatsoever. At the end of 
the run the whole apparatus near the target was coated with platinum which 
had distilled from the foil during the experiment. We recovered 0*0374 grms. 
of acetone, which had the usual sweet odour and was quite free from the 
characteristic odour obtained in the previous runs. 

When calibrating the system for the amount of acetone entering we found 
that under our conditions with the foil cold 0*1370 gnnsu were obtained in 
2 hours. The heating effect by radiation on the narrow tube through which the 
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acetone passes must be considerable and in this experiment was augmented 
by the platinum black deposited on it. 

Dimethyl Mercury on Platinum .—A run of 90 minutes was made on a platinum 
target at 1600° C., but again we obtained no decomposition. The amount of 
dimethyl mercury recovered was 0*0359 grms., whereas based on a calibration 
with the target cold we should expect to obtain 0*1500 grms. 

Discussion of Results. 

We shall first consider the results obtained, using the platinum target at 
which no decomposition occurred. Let us suppose that we have a beam of 
acetone molecules, directed at a platinum target that is perfectly plane in the 
molecular sense and is at a temperature of 1600° C. Under these circum¬ 
stances the molecules would make only one collision with the surface, and 
furthermore at this high temperature it seems reasonable to suppose that only 
a negligibly small fraction of the molecules would be adsorbed for a time 
which is long compared to the duration of a collision. We are interested in 
the transfer of energy from the hot platinum surface to the internal degrees 
of freedom of the molecule, and those molecules that have acquired some 
internal energy in the collision process will have one or more quanta corre¬ 
sponding to the vibration frequencies in the acetone molecule. If the collisions 
with the surface are 100 per cent, efficient in the transfer of internal energy, 
the acetone molecules will leave the surface with a distribution of internal 
energy corresponding to the temperature of 1600° C, 

The heat of activation of acetone may be taken as 68500 cal.,* which is the 
difference between the average energy of the molecules that can decompose 
and the average energy of all the molecules. After collision with the platinum 
surface at 1600° C., some of the acetone molecules will have acquired a very 
high internal energy content, perhaps much greater than 68500 cal., and will 
decompose while they are at the surface ; others of lower energy content will 
decompose in their flight from the target to the liquid air-cooled surface, while 
others may have such a low probability of decomposition that they will be 
caught on the liquid air surface before decomposing. The fraction of the 
molecules having energy 68500 cal. or more at 1600° C. may be calculated from 
the equationf 

N -A 

r<*S)\RT/ 

* Hinshelwood and Hutchinson, * Proc. Roy. Soc., 1 A, vol. Ill, p. 245 (1926). 
f See Fowler, “ Statistical Mechanics,” p. 463, Cambridge University Press (1929). 
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where N is the number of molecules, S is the number of square terms in the 
energy equation and Q is the heat of activation. This equation can be used 
in its approximate form even at 1600° because Q/RT is still fairly large. Giving 
8 the value 15, we find that only 0* 06 per cent of the molecules have an energy 
greater than 68500 cal., and therefore the fraction of molecules capable of 
decomposition is far too small to detect even when temperature equilibrium 
with the surface is attained. 

The platinum target used in our experiments did not of course have a molecu- 
larly plane surface and many of the molecules must have made two or more 
collisions before leaving it. Some of the molecules doubtless bounced around 
in minute surface crevices for a long time compared to the duration of a collision, 
but we may assume that this fraction is negligibly small; unless the probability 
of transfer of energy from the platinum target to the internal degrees of freedom 
of the aoetone molecule is extremely small, we would observe decomposition if 
any appreciable fraction of the molecules remained in crevices or were adsorbed 
at the platinum surface. 

In the light of these experiments we may regard the acetone molecules as 
colliding with the surface and absorbing 0, 1, 2, 3, or more quanta. The 
probability of decomposition will be zero until the molecule has acquired an 
amount of energy equal to the heat of the primary decomposition, presumably 
the breaking of a carbon-carbon bond. Our calculations show that even if 
the acetone molecules attain the energy distribution corresponding to 1600° C., 
only a negligibly small fraction have an energy equal to the heat of activation 
and this calculation agrees with the experimental result. The experiments 
with acetone and a platinum target indicate that in continuing the work we 
must use another organic substance having a lower heat of activation than 
acetone or use a metal target capable of withstanding higher temperatures 
than platinum. 

We selected dimethyl mercury as a suitable substance to use, having a lower 
heat of activation than acetone. Its heat of activation has not been measured, 
but Jones and Werner* reported that it decomposes about 200° C. This is 
very low decomposition temperature for an organic compound and indicates 
that if it decomposes unimolecularly it would probably have a heat of activation 
less than 35000 calf Calculations based on this value show that if the dimethyl 
mercury comes into temperature equilibrium with the platinum target at 

* Jones and Werner, 4 J. Am. Chem. So©./ vol. 40, p. 1257 (1918). 
t See Kmahelwood, 44 The Kinetics of Chemical Change in Gaseous Systems," p. 159, 
The Clarendon Frees (1929). 
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1600° C. we should have obtained about 6 per cent, decomposition, whereas 
in the experiment there was no detectable decomposition. 

In view of the experimental results obtained with the platinum target, we 
decided to repeat the experiments using the much more refractory metals, 
tantalum and tungsten. Here, unfortunately, we found a new complication 
which did not occur in the case of platinum. The reaction that takes place on 
the tungsten or tantalum surface is accompanied by formation of the metal 
carbide ; apparently the specific property of the metal effective in bringing 
about decomposition of the acetone or dimethyl mercury is the ability to form 
a metallic carbide, since neither reaction or carbide formation occurs with 
platinum. We made a search of the literature, but found no definite information 
about platinum carbide other than a warning in discussing the use of platinum 
crucibles in analytical procedure to the effect that they must not be heated in 
a smoky flame, since subsequent heating to higher temperatures causes 
brittleness and loss of platinum through the formation of platinum carbide. 
This effect might readily be attributed to either solution of the carbon or 
solution of hydrogen, both of which might cause brittleness. 

The carbides of both tantalum and tungsten are known and have been 
studied to some extent, and the paper by Friederich and Sittig,* describes these 
carbides and their melting points, and Andrews gives further information about 
tungsten carbides. 

If the formation of a carbide is a necessary condition for the decomposition 
of the acetone, the minimum temperature at which decomposition can occur 
must be higher than the temperature above which the carbide can form. This 
temperature is not known for tantalum carbide, but Andrews states that 
tungsten carbide forms above 950° C. The runs with acetone on tungsten at 
860° and 940° showed no decomposition, while the run at 1085° showed a trace 
of decomposition. The minimum temperature of decomposition with tantalum, 
namely 1400° C., may be taken as the approximate temperature at which 
the rate of this heterogeneous reaction begins to be appreciable. The 
slowing up of the rate of decomposition of acetone on tungsten and 
tantalum targets is attributed to the formation of the carbides which 
reduces the number of metal atoms on the surface which are active in the* 
decomposition. 

We have not been able to find any information regarding the heats of forma¬ 
tion of tantalum or tungsten carbides ; however, a recent paper by Brantley 

* Friederich and Sittig, 1 Z. Anorg. Ohem.,* vol. 144, p. 174(1926); Andrews, ‘ J. Phy*. 
Ohem*,’ roi. 27, p. 270 (1923). 
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and Beckman* enables us to calculate that the heat of formation, of titanium 
carbide is over 200,000 cal. per mol. If the heats of formation of tungsten 
and tantalum carbides have some such high values it is easy to understand 
that the decomposition of an organic compound at these surfaces is determined 
by two factors, the first of which is the temperature at which carbide formation 
occurs at an appreciable rate, and the second is the presence of free metal atoms 
on the surface of the foil. 

Summary. 

When acetone or dimethyl mercury in a molecular beam collides with a 
heated platinum target there is no decomposition up to temperatures of 1600° C. 
Adsorption on the surface of any appreciable fraction of the molecules for a 
time very long in comparison with the duration of a collision should cause 
detectible decomposition ; this should also have been observed if any appreciable 
fraction of the molecules bounced around in minute surface crevices. Since 
no decomposition occurred, we conclude that adsorption on the surface or the 
trapping of molecules in cavities does not occur to any appreciable extent when 
organic vapours at low pressures collide with heated metal targets. 

When acetone vapour comes into temperature equilibrium with a target 
at 1600°, the fraction of the molecules having the energy of activation 65500 
cal. is too small to be detected. Dimethyl mercury should have a measurable 
fraction of activated molecules at this temperature, but since we did not obtain 
any decomposition we conclude that the transfer of energy from a heated 
target to the internal degrees of freedom of an organic molecule is not 100 per 
cent, efficient. 

When acetone or dimethyl mercury in a molecular beam collides with a 
heated tungsten target no decomposition is observed up to a temperature of 
1085° C. At this and higher temperatures a surface reaction occurs in which 
tungsten carbide is formed and carbon monoxide and hydrogen are liberated* 
This heterogeneous surface reaction only attains an appreciable rate at about 
1085° C. Similar results were obtained with a tantalum target except that 
the reaction did not commence until 1400° C. 


* Brantley and Beckman, * J. Amer. Ohem. Soc.,’ vol. 52, p. 8956 (1930). 
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The Adsorption of Hydrogen . Part II. — Maintenance of a Mono - 
molecular Layer and Liberation of Recombined Atoms with 
Emission of Energy. 

By M. C. Johnson, M.A., D.Se., Lecturer in Physics, University of Birmingham. 

(Communicated by 8. W. J. Smith, F.R.S,—Received February 13, 1931.) 

1. Tfui Types of Energy Exchange in Hydrogen . 

In a previous paper on “ The Adsorption of Hydrogen on the Surface of an 
Electrodeless Discharge Tube,”* experiments were described tracing the growth 
of a monomolecular layer. In the present paper these and further experi¬ 
ments are used to determine some of the conditions under which the con¬ 
stituents of the layer become enabled to leave it. 

It is first necessary to decide what distinctions can be drawn between the 
processes involved without depending on the unknown mechanism they may 
cover; hydrogen in this is peculiar, for while any gas-solid interface must 
strictly present a complex of several simultaneous processes, often including 
solution and chemical reaction, hydrogen alone allows us to isolate almost 
completely each in turn of the two following types of energy exchange between 
the phases. 

Type 1.—“ Collision ” with a surface involves in general a finite time interval 
between arrival and departure of the impinging particle. If this duration is 
short, most encounters approximate to the diffuse reflection discovered by 
Knudsen and R. W. Wood ; this involves a transfer, between gas and solid, 
of some fraction of the difference between their respective thermal energies. 
The concept of accommodation coefficient, or fraction denoting the efficiency 
of this transfer, is only valid if this happens to be the only type of energy 
exchange taking place ; it is doubtful whether this condition iB fulfilled except 
for the rare gases and for ordinary diatomic hydrogen at ordinary temperatures, 
but in so far as it is fulfilled the function of the solid is simply to transfer 
kinetic energy to and from the gas by a mechanism which approximates to 
a model of elastic rebound. Adsorption of the gas itself becomes negligible 
early in the approach to this ideal type, and I have shown elsewheref that the 
function of adsorbed layers of certain other gases is simply to introduce small 
variations into the accommodation coefficient for impinging H a , 

♦ 4 Proo. Roy. Boo./ A, voL 123, p. 603 (1929), referred to as Part I, 
t ‘ Proo. Roy. Boo./ A, voL 128, p. 432 (1930). 

F 2 
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Deviations from this diffuse reflection may either tend towards still shorter 
duration of collision, approaching finally the true “ wave ” reflection dis¬ 
covered by Stem and Knauer,* and the extremely small accommodation 
coefficients found by Roberts,f or may tend towards longer duration. In the 
present paper we are concerned only with the latter, i.e* f the transition between 
diffuse reflection and adsorption. 

Type 2.—If through any mechanism, possibly, but not necessarily, an image 
attraction, the finite interval between arrival and departure at the surface 
ceases to be negligible, there must exist at any moment a partial covering on 
the solid. Though H 2 and the rare gases impinging on this adsorbed layer 
may merely suffer slight adjustments of their accommodation coefficients, for 
many other gases the latter loses its simple meaning entirely ; for there may 
now enter another type of energy exchange between atoms in the layer and 
atoms from the gaseous phase, which will not follow the laws of elastic rebound 
and may even be recognisable as chemical reaction. The function of the solid 
is now extended to receiving and conducting away any surplus energy from 
those exchanges. In doing this the solid may itself constitute a condition that 
such exchange shall take place, for the following reason, formulated by Born 
and Franck, Bonhoeffer, and others ; two atoms capable of combining with 
emission of energy could only approach, interpenetrate, and then recede from 
each other again, if some third body were not present to receive the energy 
which must be lost if the resulting diatomic molecule is to be stable. The 
various physical mechanisms underlying the chemical term catalysis are not 
sufficiently known to be classifiable, but there is no doubt that the above forms 
one of them. 

The rare gases in their normal state present an extreme example of type 1, 
but attempts to make them exhibit type 2, under stimulation, have so far not 
been free from suspicion of impurity due to electrolysis of glass vessel, etc. 
But whereas H a , except at very hot surfaces, is a good example of type 1, a 
partial pressure of highly adsorbable hydrogen can always be produced in it 
by discharge, by photosensitisation, or by very high temperature, and this 
partial pressure can be reduced as nearly as desired to zero when a reversion 
to type 1 is required. A variety of evidence makes it extremely probable that 
the adsorbable product consists of neutral H*. 

In t ak i ng advantage of this possibility of investigating both types of energy 
exchange in turn in the same gas, it is soon found that the means by which 

* * Z. Physik,’ vol 63, p. 779 (1929). 
t ‘ Proe. Roy. Soc.,’ A, vol. 129, p. 146 (1930). 
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the layer of H x is maintained on walls, filaments, or electrodes, must differ 
in important features from the simple balance between condensation and 
spontaneous evaporation discussed in most treatments of adsorption. Since 
“ catalytic ” solids become hot when exposed to H x , it is obvious that one of 
the reasons for restriction of the layer to monomolecular thickness is that given 
above ; fresh atoms impinging on it may emit energy in recombining with 
those adsorbed, the re-formed and non-adsorbable H a returning to the gaseous 
phase. Langmuir also suggested that H x striking a layer of H x may be reflected. 
But though both those processes are generally agreed to be probable, no 
suggestion has hitherto been made as to when or why the one might predominate 
over the other. 

In the present investigation we determine the variation of the first of these 
processes with definite conditions. The method of obtaining the experimental 
data which we shall use has been described in Part I. 

2. Terms Contributing to Density of Layer. 

Let saturation be defined as the condition in which surface density, in 
adsorbed atoms per square centimetre, is the maximum possible in equilibrium 
with a given pressure of adsorbable gas at a given temperature; this is not 
necessarily the maximum surface density attainable if the adsorbed atoms 
were packed in contact with each other. 

n = surface density of H x , atoms per cm. 2 

n x ass number of H x atoms striking the surface, per cm. 2 per second 

N lf N 2 = concentration of R x and H 2 , respectively, per cm. 8 in the gaseous 
phase. Then if an adsorbed atom has a diameter 8 cm., so that m atoms per 
cm. 2 will fill a monomolecular layer by the simple arrangement given by 

m — l/s 2 

we define fractions 

F 2 *= n/m 

F x -1-F 2 , 

m is of the order of 10 16 for most atoms. 

But in the state which we defined as saturated, it is probable that not all 
the available space is filled; the layer may only contain m' per cm. 2 , where 
m' < m, either because of intermolecular forces which prevent close packing 
(in static equilibrium), or because of the rapidity of desorption (in kinetic 
equilibrium). We shall require the corresponding fractions 

F 2 '« n/m\ 

F x ' = 1 — F t '. 
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Thus F x , F 3 and F/, F 2 'are respectively the fractions, unoccupied and occupied, 
of total surface area and of that portion of the surface which becomes covered 
by atoms when saturation is reached, In the progress of an adsorption such 
as was investigated in Part I we have, initially, 

F 2 =s= F/ = 1 and F 2 = Fg = 0, 
and in the final state, 

F/ = 0 and F/« 1, 

whereas F x and F 2 each tend to some finite limit. Then 

dnjdt = aF ^n x — 6F 2 n — <f> (w, n v E), (1) 

in which 

a = fraction of atoms striking bare surface which condense, 
b = fraction of adsorbed atoms which evaporate per second, 

and <f> is some function representing the transformation of an adsorbable 
into a non-adsorbable molecule with emission or absorption of energy E. 

This equation generalises as follows some particular cases already known. 

1. If <f> == 0 and dnjdt = 0, it expresses (i) an equivalent of the original 
isotherm of Langmuir, if 6 is a constant, or (ii) the principal additional feature 
of Frenkel's theory of adsorption, if 6 is an exponential function of temperature 
T and of a heat of adsorption A. 

2. If ^ ^ 0 and E becomes a heat of activation in the sense of Arrhenius, 
either n or n v or both, enter into the function according as the reaction leading 
to the formation of non-adsorbable molecules involves one phase or two. 
The present case must be distinguished from two better known types :— 

(i) Heterogeneous reactions involving E in this sense are discussed in Hinshel- 

wood’s treatise,* in which he shows that the rate of molecule formation 
follows laws of which the most simple involves both E and A in the form 
e -(E-A)/HT rpy 8 uge 0 j g xg no j. applicable to the present case since 
we have no reason to suspect that the solid activates the hydrogen by 
supplying energy to it. 

(ii) A problem more closely resembling that of H x at the gas-solid interface 
arises with the electrolytic deposition of H x at the liquid-solid interface. 
But there the recombination which results in desorption of H a from an 
electrode may be able to take place between pairs of atoms both situated 
in the surface layer ; in that case <f> would involve a term in n a but no 
term in n x and no term in E. 

* “ Kinetics of Chemical Change/' 2nd ed,, chap. 8* 
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3. In the case of the present paper, E is again excluded from any function 
controlling dn/dt , and contrast with the electrolytic problem is due to a term 
in nn i replacing that in n 2 . The contrast with Hinshelwood’s study appears 
on p, 70, in that an exponential term in A is added to, instead of multi- 
plying, the term representing recombination. That no term in n 2 is needed, 
i.e., no appreciable recombination takes place between pairs of atoms both in 
the adsorbed state simultaneously, is clear from the experiments of Part I, 
where n remains constant after n x is reduced to zero. That no term in n t * 
is needed, t.e., most of the recombination is not between pairs of atoms both 
impinging simultaneously from the gaseous phase, is shown in BonhoefEer’s 
monograph on atomic hydrogen.* 

Hence for the present case the general equation may be reduced to the form 

dn/dt = aFj^ — b¥ 2 n — c¥ z n v (2) 

where c is a coefficient with whose absolute magnitude we are not concerned, 
but which is proportional to the probability that a gas atom striking an adsorbed 
atom recombines with it and at once re-enters the gaseous phase as H 2 . 

3. Numerical Calculation of Terms . 

The principal measured facts are falls of pressure in an electrodeless discharge 
as H x is formed from H a and becomes lost to the gas pressure by being adsorbed 
on the walls ; if no metals are present at all, and the experiments are con¬ 
trolled by the precautions detailed in Part I, dn/dt is connected with the observed 
pressure changes by the relation 

kdn/dt - - NdNJdt - - 2VdN 2 /<fc, 

where A is the area on which adsorption takes place, and V is the volume in 
which gas pressure falls. If p be this pressure in millimetres Hg, 

N, « 2-7 X 10» y X 27S/(T X 760), 

therefore 

dn/dt = - (2V/A) (dp/dt) 2-7 X 10 1 ® X 273/(T X 760) 
by which the particular apparatus may be calibrated. In the case chosen 
we find by measurement 

dn/dt = - (dp/dt) x 1*65 X 10 17 , 

hence the equation connecting observed gas pressure with state of adsorbed 
layer may be written 

+ n x (cF a - aF x ) » (dp/dt) X 1 *55 X 10 17 . 

♦ • Ergeb. Exact. Naturw.,* vol. 0, p. 219 (1927). 


(3) 
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It is found in the experiments that the layer is so stable at room temperature, 
no measurable rise in pressure occurring after the dissociating current is cut 
off, that we may write, to a first approximation, 

dp/dt = 0 

when ttj = 0 and F a ~* maximum, therefore 

b = 0. 

Following Langmuir and Frenkel we shall assume that, to a high approxima¬ 
tion, a is a constant. For the present purpose we shall assume 

a ~ 1. 

From the initial rate at which pressure is observed to decrease in the experiment 
exhibiting the maximum fall for this particular apparatus, t.e., under conditions 
of nearest approach to 

F x — 1 and F 2 = 0 

we obtain 

dpjdt = 6*7 X 10“ 4 mm. per second, 
substituting these conditions in equation (3) we obtain 

^ = 10*4 X 10 w . 

From this it is readily shown that the partial pressure of dissociated hydrogen 
is very small compared with that of H a ; accordingly n x may be regarded as 
constant. Hence, from the rate of pressure fall at any other stage in the 
formation of the adsorbed layer, we can obtain 

cF 4 - F x « (dp/dt) X (1*55 x KF/KM X 10»). (4) 

We denote this quantity by x, and compute its mean value over the first 
i minute of each of the experiments represented in the four pressure-time 
graphs of fig. 1, representing different stages in the u fatigue ” as discussed in 

Part I. We make the necessary calculations from the dotted curves (_), 

these are pure exponential functions of time chosen to have the same “ period 
of half decay ” as the observed pressure curves. The difference between the 
dotted and the full curves represents the error of this first approximation or 
idealised treatment, an error including also untraceable variations in /q and 
changes in surface conditions consequent on liberation of the energy of re* 
combination. 

Curve. 12 3 4 

0*825 0*707 0*541 0*323 


x 
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The variation in the coefficient c may now be found if a series of values of Fj 
and F a are obtainable, since 

c =(x + F l )/F a . (5) 

We employ the experimental determination of the packing in the layer on 
this glass specimen at saturation, namely, 5-9 X 10“ per cm. 2 , compared 
with the number of H, atoms of Bohr’s model which could be packed if in 
contact, 8'9 X 10“ per cm. 2 . Thus, at saturation 


dpjdt — 0 when n, 0, 

therefore 

c = Fi/F a 

= (8-9 -5-9)/5-9 = 0-51, 


and the finite limits to which the fractions tend at saturation are 
Fj =s 0• 338 and F a = 0-662. 

The evaluation to three figures is only justified when the range of variation 
of c is subsequently found to be far greater than could be accounted for by the 
inaoouracies of the data. 

The above enable us to obtain a series of values of F x and F a from a corre¬ 
sponding series of F r ' and F a '. The latter are directly available from the 
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curves, since F x ' at an y point will be given by the fraction of the maximum 
pressure fall which is still capable of taking place from that point onwards. 
We take these values at the middle of the first £ minute interval on each curve. 
We obtain 


Hence 

whence, from (5), 

corresponding to 


F/ 

= 0-870 

0-545 

0-364 

0-273 


*y 

= 0-130 

0-455 

0-636 

0-727 


F, 

== 0-914 

0-699 

0-579 

0-519 


F, 

» 0-080 

0-301 

0-421 

0-481 


c ■■ 

= 20-2 

4-67 

2-66 

1-75 

(0-51) 

jdt 

= 8-58 

7-36 

5-62 

3-35 

(0) 


Graph 1 of fig. 2 indicates how the final (bracketted) value of c, determined 
directly from the surface density at saturation, is not inconsistent with the 
other values, illustrating the reality of a “ loose packing ” effect, though its 
exact magnitude may vary from one specimen to another, since it may include 
an “ effective ” area to which we can only approximate. 

The value of n at various stages in the growth of the layer may be obtained 
from 

n = F 2 ' X 5*9 X 10 15 . 

Graphs 2 and 3 of fig. 2 show c and log c plotted as functions of n. The latter 
relationship is approximately linear, enabling us to obtain the extreme value 

<7 = 35*8 when n = 0 


by means of which the values of c may be transformed into fractions of this 
maximum. Denoting these by P and taking P 0 = 1 as the probability that 
collision leads to recombination if the atom, when struck, is alone in the 
surface with no neighbouring atoms within reach, we find 


in which 


P=P 0 e—, 

k = 0*75 


approximately, if n is expressed in multiples of 10 16 per cm. 8 . This function 
is also plotted (+) on graph 2 of fig. 2. 

The inevitable errors in any geometrical estimation of the “true area n 
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accessible to atoms striking a solid from the gaseous phase are considerable, 1 * 1 
and make it impracticable to attempt any interpretation of the numerical 



Curve 1—Ordinates dn/dt, abscissa* c. 
Curve 2—Ordinates n, absciss® c. 
Curve 3—Ordinates n, absciss® log c. 


constants in terms of a collision target of definite area. But no reasonable 
adjustment is able to change radically the functional form of P, e.g. f to make it 
independent of the concentration of atoms in the layer. 

Thus the chance that any collision between a hydrogen atom from the 
gaseous phase and a hydrogen atom in the adsorbed layer should result in 
recombination and desorption decreases, approximately exponentially, as 
the concentration of neighbouring Hj in the layer is increased. 

4. Application to Stats of Aggregation of Adsorbed Layer . 

The decrease of probability of recombination on collision as concentration 
increases can only be ascribed to the “ capture ” being hindered in some way 
by the neighbouring atoms. 

That the adsorbed atoms exert a holding back tendency on any one of their 
number which would, if isolated, recombine as soon as struck by a gas atom, 
indicates that some bond of attachment does exist between the atoms in 

* Bowden and Rideal, ‘ Proc. Roy. Soc.,* A, vol. 120, p. 59 (1928); Bowden and 
O'Connor, ibid, vol. 128, p. 318 (1930). 
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their adsorbed state, and increases its hold with their concentration. As the 
latter increases, impinging atoms must tend more and more to be reflected ” 
instead of recombined, and the energy exchange degenerates towards that of 
type 1 or even towards true specular reflection. The valency of an H t atom 
in the layer is therefore not completely unsaturated unless it is virtually the 
only atom present on the surface. 

Until it could thus be shown that recombination is not independent of the 
existence of neighbouring particles, the comparatively loose packing of the 
layer gave no indication that its constituents could cohere at all; it either 
had to be looked upon as having complete freedom of molecular movement 
parallel to the surface, with a density restricted only by “ collision area,” or 
as having any structure it possessed determined solely by the underlying solid. 
But we must now admit that the adsorbed layer possesses, in a qualitative 
sense, the character of a lattice ; the picture of it as a “ two-dimensional gas ” 
becomes incomplete as soon as we find evidence of a bond between its particles, 
even though in this case the resulting cohesion is constantly held in check by 
forces from the solid and gaseous phases on each side of it. Mechanical models 
of this adsorbed state must therefore exhibit more of a general resemblance 
to the aggregation of a vapour so compressed as to be on the point of con¬ 
densing, than either to a stable lattice or to a gas above its critical state. 

5. Liberation of Heat at Recombination . 

If W ergs per molecule be the heat of dissociation of hydrogen, WPFgt^ 
ergs per sec. per cm. 2 is received by the underlying solid according to the 
process (type 2) described on p. 68. 

The existence of this heating of a solid when exposed to a mixture of Hj and 
H a is well known. Now the conclusion arrived at from our experiments and 
exhibited in the above tables is that c increases while F* decreases ; but trial 
computation at once shows that this increase is such that the product cF t 
also increases as F a decreases until it passes through a maximum. Hence, 
over any range short of this maximum, the rate at which the solid gains heat 
becomes greater the less densely packed is the adsorbed layer. 

Two cases of this are of interest, if we consider a state of a gas-solid interface 
for which 6^0. This coefficient of spontaneous evaporation must vary 
according to a law of the type 

b » &o*- A ' RT , 

where b 0 is some chosen maximum number of evaporations per second, and A 
is a heat of adsorption. 
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Accordingly equation (2) may be written in a form expressing the heating 
of a solid by recombination when the layer has become saturated but is still 
being bombarded with H 3 

dnjdt = 0 when ^ 0, (6) 

therefore 

cFgWj = F \n x — bF 2 n 

= F x n x - F a ?i£ 0 e“ A/KT . (7) 

(i) Take two substances whose adsorbing powers for H x are different and 
are expressed by A and A'. If an experiment is made at the same temperature 
as before but with the second substance in place of the first, equation (6) will 
no longer hold for the same values of F x and F a> and equilibrium will instead 
be reached at, say, 

c'F 2 % - F/'rtj - F a 'V6 0 <r A '' RT , (7a) 

in which, if we have 

A' < A, 

F 1 ">F X and F a " < F a , 

therefore 

c'> c 


so long as the range covered by c and F is not outside that corresponding to 
the table worked out for the particular case of glass we have also the conse¬ 
quence 

c'F a " > cF a , 

and the heating per sec. per cm. 2 of solid will be greater than in the corresponding 
state of equilibrium for the other solid of greater adsorbing power. 

(ii) Take instead a single substance at two different temperatures; for a 
similar reason to that of differing adsorbing powers, the saturation values of 
F v F a , n, will again be different, and equation (7) will again be replaced at the 
second equilibrium, this time by 

c'F a "wj « F x "n x - F a "«V~ A/RT '» (7b) 

in which, if we have 

T'>T 

so long as the appropriate range is not exceeded, the same argument as before 
leads to 

c'F # " > cF a , 

the heating communicated to the solid being greater than if it were at a lower 
temperature. 
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The sign of this change of cF a with A and with T will obviously depend on 
the range chosen; if a substance of very low adsorbing power is used or if 
any substance is raised to a high temperature, a limit will be reached beyond 
which the heating by recombination decreases again instead of further increasing 
as the surface layer becomes still less densely packed. Finally at extremely 
low A or high T an approach is made to the other energy exchange, type 1 
of p. 67. 

For the glass specimen from which the present data are derived, a graph of 
cn and n constructed from the linear relationship of fig. 2 indicates that the 
maximum rate of heating will occur at approximately one-quarter of the 
original saturation density in this particular case. 

Even with a high concentration of H a it is not possible to isolate experi¬ 
mentally this maximum for glass, since as soon as the temperature is raised 
to, say, 100° C., the diffusion of gases from the interior of any vitreous sub¬ 
stance, however well baked, must mask the simple surface processes with which 
we have been dealing. 

Nevertheless the variation of heating with A and T must occur with other 
substances than glass, and finds verification in the following wav* for the cases 
which we have called (i) and (ii). 

6. Recombination at Different Surfaces. 

Consider any series of solids of different heats of adsorption A, at a given 
initial value of T. We have shown that, so long as A is not too small, the 
heating of the surface in a given stream of H x will be greater the smaller the 
surface concentration of atoms allowed to the saturated state by the magnitude 
of A, at a given temperature. But the capacity for acquiring heat in the 
presence of H t has been taken as measuring—or even as defining experi¬ 
mentally—the solid's “ catalytic activity for recombination of hydrogen ” ; 
hence a sequence of the apparent catalytic powers should be inversely a sequence 
of adsorptive powers. 

The continuity of correspondence between the two sequences may be broken 
as soon as a substance is met whose behaviour to hydrogen is not covered by 
this simple theory, e.g. t forms hydrides or solutions ; it may also be broken if 
for any substance the heat of adsorption is not small compared with the heat 
of recombination of hydrogen, since then the thermal aspeots of the con¬ 
densation itself are no longer negligible.* 

[* Note added April 18, 1931,—A complete account of these phenomena should include 
the heat due to adsorption itself; for hydrogen on many catalysts this is probably (see 
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That the expected correspondence does occur is shown by Bonhoefifer's 
discovery! of an order of decreasing apparent catalytic activity for the metals 
Pt » Pd, W, Fe, Cr, Cu, Pb, Hg, 

this order being also the sequence of increasing cathode overpotential, and 
holding for all the metals examined except Ag. Now this phenomenon of 
cathode overpotential is taken by recent writers as measuring the surface 
concentration of H*. Hence Bonhoeffer’s conclusion, based on actual com* 
parison of the relative heating of different solids in H x , associates increase of 
heating with decrease of a phenomenon considered to indicate the order of their 
powers of holding an adsorbed layer of the atoms. 

This is the same conclusion to which we have been led in the present paper 
by a quite different type of experiment. 

It may be noticed that in comments by Rideal and TaylorJ on Bonhoeffer’s 
discovery, the low density of a layer could well be taken as the effect of strong 
catalytic activity, the latter being regarded as the cause varying specifically 
from one substance to another. Here the process of maintaining an adsorbed 
layer seems more consistently pictured by interchanging this cause and effect, 
i,e. y for the particular case of H v catalysis was given a physical meaning 
which is qualitatively the same for all solids, and quantitatively varies in 
consequence of the varied density of layer which they adsorb. 

7. Reoombination at Different Temperatures. 

A second test of the relation between probability of recombination and 
density of layer may be made by varying the factor T in equation (7 b). The 
heating of a solid immersed in H x should increase as the initial temperature is 
raised and should ultimately pass through a maximum. 

This variation of recombination with temperature must not be confused 
with that expressed by the more commonly met u temperature coefficient ” 
of a reaction ; the latter concerns the energy characteristics of the reacting 
atom while the former, in our theory, concerns the inhibition of reaction by its 
neighbours ; a “ temperature coefficient ” is due to a need for “ activating ” 
the participants, whereas when two H x atoms unite it is very improbable that 
any such preliminary is needed at all. 

Part I* p. 612) of the order of 1/10 the heat of recombination, and so need not be expected 
to predominate in this instance. With some other gases the correction would be more 
serious, e.g., for oxygen the heat of adsorption is actually greater in some cases than the 
heat of recombination.] 
t ' Z. Phys. Chem.,’ vol. US, p. 199 (1924). 

% “ Catalysis in Theory and Practice,” 2nd ed„ chap. 16. 
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For experimental detection of the variation which we expect in the heating, 
a solid is required which forms neither compounds nor solutions in hydrogen 
within a temperature range covering passage through the ma xim u m ; tungsten 
is the most favourable material, but even this has been shown by Dillon to be 
far from ideal* 

Preliminary experiments and calculation indicated that of all the causes 
leading to change of resistance of a tungsten wire carrying a constant current 
in H x , only the following were important, so long as care was taken never to 
heat the wire in air or otherwise invite reaction with 0 or N :— 

(i) The liberation of heat by surface recombination of H 1 . 

(ii) The Pirani gauge effect, or correspondence between rate of heat loss 
from the wire and any change in gas pressure. 

(iii) Secular alterations of Pirani effect due to modification in rate of heat 
loss when continued heating has caused ro-arrangement, removal, or 
coating, of the surface, leading to alteration of accommodation coefficient 
or of effective area. 

(iv) Secular alteration of resistance at a given pressure, due to hydrides or 
solutions. 

The measurement of (i) was obtained as follows. A mixture of Hi and H, 
from an electrodeless discharge tube was allowed to pass over a tungsten wire. 
The proportion of was large enough to ensure saturation being reached in 
a time short compared with the length of each experiment, and yet was small 
enough not to add to the above list any serious complication by thermal 
conductivity of free atoms. Any possible result of direct induction from the 
discharge circuit to the tungsten wire was eliminated by a null observation. 

We shall denote by h the heat liberated at a wire of mass m, surface area a, 
specific heat s, initially at temperature T 0 , and exposed to atomic hydrogen 
for time t . This may be equated to the expression previously used for the 
energy of surface recombination of atoms, 

h as ms (T — T 0 ) + J 
at (WPFanj), 

where l is the heat lost by the wire, mainly by conduction. The observable 
quantity for comparing different values of h in the experiments is the resistance, 
measured by continuous compensation on a potentiometer* Let V be the 
compensation for R which is a change of resistance at constant current c. Let 


* 4 Free. Pfayi. Soo.,* vol. 41, p* 546 (1929). 
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^h> V Pj K h , R P , be the portions of V and R due to (i) and (ii) respectively ; 
the relative importance of these will vary according to the stage reached in 
saturations of the walls throughout the apparatus. So long as the experi¬ 
ments are all carried out at the same initial pressure, and the temperature 
range is such as to allow neglect of changes in s, all the quantities in the above 
calorimetric equation may be regarded as constant except T and T 0 , which 
latter controls the initial resistance on which is to be superposed the variation 
tt ; hence, to a sufficient approximation, we may write 

f* 

h = k R u dt y 

J o 

- -f(V-Vp)*. 
c Jo 

Tin* elimination of the most important factor outside the heating by recom¬ 
bination, namely, V r , was carried out as follows. 

During any 5 minutes’ exposure to II, the compensation of total potential 
change V was read at J or J minute intervals, and simultaneously the pressure 
change was read on an independent continuous-reading micromanometer of 
a design described in Part I. The pressure readings were then translated into 
values of V P by means of calibration curves ; these were constructed in H 2 
for each value of the current, and related the micromanometer to the tungsten 
wire acting as a Pirani gauge. Time graphs of V P and V could then be con¬ 
structed and superposed and the difference between their areas measured. 
This difference between the curve of total potential change and of that portion 
of it due to pressure change represents the integrated change of potential due 
to heating by recombination, in the above equation, and when divided by the 
current is proportional to the heat liberated in a given time by formation of 
desorbable hydrogen at the surface of the wire. 

This experiment was repeated for several sets of initial temperatures, calcu¬ 
lated from the resistance of the wire at a given pressure. The existence of a 
maximum in the heating effect was at once verified at about 100° C. This is 
shown (fig. 3) in a series of values of h and T. At the state of layer permitting 
the maximum number of recombinations per second these very localised 
liberations of energy must disturb considerably the arrangement of molecules 
in the outer regions of the solid lattice ; this may alter momentarily the fields 
of force at the interfacial boundary and cause fluctuations in the adsorbing 
power which the foregoing has had to regard as constant. For this reason 
the experimental error becomes large near the maximum. Together with the 
you cxxxii.—a. o 
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incomplete freedom of even tungsten from the complications (iii) and (iv), 
also the intrusion of heat of adsorption into the total heating, and effects of 
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the rise in temperature itself, this confines our inference to a proof that the 
heating effect does pass through a maximum as demanded by the kinetics 
of desorption. Owing to these errors the superficial resemblance of the maxi¬ 
mum to that of a resonance phenomenon may be fortuitous, and the points are 
left to exhibit their maximum without decision as to any particular curve 
they might follow. 

8. Summary. 

By analysing curves of the fall of pressure in an electrodeless discharge, 
numerical values are obtained for the several processes contributing to the 
maintenance of a loosely packed layer of adsorbed hydrogen. It is found that 
a term representing liberation from the layer by recombination with an atom 
impinging from the gaseous phase decreases exponentially as the concentra¬ 
tion in the surrounding layer increases ; this is interpreted as indicating the 
existence of a bond causing an incipient tendency to self-constituted structure 
among the atoms in the adsorbed state. Among the consequences it is found 
that, for a given partial pressure of atomic hydrogen in the gaseous phase, the 
total emission of energy by recombination of atoms leaving the layer should 
increase as the initial temperature of the surface is raised, and should pass 
through a maximum. The existence of this maximum is verified experi- 
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mentally by measurement of the heating of a tungsten wire, a method 
being devised to correct for the action of the wire as a Pirani gauge responding 
to the pressure changes which occur during adsorption. 

I am very grateful to Professor S. W. J. Smith, F.R.S., for generously making 
possible this work, to Dr, T. L. Ibbs and Dr. G. E. Harrison for kindly criticisms, 
and to Mr. G. 0. Harrison for instrument construction. 


On the Connection between the Ray Theory of Electric Waves and 

Dynamics . 

By T. L. Eckbrsley, M.A. 

(Communicated by W. H. Eccles, F.R.S.—Received February 16, 1931.) 

§ 1. In the study of the transmission of electric waves round the earth 
(especially in the case of what are now known as short waves of frequencies 
between 3*3 X 10 7 and 3*3 X 10 6 , 10, to 100 M in wave-length) we have to 
consider the behaviour of such waves in the ionised region of the upper atmo¬ 
sphere. For the purposes of the analysis of the wave motions, this region 
may be considered as one in which there is a variable distribution of electronic 
density represented by N„ say, which is taken as a function of the co-ordinates 
x y y, z. The electronic density is of major importance, the ions, in general, 
being so heavy that their reaction on the waves is small compared with that 
of the electrons. 

The phase velocity V in the medium is then, as is well known, c/\/l — v 0 a /v* 
where v 0 is the critical frequency of the medium at any point x, y, z given by 
v 0 a = Ne^/rcm, and in respect of this (the quan tity N) is a function of the 
co-ordinates x , y t z . The group velocity U is cy/ 1 — v 0 2 /v a , so that UV = c a . 

Knowing the phase velocity as a function of x, y, z it is possible by means of 

Fermat’s principle to derive the equation of the ray path 8 J ~~ =* 0 appropriate 
to any problem. 

But it is well known that ray methods are only approximate, and it is the 
object of the following paper to discover how far such approximations are 
justified. Hamilton expressed the relations between rays and the corre¬ 
sponding orbits in dynamics. It will be shown, in the present case, that we 

6 2 
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can interpret the rays as the orbits of a group or packet of waves considered as 
a particle, moving in a field of force whose potential is proportional to N, or 
v 0 *. Then the relation between the approximate ray theory in radio trans¬ 
mission and the true wave theory is identically that between the Newtonian 
dynamics of an electron and Schroedinger’s wave theory of it. The wireless 
ray theory fails when the radius of curvature of the ray becomes comparable 
with the wave-length, in just the same way as the Newtonian dynamics of an 
electron fail when the orbit becomes of atomic dimensions comparable with the 
wave-length of the Schroedinger ^ waves. 


As a starting point, consider the general equation of propagation of waves 
in an ionised region. If represents the four potentials F, G, H, i</>, then we 
may put 


_ A / 1 _ ?l) d 3t — o * 

Vv o-A 1 ’ 

(i.i) 

or if is periodic of the frequency v, 


= 4>, e i2m ‘, 

(1.2) 

V+,+^( l-$)*h = 0. 


or considered as a function of x, y, z put 


(2tc)^ =f(xyz), 

V* = const. = E/A x 2 , say 

v^i + (^Tr-f(w))h = o. 

(1.3) 


The similarity between this and Schroedinger’s wave equation is obvious. 

Following the method of Bruillion we seek a solution of the form tjq — c" 1 * 8 , 
where 8 is a function of x f y, z, ..., and represents the phase of a periodic 
quantity ; then 

v ‘+ - - «*» {(if+if +(&)*} *>+**”>■ 

and we get 

+ if)’ + (!)’} - < E -/W) = *.*«• 0.*) 

* In deriving this, the gradient of ionic density is assumed so small that it is possible 
to neglect the differences due to the direction of polarisation of the electric force. 

t being an indeterminate factor of the dimensions of an angular momentum, introduced 
to give the quantities etc., a dynamical significance. 
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The left-hand side when equated to zero is exactly the Hamilton Jacobi 
equation for the action function S of a particle of energy E moving in a field 
of force whose potential is (/ (xyz)). If now in our approximation we suppose 

the right-hand side small compared with 2 (^-) —and later we shall investigate 

\CX; 

what this condition requires—the equation (1, 4) prompts a dynamical inter¬ 
pretation. 

The significance of (/qS) in the dynamical theory is that the gradient of it 
with respect to x 9 y, z represents the momentum of the particle, as in the 
Hamilton Jacobi theory. 

If now q n is the direction perpendicular to the constant phase surfaces S 

h 0S 

constant, then = p the momentum ; but in our case 


or 


but 

therefore 





_ (M 2 




UV -e 2 


dhy 8 

S ?n 


U — MU. 


(and is also a momentum), where M represents an effective mass (of the group) 
ftjv/c 2 and dh S fdq n represents the momentum of a group of waves of mass 
M, 

Thus a group of waves—a small wave packet—will travel along the normals 
to the surfaces S = constant, i.e., along the rays like a particle of mass M in 
a field of force derived from a potential 


o 2 M 2 


N£ 

7cm 


This dynamical interpretation and its connection with the ray theory can be 
deduced directly from Fermat's principle of least time, which is the direct 
expression of the ray theory rather than the more accurate wave theory. 
Thus we have 
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Again., using the relation V phase X U group = o* we get 


»[*» or 

Jo 3 c* J dt 

Now dBjdt represents the group velocity. 

It therefore follows that 

8 f- = i-8 f U Ut = 0 
J V c* J 


= JL S f T dt where T = MU*/c, 

Me 2 J 

which is Hamilton’s principle of least energy for a particle with a constant 
energy moving in a field of force which constrains the velocity to be U. Since 


MU 2 


Me 2 

2 


\f (l 


v 2 Me 2 

Me 2 will represent the total energy and —- the potential energy as before. 


Fermat’s principle determines the ray path. It is thus shown that these 
ray paths are the same as the dynamical orbits of a group or wave packet.* 
§ 2. Conditions for the Validity of the Ray Theory .—It has been shown that 
the ray theory—or the equivalent dynamical theory—is only valid when 
27ti V 2 S is negligible compared with 

WS(!)‘ (2.1) 

This condition has been discussed previously by De Broglief and Blackett, J 
and is expressed by the former by means of the relation 


c° s e|^<i, 


( 2 . 2 ) 


where V is the phase velocity, X the wave-length, l the direction of the greatest 
increase of V and 0 the angle between l and the ray direction. 

In the simple case where 0 = 0 and the ray is in the direction of the gradient 
of V we have 

?sr <L ^ 

* In connection with the foregoing, reference may be made to (a) J. J. Thomson, 
‘Phil. Mag.,’ vol. 6, p. 1254 (1928); (6) W. De Groot, ‘Phil. Mag.,’ vol. 10, p. 521 
(1930); (c) T. L. Eekersley, ‘ J. Inst. Eleot. Eng.,’ vol. 67, p. 1026 (1929). 

t De Broglie, ’ J. Physique,' p. 322 (1926). 

% BJaokett, ‘ Proo. Oamb. Phya. Soc.,’ vol. 23, p. 698 (1927). 
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If l is measured in wave-lengths by the quantity = i/X 0 , Xg being the wave¬ 
length in vacuo, i.e., c/v, then 


£ 


!)<i. 


(2.4) 


Thus tho gradient must be so small that V only changes a small fraction of c 
in a wave-length. In such conditions the ray theory is valid, but where the 
gradients are too sharp or the wave-lengths too long the full wave method must 
be used. 

§ 3. Proper Values.— In general where we have radio waves in an enclosed 
space, as for instance between the earth’s surface and the upper conducting 
layer, a steady state is set up where the interference between the multiply 
reflected or refracted rays results in a pattern in which certain rays, by virtue 
of their interference, are selected for survival, and others vanish by cancel¬ 
lation. These selected values correspond with the “ proper values ” of the 
solution of the fundamental differential equation, subject to suitable boundary 
conditions (in general the finiteness or vanishing of the wave-function at oo ). 
The quantum theory of Schroedinger has made us familiar with these “ proper 
values,” and in general where the ray condition (2, I) is not valid we have to 
investigate the “ proper values ” separately for every distribution / (xyz). 
But where the gradients are so gentle that the ray conditions are valid we may 
use a definite process (derived from the known distribution function / (xyz )) 
by which the 44 proper values” can be approximately calculated. 

The relation of this method to the accurate calculation of the “ proper 
values ” is the same as the relation of the older Bohr Sommerfeld phase-integral 
quantum method to the new Schroedinger wave-mechanical method. Consider, 
for simplicity, a gradient wholly in the vertical direction. 

The differential equation is 


Putting 

then 


V*’]> 


2)1 

v*/c* 


* 1 

c* dt 2 


0 . 




tp =® e A 


ipf 




i, = 0 where «* — 1 — 


(3.1) 


(3.2) 


The equivalent Jacobean differential equation is 
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where V B * is the phase velocity at a height Z and is a function of Z only, 
so that 


S == 



c \ 

V 


i dz 


(3.4) 


, . . ... — 1 ((»»*- & 

and y 2 approximately e A ' 


It will be observed that the integral has branch points at the roots of 
m* — o*/V 2 2 ~ 0, and the function is real between any two neighbouring roots, 
L v Zo, say. Translated into physical reality, this means that the ray or orbit 
is confined between the regions f L x and Z 2 . 


2^ r 

Now — — dz represents the phase of the wave, and must be a single- 

X J dz 

valued function of Z. 

If we start from near Z x and then integrate from Zj to Z 2 , round the branch 
point at Z 2 and back to Z x again, the value of 8 should be the same as at the 
start; and since 


Sir i 

e a 



2W 

e * 


[ £' d£+2«ti 
» dt 


(3.5) 


where r is an integer, we must have 

^ If ® or = (3:6) 

where <J) has the normal significance. 

This relation determines definite values of m or n corresponding to the different 
integral values of r. Where in the quantum theory the phase integral con* 
ditions determine the various energy levels of the system, in the case above the 
similar conditions determine definite values of m and n . The ray direction 
cosines correspond to the energy levels. 

As an example, consider a layer in which N e is proportional to We have 


-v*. 

(3.7) 

i 

> 

-©-» 

II 

(3.8) 


where N 0 is the critical density corresponding with the frequency v. 

Now when N, cc z* we may put N,/N 0 = where z 0 is the depth of 
penetration at normal incidence. 
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The phase integral condition gives 



n? = rX/7i2 0 . (3.11) 


Prom the wave-equation it. is known that the proper values are given by 

n 2 = ( f -|- k)—. (3.12) 

TtZ 0 

Since the ray equation is only correct when z 0 X, r may be any large 
integer less than r.z {)J in whicli case the percentage correction 100/2r is a small 
quantity, and the approximate value is nearly correct. 

The ^ integer is the correction to the ray theory occasioned by the fact 
that this is not valid in the regions where c 2 /V 2 -> m 2 . 

This approximate phase integral method is evidently exactly equivalent to 
the old Bohr Sommerfeld quantum rule which selected the various quantum 
states according to the formula 

(j) p dq = h2ni, 

p> the momentum, corresponding (as already shown) to h x d&/dz , which in the 
dynamical interpretation of the ray group represents the momentum of the 
group. 

§ 4. Effect of Attenuation .—So far we have translated, by virtue of the formal 
analogy between the quantum theory and the theory of wireless waves, the 
rules of the quantum theory into similar rules for the transmission of wireless 
waves in an ionised medium. 

In the case of quantum dynamics the potential energy is a real function of 
x f y, 2 , The corresponding quantity k x v 0 8 /c a , in the present case, is, when 
there is no wastage of energy by collisions of electrons with other ions and 
molecules, also a real function of x f y, z . When, however, we take into account 
the fact that the electrons are only free to move on the average a time t before 
making an encounter with an ion or molecule and losing part or all of their 
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energy, we find that the quantity h x v 0 */c® is a complex function of as, y, z, 

"vr ^2 

and is, in fact, equal to h, - - ——, where the significant attenuating 

7cra(iH”ta) 

factor « is the ratio T/tct, where T is the time period of the waves, and t the 
mean time between collisions. When t is T the electrons can execute many 
vibrations in the interval between any two consecutive collisions, and are free 
in that sense, so that such a condition approximates closely to the one originally 
considered where the electrons are quite free and the complex component a 
is small. 

When a is not zero we have by (3 * 3) 


\dx! 




**(1 + * k ) 




(4.1) 


so that S is a complex quantity S x -f- tS 2 , and in general it can be seen that the 
surfaces of constant phase, S 3 constant, and those of constant amplitude, 
S 2 =s constant, are not the same. When, however, ^ is a function of one 
variable only, z or r, as in the usual practical applications to radio trans¬ 
mission, the distinction is not significant. 

As a rule, where 8 is a function of one variable alone, or where a separation 
of variables, in the analogous Hamilton Jacobi equation (1.4), is possible, the 
same phase integral equated to 2tc ri is valid as before, and gives rise to complex 
values of the direction cosines m, n, and hence to the attenuation coefficients of 
the various proper rays,” as we may call them. For it is quite clear that 
even where S is a complex quantity 




if y is to be a single valued function of \ (where \ is one of the separated 
variables). 

Thus the method gives the proper values (including attenuation) of the 
various possible vibrations. 

The simple example before given, in which N, is proportional to ** and the 
energy loss due to electronic collisions is taken account of. illustrates this; 
for, as before, wo have 
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where v 0 2 must be replaced by v 0 ' a = v 0 2 /l -f- ia in order to take account of 
the attenuation. Thus 


v 2 


where z 0 ' 2 ~ z 0 2 (l + ia). 


and the proper values are given as before by 

o r\ 


or 


or 


n 




rX ,- 

=-^ 

nz n 


m 2 =ss 1 

When a is a small quantity this is 


rX 


(1 - ita), 


n 2 & — (] — 4ia). 

7C2 0 

' Znimy 

Now t \i having the factor e A the imaginary part of m multiplied by 2 tc/X 
will give the attenuation, in the y direction, of this type of possible ray (fixed 
by r). If r\/nz is small 


and 

Now 


m 


K —m 
X 


i -i—a 


nz, 


2tc rX 
X 2*2,. 


(|oc). 


rX 

nzo 


= sin 2 0, 


where 0 is the angle of elevation of the ray. Thus the attenuation over a 
distance y is 

- JL*ni*0 

g 4 A = g 2 <?t 

It is instructive to consider this from the point of view of the detailed ray 
theory. 

It is quite easy to deduce from Fermat's principle that a ray entering the 
medium at an angle of incidence rc/2 — 0 follows a sine curve and emerges 
(0 small) at a distance to 0 ; so that the attenuation (between its entrance and 
exit) according to the above should be 


e ~ Cr 


sin* 6 
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If now we integrate the attenuation along the ray, i.e., take the integral 

fv* 1 


2ct 


ds , 


the attenuation at any point on the ray being 



we obtain the name quantity sin 2 0, which gives the justification for the 

approximate method of integrating along the ray path to obtain the attenua¬ 
tion when a and 0 are small.* 

§ 5. Spherical Conductor with Ionised Outer Atmosphere .—This case has 
considerable practical interest, as it represents in an ideal form the actual 
condition of the transmission of wireless waves over the surface of the earth. 

We take, as usual, spherical co-ordinates, and assume axial symmetry, so 
that the wave-function is only a function of r and 0 (the colatitude). 

The wave-equation therefore becomes 



v 0 2 ) 



1 5 r 2 9 ^ 
r 2 dr dr 



+ (~) (v* - V) 4 =* 0, 

where \l is as 0. 

We will assume that v 0 z is a function of r only, g (r), say. We can separate 
the variables by assuming y to be the product of two factors, one vpi ( r ) » 
function of r only, and the other y 2 (0) a function of 0 only. 

We then get 


1 9 r 8 d^! (r) 

(r) dr dr 



v*(l — gr) + 


1 d 

<P(n) dg. 


dn 


«as 0 . 


The first part depends on r only and the second on p. They must each 
therefore be constant, and we can put 


and 


7b + r * (?)* v * (1 “ ffr) ^ + = 0 




* The complete wave solution of a ray passing through such a medium hag been obtained, 
and gives the game result when <x and 0 are small. 
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We take k x to be — n (n -f- 1) where n is an integer, which then gives the solution 

of the second equation = P n (p) 

and 

Ft + ** Cf) y2(1 ~ 9 r ) ~ n {n - 1) <Jq = 0. 

As before we seek a solution in the form == - e 2 ** 8 . 

T 

Then 


d_ 

dr dr 


■ (2rc 2 ) 


S8\ 2 

' 


^jpiS 


+ terms in 


dfS 

dr*' 


and we get, substituting in the above equation, 


«*0 


(27T 

l X 


(1 -gr) 


n (n + 1)) 
r 2 I’ 


(5.7) 


the equivalent Hamilton Jacobi equation for this spherical case. 
The proper values can then be obtained from the phase integral 


_»! ii'il f 

271 j 1, X 


(I —.</(>')) 




r 


ZTtlS, 


where $ is an integer or 

I m / w n ( n + 1) X 2 V 7 > 

(1 -» w >—c5S?—/ 


*{• 


Where the inner spherical surface is assumed to be a perfect conductor of 
radius r 0 the rays are confined to the region r 0 < r < r v where r is the first 
branch point of 

Having performed the integration, we determine special values of n, (in 
general complex if g (r) is complex) substitute these values of n in P n (p), and 
when n is large, as is always the case if X is very small compared with r 0 , 
make the approximation for P B (cos 0) 


p„. (cos d) 


2.4 ... 2 n M 


cos 


7r ‘ 3.5 ... (2w + 1)"~ V 

(6 not small or nearly n/2). 


(«, + i) ® “ f}/^ 2 8in ®- 


Any axially symmetrical solution is made up of the sum of terms of this type.. 
and 

(0) — L A^ ( cos ((«, + £) 0 — ^ jV'2 sin 6. 
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This is not a complete solution of the case where the waves are set up by a 
radially symmetrical Hertzian oscillator at the axis 0 = 0, but the complete 
solution is made up of terms of this type* A further investigation is necessary 
to determine the relative values A„ ... A n ^ required to make the solution in 

A 

the neighbourhood of 0 = 0 of the suitable form — where R is the radius 

lv 

vector from the point 0 = 0. 

The solution is similar to those of the older quantum theory in which the 
energy levels and proper frequencies are given, but not the amplitudes. Never¬ 
theless it gives the main information required, ie., the attenuation of the various 
types of rays as a function of 0, the angle of elevation, X, the wave-length, and 
the constitution of the layer ; and at great distances we normally find that one 
of the terms is predominant, and we therefore have the form of the solution 
as a function of 0, but not its amplitude. 

In this connection it is interesting to consider the analysis of Dr. G* N. 
Watson* of the transmission of waves between the earth and a sharply 
defined upper conducting layer* 

The solution is there given as a series of terms of the type 

cos |(n + 2) 6 — /V‘2 sin 0, 

where n has a series of values determined by the very complex analysis involved. 

It is to be noted that this solution is of the same form as obtained here. 
The values of n determined in his analysis are essentially the same as the proper 
values obtained in the present analysis. 

In fact, it is not difficult to obtain from the phase integral the preoise values 
of n obtained in his analysis—if we take into account the change of phase 
(and amplitude) at reflection. 

Except for the amplitudes, which are implicitly obtained in Watson’s analysis, 
though not explicitly given, the simple phase integral method gives the 
same information as his full wave analysis, and moreover is able to give 
solutions of this type in a wide class of problems which would require a complex 
separate analysis in each case were the full wave method to be used. 

It must be remembered that the solutions are approximate, but sufficiently 
accurate where short wave-lengths and gradual gradients are involved. 

As an example to illustrate these results, take again the case where the 
electronic density is proportional to the square of the height above the earth’s 
surface, i.e., to (r — r 0 )* where r 0 is the earth’s radius. 

* ‘ Proc. Roy. Soc.,’ A, vol. 130, p. 28 (1930). 
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Thus we have for the phase integral 


1 . /, _ (r ~ r„)* n . (n + J) 

tv 1 - i 


If now z 0 is very small compared with r 0 the quantity H - : n cann0 ^ 

vary perceptibly in this range of integration. We can therefore with close 
approximation put r = r 0 in this and obtain 


If we put 


s =W 


] — ( r ~~ r o) 2 _ w ( W + 1) ( 


1 »(w ± 1) ,2 = „ 

(2* r 0 ) 2 


which after some reduction becomes 


2*,*o £ 5=3 

where ^ is an integer, Ye, 


Since w > 1 we may put 


/2tw\ /. _%X \ 1/2 

"-It-- 


Substituting this value in P„ (cos 0) we get terms of the form 


As, 008 {^2 0 1 


+ “71 A /2 sin 6, 


A V iiir£ 0 

A e 2- -• 

\/2 sin 6 

r o 0 is the distance measured along the earth’s surface y, say. This is 


Comparing this with a ray of direction cosine m, i.e. 




m 



we see that m = cos <j> (where <f> = the angle of elevation of the sty) and is 
equal to Vl — SjX/2tox, and therefore 

sin 2 <f> — 4-j X/2rc2 0 . 


If there is any attenuation, we have, as before, to replace z 0 2 by z 0 *(l + ta). 
The exponential factor is then 

'zZ*t/\/] - .ai_!— 

A s ,c* v a«, (i+<.)«'» ; 

and, when a is small, is _ 



2wu tjA 

A iltrf, ' 


»/4 


Remembering that- a= X/tcct and that sX/2rcz 0 — sin 2 0, the attenuation 
factor is 

_ y*/n f » 


The attenuation is independent of the wave-length and increases rapidly with 
the angle of elevation of the ray. 

It will be observed that this attenuation factor is the same as tliat calculated 
for transmission between a perfectly conducting plane surface and a plane 
stratified medium. 

This is only an example of the fact already noticed (in the case of Watson s 
analysis) that the attenuation of waves between plane semi-conducting layers 
is the same as that calculated by Watson for the spherical case. A close 
examination of the above analysis shows that this is due to the neglect of the 
variation of the n(n + 1) X 2 /(27t(r) a ) in the region between the earth and the 
layer, a neglect which is always justified when the height of the layer is very 
small compared with the radius of the earth. 

Thus the calculation of the attenuation for transmission between a plane 
and a plane stratified layer will be sufficiently accurate in all practical cases. 

In conclusion, we can compare these predictions with the results actually 
obtained in long-distance transmission on short waves, with a view to forming 
a picture of the Heaviside layer. 

We can form a fairly definite if not very accurate picture of the ionised region 
of the upper atmosphere, with the help of results obtained by the methods 
initiated by Appleton in England and others initiated by Breit and Tuve in 
America. 

From these results we may conclude that in normal conditions the electronic 
density rises to a peak of about 10 s at about 100 km. above the earth’s surface, 
above which it falls away again, and then increases to about 3 X 10 5 at 180 
to 200 km., and finally reaches another maximum about 9 X 10® at a height 
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of between 300 and 350 km. (The heights given are all virtual heights.) 
For short waves the attenuation is confined mainly to the lower, 100 km. layer, 
and the ray bending is produced in the denser upper layer. 

Such a layer differs very largely from that discussed in the latter section of 
this paper. 

By tracing the rays for such a layer constitution and integrating the attenua* 
tion along them, it can he shown that the attenuation varies as the square of 
the wave-length (for waves between, say, 14 and 70 M.). 

This has also been checked experimentally. But if we join up the peaks 
A and B of the E and F layer by a smooth curve, we obtain roughly a dis¬ 
tribution of electronic density very approximately proportional to the square 
of the height above the earth, so that the result in the last part of this paper 
should be applicable. Thus, in such conditions, the attenuation should be 
more or less independent of the wave-length and increase rapidly with the 
angle of elevation of the rays. Now this type of transmission is characteristic 
of those occasions when magnetic and auroral disturbances are prevalent, and 
it is therefore suggested that at such times the region between the E and F 
layers, which is normally fairly free of electrons, is ionised by corpuscular radia¬ 
tion from the sun, forming an ionic distribution curve such as that shown in 
the figure. The auroral photographs taken by Stoermer may, perhaps, be 
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considered as confirmatory evidence, for they show the existence of auroral 
light and hence ionisation throughout the whole region between the E and 

F layers. 

Summary. 

A formal analogy between the quantum theory and the transmission of 
electromagnetic waves in an ionised atmosphere is used to develop 
approximate solutions of the transmission of wireless waves round the earth. 
These solutions are based on the approximate phase integral methods of Bohr 
and Sommerfeld used in quantum dynamics. The results are used to explain 
the effect of magnetic storms on short wave transmission. 


Intensity Measurements in the Band Spectrum of Lithium.. 

By W. R. van Wijk and A. J. van Koeveringe, Physical Laboratory, 
University of Utrecht. 

(Communicated by 0. W. Richardson, F.R.S.—Received April 8, 1931.) 

The band spectrum of lithium iu the red and blue-green regions has been 
analysed in absorption by Wurm.* The blue-green bands have also been 
investigated by Harvey and Jenkins, j These bands have an intensity alterna¬ 
tion, and, as the latter authors show, 1*50,1*67 and 2-00 are the only values 
among those predicted by the theory as possible for the ratio of the strong to 
the weak lines, which need to be considered in connection with their experi¬ 
mental results. Reasons were given by them for accepting 1*67 as the true 
value of the intensity ratio, which would signify that the angular momentum 
of the Lij-nucieus is 3/2. As this result was not in agreement with unpublished 
data of Wurmf and as the interpretation of the hyperfine structure in the green 
lithium spark line with the assumption of a nuclear spin of 3/2 was not entirely 
satisfactory^ new measurements appeared to be desirable. 

The apparatus used in this research was in principle the same as that of the 
former investigators. The absorption vessel was a steel tube about 80 cm, 

* 4 Z. Physik, 1 vol 58, p. 562 (1929), and vol. 59, p. 35 (1930). 

t * PhyB. Rev,,' vol, 35, p, 789 (1930). 

X The authors are indebted to Hr, Wunn lor the communication of hie results. 

§ Schiiler, 4 Z. Physik,* voL 66, p* 431 (1930). 
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long and 2 cm. in diameter, bearing glass windows at its ends. The lithium 
vapour was produced by heating electrically about 60 cm. of the length of the 
tube, keeping its ends water-cooled. The light of a tungsten spiral lamp was 
sent through the tube and brought to a focus on the slit of the 6 m. grating of 
the institute. With this arrangement photographs were taken in the first 
order of the grating, whereas for second order plates the tungsten lamp was 
replaced by an electric arc to reduce the time of exposure, which varied from 
one-half to one hour. 

It was possible to reduce the intensity of the emission bands in the arc spec¬ 
trum practically to zero by the use of a cathode filled with a sodium salt. 
Especially the Swann bands, of which some feeble lines fall in the blue-green 
region, were much diminished in intensity. A comparison of the photometer 
curves taken from first order plates with incandescent lamp and arc illumination 
respectively showed that no disturbing emission lines were present. For the 
bands 4900 A. and 6554 A. first order plates were made, for 4838 A. second 
order plates. The density marks were put on plates taken from the same 
package, which were then developed together with the band spectrum photo¬ 
graphs. The photometric registrations were made with two of the Moil 
microphotometers of the institute. 

The intensity measurement in an absorption spectrum meets with great 
difficulties if the breadth of the absorption line is not large compared with the 
breadth due to the finite resolving power of the apparatus, and an assumption 
regarding its shape is necessary to calculate the absorption coefficient from 
the intensities in that case. Harvey and Jenkins obtained their results by 
plotting the photometer deflections against line number. They then deter¬ 
mined for which line number iu the stronger set the intensity is the same a? 
that of the maximum line in the weaker set. Since the relative intensities of 
the lines in the stronger set are known from theory, assuming Boltzmann’s 
law, one may then calculate the relative intensity of the two maximum lines. 

In these measurements a similar method was used. The intensity of the 
background divided by the peak intensity of the absorption line was plotted 
as ordinate against the theoretical absorption coefficient as abscissa. The 
latter was calculated from the Boltzmann distribution law and the intensity 
formulae. It was then found that the points for the weaker and stronger set 
of lines lay on two curves of such shape, that the one could be transformed 
into the other by multiplication of the absciss® by a constant factor. This 
factor represented the intensity ratio required. 

For the calculation of the absorption coefficients a measurement of the 

h 2 
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temperature of the vapour was necessary, which has been carried out by pyro- 
roetric determination of the temperature of the inner walls of the tube. They 
were found homogeneous in temperature within 10° C. except for a few centi¬ 
metres close to the cooled ends. As the length of the tube was large compared 
to its diameter, its radiation cannot have differed appreciably from black body 
radiation, which also was proved by the fact that no difference in colour 
between the walls of the tube and coal particles brought into it could be 
observed. As the mean error in one single reading of the pyrometer was 10° 
in the most unfavourable case, the probable error in the measurement of the 
temperature amounted to a few degrees only. 

The Alternating Intensities. 

In Table I the values of the intensity of the background divided by the 
peak intensity (I 0 /l) are given for the lines of the Q branch of the band 4900 A. 
These values are plotted as function of the absorption coefficient (N) in fig. 1. 
[For the line of number K, according to the intensity formula for the Q branch 
in a *2 — 1 I1 band and a temperature of 920° abs, N becomes 

N = (K + i) exp. - he {BK (K + 1) + DK 2 (K + l)*}/920fc, 
where B and D are expressed in wave numbers as usual.]* From these curves 


Table 1. 


No. 

i,/i. 


No. 

i./i- 


20 

1*45 


37 

1*45 


21 

1*58 


38 

1*29 

— 

22 

1*30 


39 

1 -41 

.— 

23 

1*59 

— 

40 

1*30 


24 

1*40 

— 

41 

1 *35 


25 

1*49 

....... 

42 

1 21 

_ 

20 

1*43 

— 

43 

1*23 

_ 

27 

1*57 

— 

44 

M3 

. _ . 

28 

1*36 

— 

45 

1*28 

...... 

20 

1*50 

Corrected for R line. 

46 

1*21 

_ 

30 

1*39 

• 

47 

1*22 

_ 

31 

1*62 

ff 

48 


Strongly disturbed. 

32 

1 *35 


49 

1*25 

— 

33 

1*50 

I y 

60 

1*09 

. _ 

34 

1*39 


51 

1*17 

— , 

35 

1*54 

M 

52 

1*07 

—* 

36 

1-26 


53 

M3 

**— 1 


* For this and other intensity formula etdsB.de L. Kronig, M Band Spectra and 
Molecular Structure,” p. 81. The numbering of the lines refers to the lower (S) level 
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a mean value of 1 • 63 results for the ratio of the weights of the odd and the 
even rotational states in the lower levels. 



It may, perhaps, be mentioned that for this procedure any monovalent 
function of the absorption coefficient could have been used as ordinate. The 
reasons for the choice of I 0 /I were in the first place the decline in density of 
the continuous background throughout the band, which fact precludes the use 
of the galvanometer deflection, and secondly the possibility of carrying out 
corrections on disturbed lines if the intensity is known. 

As a check the absorption coefficients for the lines of the P branch have been 
determined from fig. 1. In Table II the I 0 /I values and absorption coefficients 
(taken from curve 1) for the P lines are collected. The logarithm of the 
absorption coefficient divided by K — 1, plotted against the rotational energy 
of t the initial levels fits a straight line, as is shown in fig. 2, indicating the 
Boltzmann distribution among these levels. The temperature is calculated 
to be 870“ abs. which is in satisfactory agreement with the true value of 920° 
abs., taking into account the large spreading of the measurements for the 
P lines. It is also visible from fig. 2 that the intensity ratio for the stronger 
to the weaker P lines oomes out equal to 1-64. 
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Table II. 


No. 

j./i. 

Absorption 

coefficient. 

No. 

i./i- 

Absorption 

coefficient. 

18 

1-20 

i 

8-4 [ 

27 

1*29 

11*7 

19 

1*48 

19*1 

28 

119 

8*0 

20 

1*20 

8*4 

29 

1*31 

12*4 

21 

1*37 

14*5 

30 

1*16 

6*8 

22 

1*25 

10*2 

31 

1*26 

10*6 

23 

1-42 

16-5 

32 

1-12 

6*6 

24 

1*26 

10*6 

33 

1*30 

12*0 

25 

1 33 

13*1 

34 

1*19 

8*0 

26 

MS 

7*7 

35 

1*18 

1 7*7 



Theoretically the lines of the Q branch should be nearly twice as intense 
as the P lines, which fact is also verified here. The ratio of the absorption 
coefficients of a Q line to that of a P line is given in Table III. 

As the lines of the R branch were too much disturbed by the Q lines, no 
measurements have been carried out for them. 

For the band 4838 A. similar curves as for the band 4900 A. have been drawn. 
In this case, however, the lines of the Q branch could not be observed to as 
high a number as was possible for the former band and a check with the 
P lines could not be carried out for that reason. On the other hand, the P lines 
have been used to complete the curves for the Q lines towards lower absorption 
coefficients, assuming the theoretical intensity ratio for Q to P lines as being 
correct. The I 0 /I absorption curve for this band is traced in fig. 3, whereas 
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Table Ill. 


No. 

Q/P. 

No. 1 

Q/P. 

i 

20 

2 >02 

28 

2*00 

21 

1-84 

20 

2*04 

22 

1-68 

30 

2*16 

23 

1 62 

31 

2 23 

24 

1-00 

32 

2*60 

25 

2 02 

33 

1*82 

20 

2*13 

34 

1*62 

27 

! 2*22 

35 

2*70 


Mean . 2 02 



the I 0 /l values are tabulated in Table IV. For the intensity ratio a mean value 
of 1-60 results. 

The intensity ratio has also been measured in the band 6554 A. of the red 
system. As the absorption at 920° abs. was rather feeble, a photograph has 
been made at 1088° abs. The disturbances for the lines of this band were 
still more serious than for the blue-green bands, so that only a few lines were 
found to be free from overlapping lines, as was concluded by considering their 
shapes. In some cases it was possible to carry out a correction by analysing 
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Table IV. 


Q lines. 

Q lines. 

P tinea. 

No. 

Io/t- 

No. 

I ,/L 

No. 

i./i. 

20 

1-53 

34 

1*40 

15 

1*29 

21 

1-54 

35 

1-68 

10 

1 *14 

22 

1-42 

30 

1 *40 

17 

1*28 

23 

1-44 

37 

1-53 

18 

1 17 

24 

1 -48 

38 

1*30 

19 

1*35 

25 

1-55 

39 

1*44 

20 

1*37 

20 

1-40 

40 

1*37 

21 

1 *45 

27 

1 *08 

41 

1 41 

22 

1 *28 

2 8 

1*41 

42 

1*32 

23 

1 *40 

29 

1-09 

43 

1*41 

24 

1*29 

30 

1*48 

44 

1*20 

25 

1 *41 

31 

1-01 

45 

1*36 

20 

1*30 

32 

1-38 



27 

1*39 

33 

1*55 



28 

1*24 


the absorption curve into its components, but in many other cases this pro¬ 
cedure could not be followed because both sides of the line were disturbed. 
Table V contains the I 0 /I values and fig. 4 shows the I 0 /I-absorption coefficient 
curves, from which a value of 1-64 to 1-70 is found for the intensity ratio. 


Table V. 


P lines. 

R lines. 

No. 

i./i. 

No. 

i,/r. 

4 

1*25 

7 

_ 

5 

1*28 

8 

— 

6 

1 *25 corrected 

9 

— 

7 

1*30 

10 

1*20 

8 

1*30 

11 

1*40 

0 

1-48 

12 

—. 

10 

— 

13 

1*55 

11 

1*49 

14 

— 

12 

1 *28 

15 

— 

13 

—. 

16 

1*40 

14 

— 

17 

1*60 

15 

1*59 

18 

1 *47 oorrocted 

10 

1 * 35 corrected 

19 

1*57 

17 

_ 



18 

— 




We may hence conolude that the value for the ratio is the same in all three 
bands, its weighted mean being 1 -63. 
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The Relative Abundance of the Isotopes. 

In the band 4900 A., the band due to the unsymmetrical molecule Li 7 — Li 8 
has been detected by Harvey and Jenkins. As its Q lines seemed to be rather 
free from underlying structure, the relative abundance of the lithium isotopes 
has been determined from it. The results of the measurements are given in 
Table VI and fig. 5, in which figure; also the curves I and 2 from fig. 1 have been 
traced. For the isotopic molecule the value of the rotational constant B was 
taken to be 0-725 cm. -1 as calculated from the value 0-669 cm.” 1 of the 
Li 7 — Li, molecule. The difference in the origin for the two bands has been 
neglected, as it is too small to have any influence on the results. 


Table VI. 


No. 

i./i. 

No. 

i, n- 

24 

1*14 

34 

1*12 

25 

1*14 

35 

109 

2« 

1*12 

36 

1*07 

27 

1*14 

37 i 

1*06 

28 

112 

38 

105 

29 

1*15 

39 

1*10 

30 

— 

40 

1*08 

31 

115 

41 

1*08 

32 

1*08 

42 

1*04 

33 

— 




From the ratio of the abscissae of the curves, the abundance of (Li 7 ) 2 to 
Li 7 — Li« molecules is found to be 3*6; h The ratio of the isotopes is there¬ 
fore 7*2 :1. Using Costa’s values 7*012 and 6*012 for the atomic masses of 
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the isotopes relative to 0 = 16-000,* the atomic weight for lithium is found to 
be 6-89. This is not in agreement with the atomic weight of 6-94 as deter- 



mined by chemical methods, which corresponds to a ratio of the isotopes of 
IS : 1. 

An error of this size in the present measurements seems highly improbable. 
It is true that a faint underlying structure strengthens the intensity of the 
weaker lines relative to the stronger ones, but such a background can hardly 
explain the divergence, as in the first place the lower parts of the curves for 
the Li 7 — Li 7 molecule also are constructed by the use of weak lines and, 
secondly, the ratio for the two kinds of molecules is fairly constant along the 
whole curve, which fact seems to exclude a systematic error. 

A calculation of the probable error by taking the divergence of the points 
from their mean gives 10 per cent., in accordance with the deviations of the 
isotopic ratio taken in different points of the curve. For these reasons it must 
be concluded that there is a real difference between the atomic weight as 
determined by chemical methods and that obtained from our intensity 
measurements. 

A source of error in the spectroscopical determination should arise if the 
absorption coefficients for the symmetrical and unsymmetrical molecules were 

* Costa, 4 Ann, Physique,’ vol. 4, p. 426 (1925), See also Aston, 4 Proc. Roy. Soo./ A, 
vol, 115, p. 487 (1927). 
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not the same, which, however, is not to be expected.* Moreover, measure¬ 
ments with an unsymmetrieal molecule as Li-H, which are now in progress, may 
be expected to give independent evidence on this point. 

As for the chemical methods, the main source of error lies in the impurity 
of the substance investigated. The use of an impure material should raise 
the apparent atomic weight in this case, as the impurities themselves possess 
a much higher atomic weight, and it is worth noting that the deviation of the 
two values 6*94 and 6-89 is in that direction. The determination from band 
spectrum intensities is not falsified by the presence of impurities, as is well 
known. 

Finally, earlier measurements of A. J. Dempsterf made with magnetic 
spectrograph and ionisation chamber, also indicated a lower ratio for the 
isotopes, in so far as, after waiting a sufficient time, a value ranging from 10 :1 
to 7 : 1 for the isotopes has been found, although immediately after exhaustion 
of the apparatus strongly different values have been observed. These dis¬ 
crepancies, however, are not explained. 

It is a great pleasure for the writers to express their thanks to Professor 
Ornstein for his interest and valuable suggestions during this research. 

The authors wish also to express their gratitude to Dr. Kronig for discussing 
and reading the manuscript. 

Summary . 

The intensity ratio for the strong to the weak rotational lines has been 
measured in the bands 4900 A., 4838 A. and 0554 A., and found to be equal 
to 1*63. This result is in agreement with that of Harvey and Jenkins. For 
the intensity ratio for the Q lines to the P lines in band 4900 A. the value 2*0 
has been obtained. From the optical determination of the relative abundance 
of the isotopes a value 7 * 2 for the ratio of the Li 7 to the Li* atoms has been 
found, which is not in agreement with the ratio 13 as calculated from the 
atomic weight. 


* Dunham, * Phys. Rev.,’ vol. 36, p. 1553 (1930). 
f 4 Phys. Rev.,’ vol 28, p. 415 (1921). 
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The Effect of Foreign Gases on the Lower Critical Oxidation Lifmt 
of Phosphorus Vapour . 

By H. W. Melville, B.Sc., Carnegie Scholar, and E. B. Ludlam, D.Sc,, 
Carnegie Teaching Fellow, University of Edinburgh. 

(Communicated by J, Kendall, F.R.S.—Received February 28, 1931.) 

Introduction. 

The oxidation of phosphorus has for long been the object of experimental 
study. It is only within recent years, however, that it has been found possible 
to apply the laws of chemical kinetics to the problem in order to elucidate 
its mechanism. This advance was made possible by the study of oxidation of 
the vapour under carefully regulated conditions. In particular, the experi¬ 
ments of Chariton and Walta,* Semenoff,t and of Kowalski ,% have established 
the fact that the luminous oxidation of phosphorus vapour at a given pressure 
takes place only between two limiting pressures of the reacting oxygen—the 
lower and upper critical oxidation limits. At pressures less than the lower 
limit the oxidation is immeasurably slow, whereas at pressures above the 
upper limit Lord Rayleigh§ has shown that the oxidation is slow and is 
unaccompanied by luminescence. It was Semenoff who first definitely realised 
that the mechanism of the luminous oxidation was to be explained on the 
conception of chain reactions. He therefore applied the theory in a quantita¬ 
tive manner in order to find how the lower critical oxidation limit varied with 
the pressure of the phosphorus vapour, the diameter of the reaction tube, the 
presence of an inert gas and the temperature of the reaction mixture. The 
result of his investigation gave the equation 

Prf>o (1 + — —W* = constant, 

where p 0 is the lower critical oxidation pressure, p v and p m the pressures of the 
phosphorus vapour and of the inert gas respectively, d is the diameter of a 
cylindrical reaction vessel. The “ constant ” in the equation is independent 
(within the experimental error) of temperature in the range 0-100° C. Some- 

* ‘ Z. Phyaik,* vot. 39, p. 647 (1926). 

t' Z. PhysiV vol, 46, p. 109 (1927), also ‘ Chem. Rev./ voL 6 (1929). 

x * Z. Phya. Chem.,’ vol. 4B, p. 288 (1929). 

$ 1 Proc. Roy. Boo./ A, vol 106, p, 1 (1924). 
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what later the same equation was deduced by Dalton and Hmshelwood* by 
a different method but in a more rigorous way, for the oxidation of phosphine 
at the lower critical limit. The method, on account of its generality, is equally 
suitable for application to the oxidation of phosphorus. In order to derive 
this equation Semenoff assumed that the reaction chains terminated on the 
walls of the containing vessel and that the diffusion of the propagators of 
the chains to the walls was hindered by the presence of an inert gas X. This 
assumption resulted in the appearance of d 2 . For simplicity it was further 
assumed that the diameters of all molecular species present were equal and 
that the mean free path in the gas mixture was inversely proportional to the 
total pressure. The experimental results agreed excellently with the theoretical 
equation except that they tended to show that the critical oxidation pressure 
varied inversely as the square root of the pressure of phosphorus vapour. 
Argon was used as the inert gas. 

These assumptions and the resultant theoretical conclusions thus pointed 
to the probability that the effect of inert gases ought to be entirely independent 
of their nature. It is the object of this paper to examine more closely this 
effect: (I) to find out whether the equation is applicable to a wide variety of 
the common gases and some organic vapours; (II) to compare the results at 
the lower pressure limit with those at the upper limit which have been obtained 
by Centnerszwer,*]* by Tausz and Gorlacher and by Schacherl. The interest 
in the comparison also lies in determining how those substances which are 
strong poisons or inhibitors for the oxidation at the upper limit behave at the 
lower limit. In view of the highly specific action of the poisons at the upper 
limit it was anticipated that with organic vapours at least the effect at the 
lower limit would also be specific. 

Apparatus. 

The apparatus used is shown diagrammatically in fig. 1. R is the reaction 
tube which is immersed in an oil bath which could be heated internally by a 
resistance wire. For pumping out this is attached to a liquid air trap and a 
mercury condensation pump backed by a Hyvac oil pump. The oxygen 
reservoir 0 with manometer is attached through the several taps and a fine 
capillary C (obtained by drawing down 1 mm. capillary tube) to R. M is a 
sulphuric acid manometer read by means of a microscope fitted with an eye- 

♦ 4 Proc. Roy. Soc., 1 A, vol, 125, p. 294 (1929). 

t Centnerszwer, 4 Z. Phys. Cbem.,’ vol, 26, p. 9 (1898); Tausz and GOrlacher, 4 Z. Anorg. 
Chem.,' vol. 190, p. 95 (1930); Sohacherl, 4 Coll. Czech. Cbem. Comm., 1 vol 2, p. 665 (1930). 
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piece scale. P is the vessel containing the white phosphorus, immersed either 
in a water bath or in melting ice as might be necessary. The foreign gas or 



Fia. 1.—Diagram of reaction tube R showing connections to the oxygen reservoir O f to 
the foreign gas reservoir X and to the phosphorus reservoir P. 

vapour is contained in X which is fitted with side tube A and taps T l and T 2 . 
T t serves for exhausting X while T 8 is made in the form of a small pipette for 
transferring the gas in X to R in small amounts. When using gases, these 
were supplied from a small pipette attached to T s . 

Preparation of Materials. 

All the organic liquids were obtained in the purest form obtainable; they 
were fractionally distilled, the middle portion of the distillate being used. 
The hydrogen was electrolytic and was freed from the residual oxygen by 
heated palladium asbestos and dried with phosphorus peatoxide. The helium 
used contained 2 per cent, neon and the neon 2 per cent, helium, while the argon 
contained 0-5 per cent, nitrogen. Commercial nitrogen (from liquid air) 
was passed over active heated copper and dried with phosphorus pentoxide 
as were all the gases used for these experiments. Nitrogen prepared from 
ammonia and sodium hypobromite solution gave similar results. Carbon 
monoxide was derived from sodium formate and sulphuric acid. Hydrogen 
sulphide was prepared from aqueous solution of pure sodium sulphide and dilute 
sulphuric acid. Nitrous oxide, sulphur dioxide, ethylene and carbon dioxide 
were obtained from cylinders. Procedure ; 0 was filled with dry oxygen by 
means of the taps shown. P was detached and a little anhydrous red phos- 
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phorus introduced. The apparatus was then evacuated and F heated in order 
to obtain white phosphorus. The white phosphorus prepared in this way was 
free from oxide. If a gas was being used X was filled as described above. 
For liquids, a different procedure was adopted. X was detached at the ground 
joint B, and a small amount of the liquid was run into A. After replacing X, 
A was then immersed in liquid air and X pumped out. On removing the 
liquid air and substituting a CO a /ether, ice or water bath X was filled with 
vapour at such a pressure that the vapour could easily be admitted to R by 
means of T v In some experiments a portion of the liquid in A was distilled 
through R to the liquid air trap in order to make sure that the vapour was 
free from oxygen. This precaution was found to be unnecessary in the later 
experiments. 

With this form of apparatus two methods may be used to determine the 
critical pressure : (1) observation of the time required for the oxygen to leak 
into R until a flash indicates that the reaction has occurred : the pressure of 
oxygen is then calculated from the known rate of flow of oxygen through the 
capillary under a given pressure in 0 ; (2) by plotting a pressure-time curve 
for the slow entry of oxygen into R and interpolating for the point of 
discontinuity; this point is due to the fact that the oxidation of phosphorus 
vapour results in the formation of an oxide of negligible vapour pressure 
(cf. Semenoff loc. cit.). The first method was adopted since it is more 
accurate than the second and requires only one observation. This latter point 
was important since about 2000 explosions were required to furnish the data. 

Figs. 2 and 3 show respectively the type of curve obtained by plotting 
explosion times against the pressures of foreign gas and l/p 0 against 

1 + P,/(Po + Pi.)- 

These results were obtained with carbon dioxide, the temperature of it being 48°. 

The Tables A to H give a few of the results of typical series of experiments. 
Two different reaction tubes were used during the experiments, the results 
being correlated by means of experiments carried out with neon. AU pressures 
are in millimetres of meroury. 
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Fio, 3*—Replot of the reeulte of fig, 2, according to SemenofTs equation* 
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Table A. 

Carbon Dioxide. Nitrogen. 

Temperature of reaction tube 15°. Temperature of reaction tube 15°. 

Temperature of phosphorus 0°. Temperature of phosphorus 0°. 


Per 

Po* 

1 /Po- 

11 Px 

Px • 

Po* 

1 /JV 

11 p * 

~ 1 Po+Pp * 

^Px+Pp- 

0 

0*054 

18*5 

1*00 

0 

0*054 

18-6 

1*00 

0 047 

0*032 

31 

2*3 

0 059 

0*035 

29 

2*4 

0*049 

0*032 

31 

2*2 

0*068 

0 035 

29 

2*6 

0*097 

0*024 

41 

4*1 

0*135 

0*023 

43 

5*5 

0*097 

0 024 

41 

4 1 

0*135 

0*027 

37 

5*0 

0 100 

0*025 

40 

4*1 

0*170 

0 022 

46 

6*9 

0*108 

0*023 

44 

| 4-6 

0*175 

0*020 

50 

7*5 

0*140 

0*017 

58 

I 6-7 

0*211 

0*016 

64 

10-2 

0*140 

0*017 | 

58 | 

6*7 

0*211 

0*016 

64 

10 *2 

0*102 

0*014 

j 72 l 

i 8*7 

0*216 

0*016 

64 

io*a 

0 210 

0*009 

110 

14*1 

0*216 

0*016 

64 

10*2 

0*238 

0*009 

110 

15*7 

0*243 

0*012 

84 

13*8 

0*243 

0*008 

125 

17*1 

0*248 

0*014 

74 

12*8 

0*270 

0*006 

165 

21*7 

0*251 

0*012 

81 

14*2: 





0*251 

0*014 

74 

13 0 




i 

0*292 

0*009 

110 

19*2 


Table B. 


Nitrous Oxide. 

Temperature of reaction tube 15°. 
Temperature of phosphorus 0°. 


Ethylene. 

Temperature of reaction tube 15°. 
Temperature of phosphorus 0°. 


Px- 

Po* 

i ip»- 

n Pm 

Px- 

Po* 

l/?v 

. , p* 

11 p.+pi- ■ 

* ' Po+Pp 

0 

0 054 

18*5 

1*00 

0 

0*054 

18*5 

1-00 

0-051 

0*033 

31 

2*3 

0-076 

0 032 

31 

2-9 

0*054 

0*034 

30 

2*3 1 

0*076 

0*035 

29 

2*8 

0-054 

0 034 

30 

2*3 

0*081 

0*036 

28 

2*9 

0-108 

0*022 

45 

4*7 

0*138 

0*024 

41 

5*4 

0*108 

0 023 

43 

4-6 

0*140 

0*021 

49 

6*1 

0 108 

0*021 

' 47 

4*8 

0*143 

0*024 

42 

5*6 

0*162 

0*014 

71 

8*7 

0-208 

0017 

60 

9*8 

0-162 

0*015 

66 

8*4 

0-216 

0*016 

64 

10*5 

0-216 

0*011 

88 

12*8 

0*216 

0*017 

60 

10 1 

0-216 

0*011 

88 

12*8 

0*224 

0*015 

60 

110 

0*218 

0*011 

88 

13*0 

0-292 

0*011 

93 

17*4 

0*278 

0 008 

125 

19*6 

0-305 

0*010 

100 

18*6 





0*305 

0*010 

100 

18*6 


VOt. CXXXII .—A 


1 
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Table C. 


Neon. Hydrogen . 

Temperature of reaction tube 15°. Temperature of reaction tube 15°. 

Temperature of phosphorus 0°. Temperature of phosphorus 15°. 


Pz> 

?v 

i Ip- 

i + —&- 
P.+Pr ' 

! 

Px* 

Po* 

iip.- 

!, _Es_ 
l+ p.+p e 

0 

0-064 

18-5 

100 

0 

0*068 

14*7 

1-00 

0*035 

0*045 

22 

1*7 

0*086 

0-064 

15*8 

1*98 

0*086 

0-038 

26 

2*9 

0-103 

0*001 

16*4 

2*2 

0*092 

! 0*038 

26 

30 

! 0175 

0*057 

17*6 

3*1 

0*092 

0*037 

27 

3*1 

0*175 

0*058 

17*2 

3*1 

0-143 

0*031 

33 

4*8 

0*189 

0*054 

18*5 

3 4 

0-194 

0*026 

38 

6*7 

0*257 

0*049 

20 

5*0 

0-197 

0 * 030 - 

33 

6*3 

0*257 

0*054 

18*5 

4 3 

0-189 

0*030 

33 

6*1 

0*270 

0*049 

f 20 

4*7 

0-192 

0*027 

36 

6*5 1 

0*346 

0*047 

21 

6*0 

0-248 

0*024 

42 

9*0 | 

0*432 

0*043 

23 

7*4 

0-268 

0 023 

44 

10*0 

0*460 

0*042 

24 

7*9 

0-292 

0*021 

49 

11*2 ! 

0*540 

0*040 

25 

9*3 

0-298 

0 021 

49 

ii a 

0*568 

0*037 

27 

10*2 

0-389 

0*012 

_ 

81 

21*0 1 






Table D. 


Ar g°n- Helium. 

Temperature of reaction tube 15°. Temperature of reaction tube 15°. 

Temperature of phosphorus 15°. Temperature of phosphorus 15°. 


TV 

J > 0 * 

i Ip * 

; 

| * 

2 >«* 

TV 

i/jv 

i + p * 
+Po+P* * 

- 

o i 

| 0-008 

14*7 

1-00 

0 

0*068 

14*7 

1*00 

0 051 | 

0-055 

18-2 

1-64 

0*095 

0*057 

17*5 

2*63 

0 *057 

0-046 

22 

1-80 

0-102 

0*056 

17*9 

2*67 

0*076 

0-043 

33 

2-12 

0*186 

0*054 

18*5 

3*35 

0*111 ! 

0*044 

23 

2*6 

0-240 

0*048 

21 

4*3 

0*135 

0-040 

25 

3*1 

0-243 

0*049 

20 

4*3 

0*184 ; 

0*029 

34 

4*4 

0-281 

0*045 

22 

5*0 

0*194 1 

0*027 

37 

4*7 

0-280 

0*045 

22 

5*1 

0*219 i 

0*026 

38 

5*3 

0-324 

0*041 

24 

5*9 

0*275 

0*022 

45 

0*0 

0-356 

0*041 

24 

6*4 

0*319 

0 018 

53 

8*4 

0-391 

0*040 

24 

0*8 

0*342 

0*017 

62 

9*3 

0-405 

0*038 

26 

7*4 

0*365 

0*405 

0*435 

0*460 

0*486 

0*014 
0*013 
0*012 
0*011 i 
0*010 

71 

77 

83 

91 

100 

, 10*4 

11*7 

1 12*8 
13*8 
U *9 

0-508 

0-516 

0-590 

0-662 

0*034 

0*035 

0*031 

0*028 

29 

29 

32 

86 

9*0 

9*6 

11 *5 
13*3 
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Table E. 

Acetone. Mesitylene. 

Temperature of reaction tube 15°. Temperature of reaction tube 15°. 

Temperature of phosphorus 15°. Temperature of phosphorus 15°. 


p®* 

Po* 

1 IPr 

1 

1 -L - & — 

1+ P.+Pr' 

1 

j P»* 

! 

Po* 

i ip». 

i , V* 

+ P»+P* ' 

0 

0*068 

14*7 

1*00 

0 

0*068 

14*7 

1*00 

0*032 

0*053 

18*9 

1*41 

0*038 

0*054 

18-6 

1*48 

0*049 

0*043 

23 

1*72 

0 065 

0*045 

22 

1*93 

0*068 

0*042 

24 

2*01 

0*076 

0*037 

27 

2*2 

0*078 

0*034 

29 

2*32 

0*081 

0*033 

30 

2-4 

0*095 

0*028 

36 

2*79 

0 095 

0*033 

30 

2-6 

0*097 

0*025 

40 

2*94 

0*111 

0*028 

36 

31 

0*121 

0*023 | 

43 

3*5 

0*127 

0*020 

39 

3*5 

0*130 

0*022 

1 45 

j 3*8 

0*132 

0*025 

40 

3*6 

0*135 

0*019 

53 

1 4*1 

0*146 

0*018 

56 

4*4 

0*156 

0*018 

56 

| 4*6 

0*102 

0*016 

67 

5*1 

0*175 

0*018 

56 

l 5*1 

0*170 

0-013 

77 

5*5 





0*189 

0*012 

83 

0*1 

Acetone slowly dissolved in the 

sulphuric 

0-200 

0*013 

77 

6*3 

acid in the manometer. 

Prolonged pumping I 

0*216 

0*011 

90 

7*0 

was neoesa&ry after each experiment, j 

0*243 

0*009 

110 

8-2 


Table F. 


Methylene Chloride. Benzene. 

Temperature of reaction tube 15°. Temperature of reaction tube 15°. 

Temperature of phosphorus 15°. Temperature of phosphorus 15°. 


P«* 

Po* 

i ir. 

,, Vt 

| Pa* 

1 

Po* 

llPr 

14 - PX 

l+ P,+Pv ■ 

‘^Po+Pp 

0 

0*068 

14*7 

1*00 

! 

0 

i 

0-068 

14*7 

100 

0*027 

0*065 

18*2 

146 

0*048 

0-046 

22 

1*68 

0*030 

0*053 

18*9 

1*39 

0 054 

0-040 

25 

1-83 

0*064 

0*041 

24 

1*82 

0*070 

0*087 

27 

2-13 

0*070 

0*032 

31 

2*2 

0*089 

0 028 

36 

2*08 

0*081 

0*034 

29 

2*4 

0*108 

0-027 

37 

3 1 

0*089 

0*026 

38 

2*7 

0*135 

0*022 

45 

3*9 

0*097 

0*029 

34 

2*8 

0*176 

0-018 

50 

5*1 

0*105 

0*022 

45 

3*4 

0*189 

0*016 

62 

5*0 

0*119 

0*010 

53 

3*7 

0*257 

0*011 

91 

81 

0135 

0*017 

69 

4*2 

0*237 

0*012 

83 

7*9 

0*163 

0*014 

71 

5*2 

0-270 

0*009 

no 

9*0 

0*170 

0*013 

77 

5*5 

0*351 

0*008 

130 

11*7 

0*197 

0*011 

91 

6*5 

0*405 

0*005 

200 

14*5 

0*810 

0*009 

110 

7*4 

0*432 

0*005 

200 

16*4 

0*819 

0*008 

120 

7*6 






I 2 
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Table G. 

Hexane. Hydrogen Sulphide. 

Temperature of reaction tube 15°. Temperature of reaction tube 16®. 

Temperature of phosphorus 15°. Temperature of phosphorus 16°. 


tv 

JV 

i ip*- 


Px ■ 

. 

TV 

l/Pr 

j , P* 

1+ P',+Pt' 

1+ p.+j>» • 

0 

0*068 

14*7 

1*00 

0 

0 068 

14*7 

1*00 

0 030 

0*053 

18*9 

1*38 

0*051 

0 061 

ie-6 

1*67 

0 082 

0 051 

10*6 

1*42 

0*054 

0*053 

18*9 

1*69 

0 046 

0*050 

20*0 

1*61 

0*095 

0*041 

24 

2 4 

0 054 

0*046 

22 

1*78 

0*143 

0*027 

37 

3*8 

0 073 

0*041 

24 

21 

0*149 

0*027 

37 

3 0 

0*081 

0*034 

29 

2*4 

0*195 

0*018 

56 

5*5 

0*092 

0*033 

30 

2*6 

0*197 | 

0*019 

53 

6*6 

0105 

0*026 

39 

3 1 

0*243 

0*016 

63 

6*9 

0*108 

0*026 

39 

3*1 

0*243 

0*016 

63 

6*9 

0*135 

0*022 

45 

3*9 

0*320 

0*008 

125 

10*7 

0*135 

0*019 

53 

4*1 

0*324 { 

0*008 

125 

10*8 

0*159 

0*018 

56 

4*7 

0*410 

0*004 

250 

16*1 

0*162 

0*017 

59 

4*9 





0*211 

0*014 

71 

i 6*4 





0*270 

0*009 

110 

9*0 






Table H. 

Sulphur Dioxide. Acetylene. 

Temperature of reaction tube 15°. Temperature of reaction tube 16° 

Temperature of phosphorus 15°. Temperature of phosphorus 15°. 


TV 

P •* 

i ip.- 


j jP*‘ 

TV 

i/p.- 


1+ j>.+pp • 

1+ P.+J>»' 

0 

0*068 

14*7 

1*00 

0 

0*068 

14*7 

1*00 

0*041 

0*048 

21 

1-66 

0*046 

0*057 

17*6 

1*66 

0 088 

0*046 

22 

1*96 

0*049 

0*064 

18*6 

1*60 

0 081 

0*089 

26 

2*3 

0*067 

0-051 

19*7 

1*76 

0*108 

0*040 

25 

2*7 

0*076 

0*049 

20 

2*0 

0*156 

0*027 

37 

4*0 

0-108 

0*044 

23 

2*6 

0192 

0*026 

38 

4*8 

0*154 

0*040 ; 

26 

3*4 

0-280 

0*022 

45 

6*9 

0*167 

0*035 

29 

3*8 

0-286 

0*021 

48 

6*2 

0*186 

0*034 

29 

4*2 

0-272 

0*017 

59 

7*6 

0*216 

0*030 

34 

4*9 

0-300 

0*016 

63 

8*3 

0*257 1 

0*027 

37 

6*9 

0-849 

0 014 

71 

9*9 

0*292 

0*022 

46 

7*3 

0-878 

0*012 

S3 

11*2 

0*324 

0*020 

49 

8*2 

0-432 

0*011 

91 

13*0 

0*378 

0*018 

67 

9*9 

0-618 

0*009 

110 

16*1 

0*397 

0*014 

70 

10*2 

0-680 

0*008 

125 

18*6 
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Discussion. 

The foregoing results are summarised in fig. 4, where the reciprocal of the 
critical oxygen pressure is plotted against the quantity 1 -f pj(p 0 + p*). 
The first point to be noted is that this equation is applicable to all gases and 
vapours used in these experiments. The effect of the following substances 
can also be expressed by the same equation (for brevity the actual figures are 
not given); Carbon tetrachloride, chloroform, carbon disulphide, carbon 
monoxide, nitrobenzene, phosphorus trichloride, phosphorus tribromide and 
phosphorus oxychloride. The slopes of the curves obtained are not identical 
as would be anticipated on Semenoff s theory, but vary between the extremes 
hydrogen 0*134 and mesitylene 1*30—a variation which is much greater 
than could be accommodated in the approximate theory of the effect. 

Two possible explanations might be advanced to explain this wide variation; 
(1) that in addition to preventing the chains from reaching the walls of the 
vessel by decreasing the mean free path, the foreign gas is capable of destroying 
or deactivating the propagators of the reaction chain, the efficiency of the 
deactivation being specific for each gas ; (2) that the foreign gas forms a film 
on the surface of the reaction tube which has a specific power of stopping or of 
reflecting the chains. In this connection mention may be made of the difficulty 
experienced by Dalton and Hinsheiwood (loc. cit.) in obtaining reproducible 
surface conditions in the low pressure oxidation of phosphine. 

Dealing with (2) first of all, the following points definitely prove this explana¬ 
tion untenable. In the first place, the variation in the slopes of the curves 
for hydrogen, helium, neon and argon are much too large to be explained in 
this way. Secondly, experiments were made with tubes, of which the surfaces 
were (1) clean, (2) covered with phosphorus pentoxide, (3) with paraffin wax, 
(4) with platinised glass ; the slopes of the curves were found to be independent 
of the nature of the surface of the reaction tube. Further, any modification 
of the equation proposed by Semenoff to take into account the adsorption of 
a film on the surface of the reaction tube resulted in equations which did not 
fit the experimental results. 

The objection to the first explanation is not so strong. It is, however, to 
be observed that in fig. 4 the heavy and large organic molecules give curves 
With the greatest slopes, i.e. t prevent the diffusion of the chains to the walk 
to the greatest extent, the common gases occupy an intermediate position 
with a tendency fox the heavier molecules to have greater slopes ; the lighter 
molecules or atoms H 2 , He, Ne, are arranged in order of their masses with 
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hydrogen much nearer to helium than would be expected if mass operated 
alone. The effect thus seemed to depend more on the physical properties of 



Fio. 4.—Variation of A with the nature of the foreign gas. A is the elope of the line 

obtained by plotting l/p„ against (l + ——'i p 0 , p x and p p being the eritioal 

\ Pa + Pp/ 

oxidation pressure, the pressure of foreign gas and the pressure of phosphorus respec¬ 
tively. 

the gas rather than on a chemical property whioh is usually more specific in 
character. The obvious physical property which might determine the order 
in the above series of gases is the diffusion coefficient. 

The difficulty lay in the introduction of the diffusion coefficient into the 
existing theory without modifying Semenoff’s equation to any great extent. 
The rigorous theory has been attempted by Semenofi* for the chain reaction 
between hydrogen and oxygen, but the resulting equation is so complicated 
and contains so many unmeasurable factors that much simplification had to 
be carried out before it would fit the experimental data. The reaotion between 

* ‘ Z. Phys. Chem.,’ B, vol. 2, p. 1«1 (1020). 
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phosphorus vapour and oxygen is even more complicated so that there seems 
at present little hope of solving the problem in this manner. Nevertheless, 
the arrangement of the slopes of the curves suggested that the existing equation 
could be preserved and brought into harmony with the data most simply by 
multiplying p m by a diffusion coefficient characteristic of X. The formula 
which has been found to represent most satisfactorily the diffusion of one gas 
into another is that baaed on the Stefan-Maxwell theory of diffusion (Jeans, 
Dynamical Theory of Gases/’ p. 315). It is given by the equation 



where D 32 is the diffusion coefficient of gas 1 into gas 2. K is a constant which 
is a function of the temperature. S 12 is the sum of the molecular diameters 
of 1 and 2 with molecular weights respectively M x and M 2 . Let M a be the 
molecular weight of the foreign gas, the problem then is to determine the mass 
and diameter of gas 1. In the theory of chain reactions (see Hinshelwood, 
“ Kinetics of Chemical Change in Gaseous Systems/’ 2nd ed., p. 173) twoenergy 
rich propagators are assumed to take part in the chain—the activated product 
X p which loses, by collision, wholly or partly its energy to form the activated 
reactant X 0 . Hence in order to estimate the diffusibility of X 0 and X„ through 
2 it is necessary to know their masses and effective diameters. In the ease 
of the phosphorus oxidation X 0 may either be an oxygen atom or an activated 
oxygen molecule capable of surviving the collisions with inert, gas molecules 
while Xp is probably a phosphorus oxide molecule which may be represented 
by the general formula P 4 O n where n varies from 1 to 10. In comparison with 
X 0 ,x p will therefore bo a comparatively slow diffuser owing to its mass and 
large diameter. As a first approximation it is neglected in what follows. 
[Assuming that P 4 O n = P 4 O fi as a mean and using a probable value for the 
molecular diameter, it was found that D for P 4 O r , is small compared with and 
varies approximately with D I2 , so that the general character of the results 
tabulated below remains unchanged.] Table I shows the result of multiplying 
the slopes of the curves in fig. 4 by the diffusion coefficient for oxygen atom and 
oxygen molecule respectively. As a basis for calculation the diameter of the 
oxygen atom was taken to be equal to that of neon, while for the oxygen mole¬ 
cule the kinetic theory value has been taken. The values for molecular 
diameters have been taken from the Landolt-Bomstein ' Tabellen/ 
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Table I. 


Gas. 

Slope — A. 

Oxygen atom. 

Oxygen molecule. 

D„. 

Du x A* 

i 

^lt* | 

D lt X A. 

Hydrogen. 

O’ 134 

100 

10 

1 00 

1*0 

Helium . 

0-169 

0*90 

1*2 

0-85 

10 

Neon . 

0-264 

0-45 

0-9 

0-37 

0*7 

Ethylene . 

0-42 

0-26 

0-8 

0-23 

0*7 

Aoetvlone . 

0-46 

0*25 

0-9 

0-23 

0*7 

Nitrogen . 

0-48 

0*26 

0*9 

0-23 

0*7 

Nitrous oxide 

0-60 

0*18 

0-8 

0*23 

1*0 

Argon., 

0-60 

0*27 

1*3 

0-27 

1*1 

Carbon dioxide .! 

i 

] 

0-62 

0*18 

0*8 

0-23 

1*0 


The values of D ia for the atom and for the molecule and of D ia X A are 
given relative to hydrogen which is taken as unity in all cases. 

Since molecular diameters for some of the gases and vapours used were not 
available the calculation of D ia was carried out by a method which is detailed 
by J. H. Arnold.* It is assumed that is proportional to (V 1 1/> + V 2 1/3 ) 
where V x and V 2 are the molecular volumes of 1 aud 2 (in the liquid state) at 
corresponding temperatures. Since V x is unknown for the oxygen atom the 
following Table (II) has been compiled for the oxygen molecule only. The 
values of V 2 are taken from Le Bas, il Molecular Volumes of Liquid Chemical 
Compounds,” The diffusion equation thus becomes 

Du = k' (V» + v,*)-» \/l +T 

M 2 M fi 

where K' is another constant. 


Table II. 


Gm. 

Slope A. 

x A. 

Benxene .... . 

1 *06 

1*0 

Hexane .. 

120 

1*0 

Methylene chloride. 

130 

1*3 

Meidtyiene . 

130 

1*0 

Ethylene dibromide . 

1-20 

1*0 

Acetone. 

1-10 

1*3 

Hydrogen sulphide. 

0-81 

1*0 

Sulphur dioxide .! 

0-67 

0*0 


The values of D ia X A are referred to benzene which is taken as unity. 
* “ Industrial and Engineering Chemistry,” vol 22, p. 1091 (1930), 
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The agreement obtained by multiplying A by D 12 , although by no means 
exact, is sufficient to show that the effect is dominated by Di» The results 
in Table I also show that it is difficult to decide between the atom and the mole¬ 
cule for X 0 . 

The variations which are apparent are, no doubt, due to several factors; 
probably to small specific effects of the foreign gas, to the difficulty of knowing 
the physical constants of X 0 and in no small degree to the uncertainty as to 
the effective molecular diameters in the collisions between X 0 and X. The 
neglect of X p also contributes to the error. Further progress towards better 
agreement is thus hindered by the lack of knowledge of the mechanism of the 
reaction and by the difficulty, when applying the kinetic theory, of obtaining 
reasonably simple equations amenable to experimental investigation. 

Additional support for the supposition that the diffusion factor is pre¬ 
dominant is afforded by an examination of the temperature coefficient of A. 

c 

The diffusion coefficient is proportional to T a/2 /l + ^ where T is the absolute 

temperature and C is Sutherland's constant for the system in question and is 
given by the Sutherland formula C = Fa/. C 2 where Cj and C 2 are the 
individual Sutherland constants for the two gases, F is a factor not differing 
far from unity provided the molecular volumes of the two gases are not greatly 
different (c/. Arnold, loc. cit.). From this it would be expected that A would 
be given by 

A«*(l +C/T)T-*», 

where k is a constant. 

In order to test this equation three gases were selected—neon, carbon 
dioxide and ethylene. Ethylene was chosen since it was anticipated that at 
higher temperatures it would exert a poisoning action in addition to the 
normal increase in diffusion coefficient. As has been shown by Semenoff, and 
confirmed in the experiments to be described, temperatures from 0° to 100° C« 
have no measurable effect on the lower critical oxidation pressure. This 
fortunate circumstance allowed a direct test of the above equation, obviating 
the necessity of applying any additional corrections. 

A few of the results for neon and for ethylene are given in Tables III and IV. 
The results for carbon dioxide are summarised in Table V. For brevity, they 
are not given in extenso. 
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Table III. 


Neon: Temperature of phosphorus 0°. Critical pressure 0*054 mm. 
Temperature of reaction tube 15°. Temperature of reaction tube 112°. 


p * 


l/jv 

—• P** 

; ^P«+Pt 

Po- ( 

i /p- 

i+ p * 

1+ Pa+1»F* 

0*036 

1 

! 0*046 

22 

1*9 0*074 

0 044 

23 

2-5 

0-086 

0*038 

26 

2-9 1 0 081 

0*046 

22 

2-6 

0 143 

0*031 

33 

4*8 [ 0*170 

0-039 

26 

4-6 

0*194 

0-027 

38 

6*7 0-181 

0*038 

26 

6*0 

0*248 

0-024 

42 

9-0 0*266 

0*033 

30 

7*6 

0*292 

0*021 

49 

11*2 0*270 

0*031 

32 

8*1 

0*389 

0*012 

80 

21 0*361 

0-027 

37 

11*3 




0*440 

i 

0*022 

46 

16*2 


Temperature of reaction tube 60°. 


P*. j 

Po* 

1/P.- 

u—— - 
^Po + Pi' ' 

0*084 

0*044 

23 

2*7 

0*138 

0*039 

26 

4*0 

0*140 

0*038 

26 

4*1 

0-189 

0*036 

29 

6*6 

0*189 

0*035 

29 

6*5 

0*240 

0*030 

33 

7*5 

0*246 

0*028 

36 ; 

8-0 

0*348 

0*021 

48 

13*4 

0*878 

0*023 

44 

13*6 

Table IV. 


Ethylene : Temperature of phosphorus 0° C. 

Temperature of reaction tube 14°. Temperature of reaction tube 23°. 


*>»• 

Pq* 

! 

1/Po- 

l + —£i..~ 

Pa* 

Po* 

i/p.- 

1 + -&L. 

| 'Po+P* ’ 

0 

1 

0-064 

18-5 I 

1-00 

0 

0*064 

18*6 

1-00 

0*081 

0*036 

28 1 

2-88 

0-054 

0-034 

29 

2*32 

0*157 

0-028 

44 ! 

6*2 

0-100 

0*026 

39 

4*0 

0-218 

0-017 | 

69 

10-1 

0*100 I 

0*027 

87 

3*9 

0*224 

0-015 

67 

11 *2 

0*159 

0*021 

48 

6*7 

0*290 

0-010 

100 

18 

0-211 j 

0*008 

125 

15 

0-305 

0-010 

100 

19 

0-211 

0-000 

90 

14 

0-378 

0-008 

126 

26 

0*270 | 

0-006 

165 | 

22 
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Table IV—(continued). 

Temperature of reaction tube 70°. Temperature of reaction tube 116°. 


p* 

P<r 

iip*- 

*1 i . P x 

Pv 


lip*- 

1I-&L 

1+ P*+P. 

L ^Po+Pv ' 

0 

0 064 

18-6 

i i*oo 

0 

0*054 

18-6 

1*00 

0*103 

0 087 

27 

3*34 

0*064 

0*043 

23*1 

2*08 

0*108 

0*032 

i 31 

i 3*77 

0*108 

0*038 

26 

3*4 

0162 

0*026 

! 40 

| 6*1 

0*108 

0*038 

26 

3*4 

0*162 

0*026 

1 39 

6*9 

0*170 

0 032 

31 

6*4 

0*216 

0 021 

48 

i 8*7 

0*237 

0*029 

35 

7 2 

0*267 

i 0*017 

69 

11*8 

0*291 

0*025 

40 

10*1 

0*270 

i 0*018 

66 

114 

0*297 

0*025 

40 

10*3 





0*351 

i 

0*022 

46 

1M 


Table V. 


Neon. Ethylene. Carbon Dioxide. 


T. 

A. | 

f+W* A ' 

T. 

A. 

^XA 

1 +«/t 

T. 

i 

A. 

V a vA 

l-fc/x 

285 

i 

0*20 

102 

287 

0*42 

130 

324 

0*66 

210 

334 ! 

0*22 

106 

296 

0*36 

120 

364 

0*60 

230 

386 i 

0*17 

102 

343 

0*27 

120 

383 

0*43 

220 



1 

389 

0*19 

102 





The values of the Sutherland constants were obtained from the recent 
results of Trautz and Zink, 1 Ann. Physik/ vol. 7, p. 427 (1930). 

The comparison of the above results with these obtained at the upper limit 
by Centnerszwer and more recently by Tausz and Gorlacher and by Schacherl 
show very striking divergences. Tausz and Gorlacher found that their results 
could be represented by the equation 

p w « K/(a + z), 

p m =3 pressure of oxygen above which the luminous oxidation is arrested and 
x is the percentage (by volume) of the foreign gas. The value of 1/K was 
taken as*a measure of the activity of the poison. For the common gases it 
was found that they had little effect on p m . Centnerszwer, however, found 
that under his experimental conditions the gases N g , CO, CO a , H a and N a O 
exerted a small but measurable effect in reducing p 9 . This is in marked 
oontrast with the low pressure experiments in which the effect of carbon dioxide 
is four times greater than that of hydrogen. Sulphur dioxide is, according 
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to Tauaz and Gorlacher, a feeble poison of about the same efficiency as benzene, 
whereas the value of A for S0 2 is only slightly greater than that for C0 8 , and 
is much smaller than A for benzene. Again, benzene exerts a poisoning effect 
six times as great as that of ethylene dibromide (Centnerszwer), while A for 
benzene is 1 • 06 and for ethylene dibromide 1*20. It is unnecessary to amplify 
these comparisons, which show very clearly the differences which exist at the 
two oxidation limits. 

The behaviour of ethylene may be examined rather more closely on account 
of the results obtained at different temperatures. This gas has a value of 1/K 
which is 10 times that of S0 2 , and has therefore been regarded for a considerable 
time as a fairly strong inhibitor of the glow of phosphorus. At the lower limit 
it assumes its normal position, lying close to acetylene and nitrogen. This 
result, therefore, points to the conclusion that collisions between X 0 and ethylene 
molecules are for the most part elastic;, up to pressures where the ethylene con¬ 
centration is 10 times that of oxygen. Ethylene appears to behave abnormally 
at temperatures above 20° C. as the value of A decreases by a greater amount 
than can be accounted for by the increase in the diffusion coefficient. If the 
assumption is made that this abnormal decrease is due to the destruction of X 0 
in the gas phase by ethylene and that this reaction has a temperature coefficient, 
it is possible, on the basis of a theory advanced by Kowalski, to make a very 
rough estimate of the efficiency of the collisions between X 0 and ethylene 
resulting in the destruction of X 0 . 

Kowalski showed that the rate (w) of the oxidation of phosphorus vapour 
is given by 


w 




1/v —- a *4" 


- . JRg— 

Pm + P* 


(1) 


where n 0 is number of primary reactions occurring in 1 second, v is proportional 
to the length of the chains, a is a constant within the temperature range at 
present being considered, p m is the partial pressure of a poison And pj(p m + p?) 
is the probability of a collision between X 0 and poison. In order to take into 
account the temperature coefficient (1) will assume the form 


w = .. ,. 

1/V-Q+ . e-g/BT (2) 

Pm + Pv 

where e~ u ^ RT is the ratio of the number of effective collisions to the total 
number of collisions, U being the energy of activation. 
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For condition of explosion w — to , therefore 


1/v - a H-2s— g-u/ET o. 

Pm + Pt 

But Semenoff has shown that 

6raf 2 / . , pm \ 

v “ zr» ?oi>r ( 1 + rrr , 

* V ' + Pp/ 


( 8 ) 


(4) 


which may be modified to allow for the differences in diffusion coefficient by 
writing it in the form 

<*■> 

4 V 7'o + iV 

where X 0 is the mean free path at unit pressure. Let 4 X 0 */b™2* = K, then 
substituting (4') in (3) and as an approximation taking pj(p x + Pp) equal to 
unity (pp = 0*007 mm. and p m ranged up to 0*4 mm.) 


K 


- -FoPrfl + 
a '• Po Vv 


)(1 - 


(B) 


or if 


A' 


iZ&L 


1 + D Pml(p 0 + pp) ’ 


K 


t.e„ 


apt 

d In A' 
<fT 


. A' = 1 — l/o e~ u/RT , 


_U_ 
RT S ' 


For the 100° range A\/A' i == l 1 5, so that U == 10 s cals, and therefore it 
would appear that only one collision in 5 is effective in destruction of X # at 
a temperature of 80° C. 

These comparisons thus show that there is no correlation between the effect 
of foreign gases and vapours at the higher and at the lower critical oxidation 
limits of phosphorus vapour. This is in keeping with the theories which have 
already been proposed for the mechanism of the reaction. At the upper limit 
the length of the reaction chains is determined solely by deactivation or destruc¬ 
tion of the propagators in the gas phase, whereas at the lower limit the ohain 
length is governed by the facility with whioh the propagators may reach the 
wall of the containing vessel where they are destroyed or transformed in some 
way which is as yet uncertain. 

In conclusion, we wish to express our thanks to Professor Kendall 
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for continued interest and encouragement, to the Imperial Chemical 
Industries, Ltd., for a grant for apparatus and to the Carnegie Trustees 
whose scheme for the endowment of research enabled the work to be 
undertaken. 

Summary . 

The effect of different gases and vapours on the lower critical oxidation limit 
of phosphorus vapour has been investigated in order to test the equation 
originally proposed by Semenoff. 

It has been found that although the equation represents the results satis* 
factorily, the slope of the curve obtained by plotting the reciprocal of the 

critical oxidation pressure against the quantity (1 + ——) depends on 

\ Po+Pp) 

the nature of the gas. (p m p P , p 0 are the pressures of foreign gas, phosphorus 
and oxygen.) 

From the results obtained it is concluded, in the present approximate state 
of the theory, that the differences are to be explained on the variation of the 
diffusion coefficient (D) of the chain propagators into the foreign gas. Empiri¬ 
cally the equation is modified to 

p 0 p P (1 H-) a-: constant. 

' Po + Pt ' 

The results therefore show no correlation with those obtained for foreign 
gases at the upper critical oxidation limit. 

Evidence from the variation of the slopes of the curves with temperature 
confirms the opinion that variation of the diffusion coefficient is the predomi¬ 
nating cause of the differences obtained. 
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The Lift on a Flat Plate between Parallel Walls. 

ByL. Rosknkead, Ph.D., 1851 Senior Research Student, Kaiser Wilhelm- 
Institut fiir Stromungsforschung, Gottingen. 

(Communicated by L. Praudtl, For. Mem, R.S.—Received March 2, 1931.) 

1. Introduction . 

Some time ago an interesting paper was published by T, Sasaki* in which 
was investigated the lift on a flat plate (and aerofoil) in an N.P.L. type of wind 
tunnel—a wind tunnel which is bounded by plane walls. The second part of 
the paper dealt with the case of a flat plate in an unbounded jet of air—which 
is equivalent to the Gottingen and Eiffel type of wind tunnel. In all cases 
the obstacle was of infinite span, so that the flow was two-dimensional. The 
flow was everywhere continuous and the problems resolved themselves into 
the discovery of suitable conformal transformations. This was done by the 
application of a method developed by II. Villat.f An independent check of 
the work on the Gottingen and Eiffel type of wind tunnel was recently obtained 
by von KarmanJ who developed an approximate theory, and whose results 
are in close agreement with those of Sasaki. In connection with the work on 
the flat plate and aerofoil between parallel walls Mr. Glauert pointed out that 
the results did not agree with those derived from an approximate theory. 
The difficulty was that the results of Sasaki indicated a loss of lift due to the 
presence of the walls, whereas a simple calculation made several years ago 
suggested a small increase of lift when the walls were far apart and the angle 
of inoidenoe small. It was expected that the exact solution would give 
Glauert’s result as a limiting value. As there was no such agreement, it was 
suggested that the problem might be re-investigated, and I am indebted to 
Mr. Glauert for this suggestion. 

An initial check was applied by obtaining the limiting forms of some of the 
conformal transformations, and it was found that they did not agree with the 
well-known expressions for the continuous flow past a flat plate in an unbounded 
stream. 

♦ 11 On th© Effect of the Walls of a Wind Tunnel upon the Lift Coefficient of a Model/' 
Report of the Aeronautical Research Institute, Tokyo/ No. 46 (1928). 
t 44 Apergus tMoriques sur la Resistance des Fluides ” * Soientia/ No. 38 (1920). 
t “ Vortr&ge aua dem Gebiete der Aerodynamik und verwandter Gebiete/’ Aachen, 
p. 95 (1929). J. Springer. 
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In this paper we confine ourselves to a consideration of a flat plate between 
parallel walls, for aerofoils are usually used at small angles of incidence, and 
at these angles of incidence the corrections of lift for a flat plate and aerofoil 
are almost identical. Further, it is indicated how the problem of a plate in 
the neighbourhood of a wall can be solved by talcing an appropriate limiting 
value of the results of the more general problem. 

Section 2 gives a brief summary of results, and also a list of various formulas 
scattered throughout the paper. Section 3 gives the method of Glauert’s 
approximation, the results of which, it is seen, agree with limiting values 
obtained from the exact solution when the angle of incidence is small and the 
plate is in the neighbourhood of the centre of the stream. In later paragraphs 
the divergence from Sasaki’s analysis is noted and a brief explanation is given 
of the reason why the original work is correct for the unbounded jet of air, but 
not for the bounded stream. 

2. Summary of Results. 

The problem of continuous flow past a flat plate of infinite span between 
plane parallel walls is solved. A circulation is superposed to make the velocity 
at the trailing edge finite and the effect of the walls on the lift coefficient is 
obtained. To a first approximation the results agree with those obtained by 
Glauert’s theory. It is shown that the effect of the walls is to increase the 
lift coefficient, and curves and tables are given showing this increase for various 
values of the angle of attack and the ratio of chord of aerofoil to width of 
channel. It is also shown that the solution of the problem of a plate in the 
neighbourhood of a single plane wall can be obtained from the general result 
by a suitable limiting process. 

A list of symbols, and of expressions that may be of practical value, are given 
below:— 

l xz length of plate, or chord of aerofoil 

D = distance between channel walls. 

h ~ distance between mid-point of plate and the centre line of the 
channel. 

a = angle of incidence of the plate, 

k = circulation round the plate, 
p, U = density, velocity at infinity, of the fluid. 

L s= lift on aerofoil (= y component of resultant force on aerofoil «& Y). 

= lift coefficient of flat plate in an unbounded stream 
(® (lift)/pIU* = * sin a). 
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Ak h s» increase of lift coefficient due to the channel walls, 
k m *ss moment coefficient. 

as moment coefficient at zero lift. 

m , 

S = |7r — a ; h as £D — A. 

I. —Results of Glauert’s Approximate Theory. 

For a monoplane between channel walls— 

(а) When h = 0, l/J) is small, a is small, 

(б) When lj{ D — 2A) is small, a is small, 

A&L = ~ fl 860 * ^ - i) (*X + 2i.no). 

II. —Results of General Theory. 

For a monoplane between channel walls— 

(а) The exact formulas are given by equations (5.21 to 5.27), (6.2), (6.5). 

(б) When h = 0, l[D is small, 

A hlh - £ (1 + sin 2 «)(i)* - (22 - 121 sin 2 « - 14 sin* a) (If , 


24' 


0-4112 (1 + sin 2 a)(^ i 


_ 0-1395 (1 — 5-5 sin* a — 0-6364 sin* a )(jff . 

(c) When IfD is small, 0 < h < D/2. 

Aki/kx, = sin * tan ^ 

-f ^ seo* ^ {(i + sin*«) 4- i sin*^ (1 + 22 sin* ot)j (Iff , 

and if in addition «is small, we have 

U*Llh - {“ c * f - i} (g)‘ + {« tan^ . 1} ot, 


and if also A/D is small, 




VOL. C3CXXU,—A. 
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(d) When a is small, h — 0, IjD any value, 


A h 


Jh — [i 


vii 


where 


log ♦,(<>)/»« (0) 


-*]• 


//I) = -log 8- a (0)/& 4 (0). 

TC 

When Z/D is small this becomes 

Ahih - °- 4112 (s)*- 0I39B ( b)‘- 


3. Glauert’s Approximation .* 

The basis of the approximation follows a line of argument published pre¬ 
viously,! but it can be described briefly as follows. In the first place, the effect 
of the straight walls on the flow past any body can be accurately represented 
by a suitable series of images of the body, and the flow can then be determined 
without any further reference to the walls, for they will automatically emerge 
as stream lines of the system. Secondly, if these images are far away (that is 
1 /D is small) the interference they exert on the body can be calculated with 
sufficient accuracy by replacing each image by a point vortex at its centre of 
pressure. The interference itself can be represented with sufficient accuracy 
by the downwash w and by the curvature of the stream lines dwjdx —that is, 
by a change of the effective incidence and of the effective camber of the aero¬ 
foil. 

The above principles are stated in the reference given above, and the results 
are worked out in some detail for the mutual interference of the wings of a 
biplane. The method can be extended quite simply and the interference 
experienced by the aerofoil (assumed a straight line) can be represented by 
the velocity induced at its centre and by the curvature of the stream lines in 
its neighbourhood. In order to maintain the same lift the incidence must be 
reduced by 

' 2 A HE 1 ' - i (5)' + *•* <» 

where is the value of the moment coefficient at zero lift. At the same angle 
of incidence therefore, the lift coefficient would be increased by 

A* l - * A« « £ (L}\ + 2k n0 ). (2) 

* I am Indebted to Mr. Glauert tor permission to reproduce the material of this section. 

t Glauert, ‘ Elements of Aerofoil and Airscrew Theory ’ (C.U.P. 1980), pp. 177-179. 
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This approximate method may also be applied to the case where the aerofoil 
is displaced from the centre of the channel. The condition of the simpler 
problem, that IfD must be small, is now replaced by the condition that 
lj(D — 2 h) must be small, and the angle of incidence is small as before. We 
can again replace each image of the aerofoil by ft vortex, and a summation of 
the effects of these image vortices gives us 

Ml = ~ ^ - *) (£)* (k h + 2k m0 ). (3) 

Formulae (2) and (3) are limiting forms of expressions that will be obtained 
later. 

4. The Conformal Transformations . 

The exact solution is obtained by means of the following transformations. 
Let z = x + iy where (x, y) are rectangular co-ordinates in the plane of motion. 
The z plane is shown in fig. 1. 


r 

k 

0 J 


Fig. 1.— 2 -plane. 

The velocity at infinity is U and the streaming function is/ = <f> + where 
<j> is the velocity potential and the stream function. The value of ^ on the 
upper and lower boundaries is and — <|/ s , so that UD = The 

/-plane is shown in fig. 2. 



__ f 

» C::C' B 




Fig, 2.—/-plane. 


X 2 


H 4 ^ 
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By making a cut along CGG'C' as above, the/-plane can be transformed on 
to the upper half of a (-plane by the relation 


iL —m- * 2 *** 

dt («* - h?) V((* - c 2 ) (t 2 ~ g' 1 ) 


( 1 ) 


where b corresponds to B, — b to B', and so on. The constant M is so chosen 
that when t passes through h the ordinate changes suddenly by + 'J's* an( l 
we therefore get 


M 


I, + <1> S ZhVW — c 2 ) (A 2 — r/ a ) 
A 2 - b* 


71 


( 2 ) 


The £-plane is shown in fig. 3. 

The upper half of this J-plane is transformed conformally into a rectangle of 
aides 2coj and o) 3 /i in an s-plane by the relation 


i a = f (*) — e 3 . 


(3) 


The points t — b, c, g, h are transformed into the points s = p, + <o s , 
Wj, v and the s-plane is shown in fig. 4. 


-uyndb* 


T o 

Fig. 3.—*-plane. 



C*co,+Wj 


-fci,wC' H ft H G*«>. 
Fig. 4.—*-plane. 


This gives us 

<*/— 4>i + <l>« £ (v) ip(«)-p(m-) 

ds P(v) — P(fx)p(»)-*»(v) 

= ii± h [£ (ji + v) — £ (|X — v) — S (« + v) + S (s — v) ]. (4) 


This equation can be integrated immediately, and if we choose the constant 
of integration so that / = 0 at s = jx, we get 


(n + ; (|l _ v) ) ( , _ 


g.) — log 


q(» + v )g(| t-v) 
a (t — vj or (p -f v) 



The fact that the circulation round the plate is zero gives a relation between 
the constants. (The circulation k will be accounted for later by superposing 
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a rotational flow.) Since the circulation is zero, / has a period 2<o lt and we 
obtain the condition 

S (|x + v) — X> (n — v) = 2t) 1 v/o> 1 . (6) 

Another relation is obtained from the condition that/ differs by at $ = ^ 
and s — 6) x + so that we get 


fa —fa = i+2 = ([1 -f v) — £ (|X — v)] w 3 — 2i) s v}, 


giving 




+1 + +2 


to.. 


(7) 


The inside of the rectangle in the 5 -plane is transformed conformally into 
a ring region in a Z-plane bounded by two concentric circles of radii 1 and 

q ^== exp. (ire —) < 1), by the relation 

5 4~ o>jj — Z. (B) 

ITT 

The face of the inclined plate corresponds to the outer circle and those of the 
two parallel planes to the inner circle. The various points are transformed as 
follows:— 


A sw e i$ *; B = ; A' - e*; B' » ; 

H « qe i6 *; H' = qe l(Zw ~ 0,) ; [a to 3 + o> l ^l — ; 




* Fio, 5,-—Z-pUne. 

We now connect the / and z-planes by the relation 

dz ~ e ' 


(10) 


where 


0 i log dfjdz = 0 — t log q v 
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6 being the direction of velocity and its absolute magnitude. If we can 
express the direction of the stream along the boundaries as a function of the 
central angle in the Z-plane, we can calculate the function £1 at any point 
in the ring region by Villa t’s formula {lac. cit. y p. 16), 

Q(Z) = r * < e ) i (- i°g z - ^ ®) dQ 

TC* J ft 'Wl 7t / 

_icoi f 2 >(0) logZ-^e) <Z6, ( 11 ) 

7T Z Jo NOT 7T / 

with the condition 

/*2w r2w 

j O(6)d0 = j 'F (6) d0, (12) 

where O (6) is the angle which the direction of flow along the face of the inclined 
plate makes with the positive direction of the x-axis, expressed as a function 
of the central angle 6 in the Z-plane ; and Y(0), the corresponding function 
for the two parallel boundaries, is zero, as the flow along them makes a zero 
angle with the positive direction of the x-axia. Hence the recti part of Q is 
defined for the boundaries, and we can UBe Vill&t’s method to determine a 
function satisfying these conditions. 

£2, however, is not unique, for if £2 X is a solution, then £1 1 + i P, where P 
is a purely real constant, will also satisfy the boundary conditions. In fact, £1 
is uniquely defined except for a purely imaginary constant . The effect of this 
constant is to multiply all the velocities in the flow by some real number— 
as can be seen from (10). This velocity must be chosen so as to make the 
velocity in the z-plane equal to U, at infinity. In the original* work, it was 
assumed that £2 was uniquely determined by Villat’e method, and as a result 
errors were introduced. The multiplying factor is itself a function of IfD 
and a, so that the ordinates in the Sasaki curve of lift (fig. 14 of his paper) 
must be multiplied by a number which varies as we go along the curve, and 
it will be seen that this multiplying factor alters entirely the nature of the 
curve. The results of the investigation on a plate in a jet of air need no 
correcting factor, for a modified form of Villa t*s equation was used, the modified 
form being so determined that the imaginary part of £1 is zero over the free 
surface of the jet. This corresponds to systems in which the velocity is unity 
over the whole free surface, and therefore at infinity too. 

The expression for £2 (Z) is valid over the whole ring region between the two 


* Sasaki, toe, tit. 



Lift on a Flat Plate between ParaUd Walls. 


m 


circles, and on the circles themselves—because the singularities which occur 
on the boundaries correspond to singularities in the flow. 

[2w 

Condition (12) therefore is <I> (G) dG — 0, or 

Jo 

(V 4* + *) d0 + fV + S) d9 + r *' (- in + 8) d0 

J « 4 J t>, 


+ (** + 8)d6 = 0, 

' o—_n 




or 


We therefore find 
_ dz d/ - _ e .n # 


0 3 + = 7c — 28 = 2a. 


(13) 


ds df da 


ds 


where 


c- op [jj to. - ».<-,) d” + » + 2 w] 

= F(.),(H) 


= (0 3 -f" 6>j — —1 G s 


$4 = CO 3 + d> 1 


71 


(15 


04 


and where C' is the arbitrary multiplying factor mentioned above. If we test 
this function we find that it gives the correct slopes on the boundaries. The 
expression for dzfds must now be integrated. 

5. Development of the Transformations . 

The addition formulae for the periodic functions give 
F(« + 2w 1 ) = F(«), 

F (s + 2ci) 3 ) = exp [2t (+ 8)] F ( s ), 

and hence F (s) is a “ doubly periodic function of the second kind ” with simple 
poles at $ = ± v. It can, therefore, be split up into simple elements by 
introducing a function A(j?) where 


A (a) 




(i) 


a 

r- 

L... 

2(1)! | 
7Z 

(I+ 8 )] 

<7 

(«)« 

r^i 

L 71 

g+ 8 )] 


V (0) 


8 

^2(1)! 


2u 1 » a 

' 8 ) 

*1 

8 

-2 CO!- 



(2) 
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and as a result of this the function F (s) oan be integrated. The law for the 
decomposition of F (s) is 

F (*) = C„A (# - v) + C_„A (s + v), (3) 

where C,. and CL, are the residues of the poles at + v and — v respectively. 
We find 

a 


Q, g 8 (0> 3 ) 


V(0)<t(2v) 


L^(v+V +to * + ^r)] 

c — C ' -» te (V + V + 4-5 + *?)] 


(4) 


From equation (4.14) we see that as s passes through v (that is the point H 
in the z diagram) there is a discontinuity in z of mC P , and as s passes through 
— v there is discontinuity of i7tCL„. From fig. 1 we see that these discon¬ 
tinuities must be equal to + iD and — iD respectively. Hence an essential 
condition for the consistency of the system is 





(5) 


When this is satisfied the equation 


a - D/w (6) 

may be used as one which determines the hitherto arbitrary constant C\ and 
we get 




or we may put quite simply 

*(«) = -[A («- v)~ A(a + v)] 

TC 



(V 

( 8 ) 


combined with condition (5). This ensures that as we go round the rectangle 
ip the #~plane, we arrive at that point in the 2 -plane from which we started, 
and it also ensures that the velocity at infinity is U in all cases. 
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It should be noted that when the mid-point of the plate AA' is on the centre 
line of the channel in fig. 1, then tjq = and from (4.7) we get v = 
and if this is inserted in (4.9) we get 6 a = £tc. The insertion of this value for 
0j in (5) gives the relation 

03 - 0 4 — (9) 


This relation is only true if the mid-point of the plate AA' is on the centre 
line of the channel. Sasaki assumes without proof that this relation is true 
generally, but as the reasoning is not quite clear, condition (5) will be taken as 
the relation in the most general case. 

Reverting to equation (8) we find that when a complex quantity p satisfies 
the relation 


- R (-r/i) <21t| 


JL 

2toj 


#> 


<R(t /i), 


( 10 ) 


where R (z) means “ the real part of z” the following expansion is valid for 

A (p)* 


l V(0>»,[£-(1 + 8)] 

2 “‘ ' 




CO, 


4 sin (| + *) 


1 


(-)”?” 


sin 7r 

[W-£— l±I) 
L •\2o> 1 2 ) 


j ~q 2n sinrc 

\»(jl 1 + T ) + J(; +S )1 

\2coj 2 /~tc\2~ ’_} 

1 — 2q in cos 2 -f- sj 

+ q*« 


( 11 ) 


In this expression for A (p) put p = (s — v) and p =* (s + v) consecutively 
and subtract. We then get 



i gin — 

<,<(»»+•) £ .. ....... 5°ii. 

to! 1 + 2g*" cos 28 + g 4 " 


X [Z n (e‘* + g*"e-‘‘) - Z~" (e~-‘» + g*V*)]. (12) 


* See Tannery and Molk, vol. 4, p, 104. 
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and where « has been transformed to Z by means of equation (4.8), for the 
sake of convenience. We now have 


: f* * = f FM.^.C®= - s [fw 

J ds J d/j in J 


dZ 

Z 


) W+ Y sm 


to 1 


__ „ ?D < lftirH-51 V _ 

7r ' w t: iW (l + 2 ? 2 « cos + ^ 

X [Z* (e‘* + + Z~ n (<r" + ?*V 4 )]. (13) 

To this expression must be added an arbitrary constant, which can, however, 
be neglected. 

We know that 

and if we put Z = e ltf % and e i% * in equation (13), and then subtract, we get 
or, » ?” sin w0 a sin - (0 S - 0 4 ) 

'-Vi n ( l -ye t- («-»*- 9“ «■<•+>>* (.4) 
where 

a = J 7 C — 8. 


From (13) it is not immediately evident that we get the boundary walls of 
the channel by putting Z = qe l9 . This is due to the expansion adopted for 
A(p). If, however, the terms involving Z are grouped rather differently, that 
is, if we adopt an alternative expansion for A (p) the above property becomes 
evident, as follows :— 

We note that 


A (p) 


— J 

r & 1 rjLa.?' 

8/(0) 1 L2<o, ‘ rcj 

0>1 

4 ” 8 -GK 2 i;] 


(15) 


and from Tannery and Molk, vol. 4, p. 102, this can be expanded as 
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since p, which is going to be put equal to (# — v) and (* -f- v), satisfies the 
relation 

- R (t/») < R (p/a) < R (t/»). 

Applying this expansion to (8) we get 


F« 


Z</ sin 6 a 


. 25 r 

<a x LZ 2 — 2Z# cos 0 2 + y 2 

+1 1 _ £t£ ‘ + r {(?' <•'*■ - r> + (!)> - »->}]■ 

(17) 


Inserting this in the equation 


MF(s)f, 

lit J /J 


we get 

2D f 1 


Z — 


Z=l irb 7 l 0 g z 3 ^ 


+ s 


g g, ‘ sin n0 2 


nZi%(l - 2? lB cos 2# + r/") l\ <1 


1 ®V 


_ ^2" 


<y 2, ‘) 




(18) 


From this equation we wish to show that when 2 = qe*, the real part of z/i 
is independent of 0. It is at once evident that the expression within the sum¬ 
mation sign is the difference of two conjugate complexes, and therefore a pure 
imaginary—which we can ignore. It can also be shown quite simply that 
when 


(2rc - 6*) > 0 > e„ 


log 



log 


sin ^(0 — 0 t ) 
sin£(0 + 0j) 


+ •«* 


and when 

0 8 > e> -e* 


p™ 

log ~r 


*>«• 




log 


sin ^ (0 — 0 a ) 
sin i (0 + 0 a ) 


+ *(«■-*). 


so that the first of these ranges corresponds to 



and the second to 


(19) 
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By means of (13) we see that the co-ordinates of the mid-point of AA' are 
given by 


Z m — | (4 + *X') 

_ 4D t(#)r+l) 5 g n ain n0 a cos fn(0 3 - 0 4 ) 

“ 7 T e n» ltt (1 — 2</ 2n cos 2a + ? 4ff ) 

X [sin (« ~ 1) a — y 2n sin (n + 1) a]. 


Hence A, the distance of the mid-point of the plate from the centre line of the 
channel, is given by 


h 



n , 4D . 

3 a ) 4-sin a 


v sin n0 2 cos frn (6 3 — 0 4 ) 
n -1 n (1 — 2g 2n cos 2a + gr 4 ") 


X [sin (« — 1) a — y 2n sin (n+l) a]. 


( 20 ) 


Equations (14) and (20) give the ratios IfD and A/D in terms of the inclination 
a and the other quantities. 

At this point it is convenient to collect all those relations between the para¬ 
meters that are going to be of use in the future work. First come four relations 
between 0 ls 0 2 , 0 a , 0 4) which suffice to determine these quantities uniquely. 
They are 


I. 

II. 


e 3 + o 4 = * — 2» = 2a; 


—it 


6>, 


*x + W V 


0. 

or -J 


ix_ 


n 4-1 + 4-s ’ 


( 21 ) 

( 22 ) 


III. 

or 


or 


IV. 


c(ii + v)-i:(|i-v) = 2ac. 



(23) 

(24) 


Then come the following three relations 


+ 4* = UD ; 


(26) 
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irr\ 8 £ ff” sin w0. dm in (6.—6i) r . . , v , 


4/D -ifiic - 9J + i£lS 2 

7i 7z n-l n (1 — 2q Zn cos 2a + g* n ) 


X [sin (n — 1) a — q 2n sin (n 4* 1) a]* (27) 


6. Circulation and Lift . 


The flaw obtained by the/-function used above, namely, 



is irrotational and satisfies the boundary conditions of the problem. It also 
makes the velocity at the trailing edge A (fig. 1) infinite, and the stream line 
does not leave the edge “ smoothly.” In order to avoid this we superimpose 
a rotational flow of circulation k> the value of k being determined by the 
condition that the velocity at A is finite. The corresponding z diagram is 
shown in fig. 6. 



i Ht -- ^ . _ 

Fio. 0.—z-plane. 

If f x is the superposed streaming function, the final streaming function to 
is equal to/+/i* Now 

dw __ dnv !dz • ds _ __ * 2L Z ~ 

Hz ~~ Hi/ is d r l~ o>i dlj ds' 
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At the trailing edge s = s it and dz/ds is zero. Hence dw/dZ must be zero at 
this point—that is, dwjdZ must be zero at Z — e i9 *. But 

w=f+fi=f-£w> (1) 

so that the boundaries in the Z-plane (fig. 5) are still stream lines of the system. 
Hence the circulation is given by the equation 


tdw | _ q _JL ^ 

\dZ/A ltu Z 4 2rrco 1 



IK 1 


and so 


K =z — ^ 
7T 


*4 


/ / ^4 + b 2 ^ <v , 1 0 4 — 6 a \ 


2tc 


! ) V( : 


271 






8UI) S 


n-X 1 - q 2n 


cos nO. sin »0~. 


( 2 ) 


The components of force on the plate are given by the well-known formula 
X - (Y = *tp j (£?)* . dz. 


For convenience in the evaluation of this integral we transform the integrand 
in such a way that the integration takes place in the Z-plane. 



(k ^IdZ 

dz d Z 


f (d™) 2 ^ 

in )c\d8/ \dz/ ’ Z’ 


(3) 


where the contour of integration in the Z-plane is any closed line surrounding 
the inner circle. But 

_ (M+Ik) 2 = /#\* _ jl iL +(4) 

\ds! \ds ds) \ds/ c4(0^ 

If wc put ( ~ ) • (~j^J — G (s), we find that 


6 (s + 2wj) = G (s), G (s + 2w 3 ) = exp [—2i (Jtc + 8) ] G (*), 

so that Q(s) is a doubly periodic function of the second kind and can be split 
up into simple elements. The expression ( dwjds ) 2 has double poles at the 
points s =5= ± v, and {ds/dz) has, as shown by equation (4.14), simple zeros 
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at ±v and simple poles at s 8 and s 4 . Hence G (s) has simple poles at ±v, <, 
and # 4 . The law of decomposition is 

G («) = R, B (s — v) + R_ f B (s + v) + R„B (s - s 3 ) + R^B (s - s 4 ), 

where R F , R_„, etc., are the residues of G(«) at v, —v, etc., respectively, and 
where B (s) is a doubly periodic function of the second kind with a simple pole 
at s = 0, and such that 

B (* -f 2wj) = B (s), B (s + 2w 3 ) = e" w<1,r+,, B (#). 

We note immediately that 


B («) = — A (—s), 
2w 


a[s+^(^ + S) 


2pj 




a[s]a -f 8) 

- 7T 


2tc 1 

— e l iiw+S} -~ + positive and negative integral powers of Z. 

o> t 4 sin ($tc + 8) 


Now, 


R, = (iL±i.fi »u>, 

L/y 7T 


7T 


R. 


ii+laf _L = _ 2 u 2 , 

C_„ n 


TC 


K » “ [(£)’ ~ £ (£,)+si?]* [resi<h “ 01 ^ - *J=»• 


since {dfjds) u 
we get 


—. If also we make use of the property that (df/ds),— — — 
2a>< 


R. 


[" (— f —. ( —- JL ) -|—!L_ ] x [residue of ds/dz at s = « s ] 

L\2<0j/ ca, \ 2 ci)j/ 4cji*J 




We note also from (3) that only the term independent of Z in G (*) makes a 
contribution to the value of the integral, and the integral itself is equal to 2m 
times *bia constant term. We see at once that this constant is 

— «‘ <4ir+,) R 4i /4 sin (£ji + 8). 

“i 



144 


L. Rosenhead. 


After some reduction this becomes 


X-iY 


D sin (£* + S) ( (<U & /[» ' (0)]* 

\7Z/ V 27C ' 

It therefore follows that X = 0, and that 


2p7rV 2 

»4 1 

\ 2n i 

r*. 

/ + 6a\ 
\ 2tt > 

M 

fS> - 8 .\ 

^ 27T / 

D sin a 

V (0)] 

2 *>, i 

J <1? 

8~ 

27T 



(5) 


7. The Lift Coefficient when l/D is SmaU. 

The value of the coefficient of lift & L + (= Y/ZpU®) assumes a simple 

form in terms of 1 /D and a when the channel is wide and the mid-point of 
the plate is on the centre line of the channel. As a preliminary the limiting 
values, as D -► oo, of several of the expressions used will be obtained, and it 
will be seen that they all reduce to the forms which are well known for the flow 
past a flat plate inclined to a stream of infinite width. 

Equation (5.24), which is a necessary relation between 0 2 , 6 8 and 0 4 , gives 
on expansion as far as q* } 

0 — q sin 0 2 (sin 0 3 + sin 0 4 ) — q 2 sin (0 3 + 0 4 ) sin 20 a 

— j 4 sin 20 a (sin 20 s + sin 20 4 ). (1) 

Taking only the first term of this expression as a first approximation, we get 
0 8 — 0 4 = 7c* (This relation is exactly true if 0 a = rc/2,) If now hfD is 
small enough to be neglected, we get from (5.27), 0 a = tt/ 2 as ah approximation 
of the same order, and I/D = Sq/n. The transformations for / (4.5) and z 
(5.13) become, as q 0, 



z -*■ — — c‘ ( *” +,) q [Ze‘* + Z -1 c"**]. 

7t 

The expressions transform the flow from the 2 -plane into the interior of a unit 
circle in the Z-plane. It is more usual to consider the flow as external to the 
unit circle hence we here introduce the auxiliary transformations 

Z = — i'/tj, $7T + 8= (3, 
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and we get 



Hence the unit circle in the rj-plane is transformed into a plate of length l at 
an angle a in the 2-plane, and the velocity in the infinite part of the 2 -plane is 

U. 

From (0.2) we see that in the limit 

k 0 -► HXJDq cos § = r:l sin a, (2) 

which is the usual form, and the lift; Y becomes 

Y £2jl L_ — pnl sin <xU*. (3) 

0 8i>/sma V ' 

If now we wish to make a further approximation, still keeping the mid¬ 
point of the plate on the centre line of the channel, we still have 

0j = tt/2, 6 3 — n — 8, 0 4 = — 8, 

and we get 

i. = §£ [1 -j- g gt cos 2 a d- ?■ q i cos 4a], (4) 

1,1 71 


s= 8q sin a [1 + 4 (I — sin 2 a) q 2 + 2 (3 — 10 sin* a + 8 sin 4 a) j 4 ], (5) 

4^ = !■ (1 f sin* a) <f -I- A (14 + 283 sin 2 a - 118 sin 4 a) if 

= £ (1 + *>*«) (5)’ - iS5i51 22 - 121 * - 14 «) (5 

= 0-4112(1 -f sin*a)(i)*-()• 1395 (1 -5-5sin*a-0-0364)(i)\ (6) 
At small angles of incidence, we have as a first approximation 

" 24 \D' ’ 

which is Glauert’a result. 

We may also consider the value of the lift-coefficient, when 1 /D is small, 
and when the centre of the plate is at an appreciable distance from the middle 

VOL. 0XXXII.—A. L 
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of the channel—that is, when squares and higher powers of A/D cannot be 
neglected. In mounting aerofoils in wind tunnels, however, it is not usual 
to put the aerofoil at a great distance from the middle ; that is the ratio A/D 
is usually small and quite frequently it Is small in relation to 1/D. When 1/D 
is small, however, an approximate formula can be obtained without restricting 
the value of the ratio A/D. We put 0 2 = — X, and in the final result 

neglect powers of q greater than the second. To this accuracy the equations 
become 

% + % - 2a 

0 3 — G 4 — 7T — (1 — 2(/ 2 ) cos a sin X. 

Also 

7t1/D = 8q cos X [1 + (j cos 2a cos 2 X + 2 cos 2 a sin 2 X) 

7rA/D = [X — 2 sin 2 a sin 2 X . q 2 ] 

#c/UD = Sq sin a cos X [1 + 2 q sin X sin a 

+ 2 q 2 (2 cos 2 a + sin 2 X + sin 2 X sin 2 a)] 
and 



h + AA l __ 1 Y 

A l u sin a plU 2 

and hence 


1 + Sq sin X sin a 

+ *9* [(1 + sin 2 a) + i sin 8 X (1 + 22 sin 2 a)], 



7r sin a tan 


7tA\ 

dJ 


L 

D 


"*"§4 IT ^ + sin 2 a) + 1 sin 8 (1 + 22 sin* a)| (-/. (8) 


At small angles of incidence this becomes 


Ml 

h. 



Tzh 

D 



7rl 

D 



a, 


( 9 ) 


and if in addition A/D is small, and of the same order as //D, we get the original 
result 



Hence when 1/D is small, and the aerofoil is mounted at a small angle of inci¬ 
dence, the value of AA^/Al remains unaltered within the required limits of 
accuracy, when the displacement of the aerofoil from the centre of the channel 
ia of the same order of magnitude as the length. 
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8, TAe Lift Coefficient at Small Angles of Incidence ♦ 

In experimental work aerofoils are usually used at small angles of incidence, 
and in the range considered Jet cc a. If now in our results we make the 
assumption that a is small, and that powers of a higher than the second can 
be neglected, the result for A ksjkj, assumes a rather simple form suitable 
for computation. The following results are accurate to within 1 or 
2 per cent, in the range 0 < | a | < 8° (approx.), that is j Jcl | ^ 0*45 (approx.). 
The previous section showed that at small values of a, small values of A/D 
can be neglected, so that we shall assume A/D to be zero. 

We know that 


UD 

7T 




so that when 0 2 = tz/2 


UD 

TZ 


and when a is small 


UP ( V (0) 

TZ 1 (0) 


Ms) »■(!;). 


& 

& 


£B)|- = [ !OT V( 0»- 


( 1 ) 


Under these assumptions 


Hence 



8 * q 2n 

*„-.(2n~ 1)(1 


--log 

7Z 


= l log [& 8 (0)l» t (0)j = I log {lIk'). 

TZ TZ 


k' — exp 0 (~ itlj D), 


( 2 ) 


and if 1 /D is given, the corresponding value of k ', and therefore q, can be obtained 
from tables. 

If now we make use of the fact that 

V (0) = 2tc $ 9 (0) M0) M0), 


and of the fact that k « «, we get 


Y_ 

P U a 


D 

2 


V (0).«, 


L 2 
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where 

We see that 


and 

giving 
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k + Ml - jV (0)/log [a, m< (0)1 
Ah fj Vffl __l}. 

l*log[& 3 (0)/» 4 (0)J J 


h 


1. — — log (0)/fr 4 (0). 

1 ) TV 




(3) 


& 2 4 (0) -*16} (1 -f 4ry 2 -f 6j 4 + &y 6 ...) 

§2?+ 5^ * = 0-4112(—f - 0-1395(1)*. (4) 

*1 3 45 24 ID/ 7680\D/ '!>/ 'I)/ 


Table I gives the various coefficients that can be used in the range 
— 8° < a < 8° with an accuracy of within 1 or 2 per cent.—the limits of 
the range being only approximate. [The constants are tabulated against 
“irregular” values of q only because these values of q correspond to certain 
values of the ^-functions that are already tabulated in Hayashi, ‘ Bessel- 
Theta Functions, etc.’ (1930), Julius Springer.] 


Table I.—Valid in the range |a|<8° (approx.), i.ek\ t <0-45 (approx.) 
The last column gives the value of the approximate expression 


ki 


TV* 


24 VI) 


IV 


lilt* (l) 4 
7680 \D/ 





9- 


l/D. 


k/VD. 


Jh/h. 


Jfa/fa (approx.). 


0*000308 
0*01441 
0*02642 
0*04321 
0*06613 
0*1023 
0 1426 
0*2068 
0*2943 
0*3608 


0*0161 

0*0367 

0-0673 

0*1104 

0*1694 

0*2643 

0*3730 

0*6681 

0*8432 

1-0994 


oX . 0‘0505 

0*1164 

0*2120 

0*3483 

0*5383 

0-8637 

1*2358 

1*9577 

3*2896 

4-7443 


0*0001 

0*0006 

0*0019 

0*0050 

0*0117 

0*0281 

0*0547 

0*1166 

0*2418 

0*3736 


0*0001 
0*0006 
0 0019 
0*0050 
0*0117 
0-0280 
0*0545 
0*1146 
0*2219 
0*2933 
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Table XL kj, = 0*5 (t.e., a = 9° 9')* The last column gives the value of the 

approximate expression 

=0-4112 (l + sin*a)(i)*-0-1395(l — 5*5sin s a — 0 *6364 sin* a) , 

- 0-4216 (-j 2 - 0-1200 (~f. 


?• 

i 

l/D. 

kIVIX 

0-005 

0*0127 

0 0004 

0-060 

0*1277 

0 0042 

0 076 

0*1923 

0*0976 

0*160 

0*3930 

0*2082 

0*200 

0-5359 

0*2905 

0*300 

0*8572 

0*5348 


YIpV'U. | 

Ak h jk h . 

4kiiki{% pprox.) 

0*0064 

0*0000 

0*0000 

0 *0642 

0*0066 

0*0069 

0*0970 

0*0149 

0*0164 

0*2083 

0*0598 

0*0622 

0*2977 

0-11X0 

0*1122 

0*5410 

0*2622 

0*2460 


Tables III and IV 7 give the results obtained from the exact and approximate 
solutions when k\, — 0-75 arid ki = 1- 0. 


Table III. Jk L --- 0-75 (i.e., a --- 13° 49'). The last column gives the value of 

the approximate expression 

4 ^ 0 - 4112(1 + sin 2 a) ( ~) - 0 • 1395 (1 - 5 • 5 sin 2 a - 0 • 6364 sin 4 a) (~ )* 
= 0-4346 (g)*- 0-0955 (-j*. 



ii D. 

j k/UR 

Y/pU*D. 

MtJk h . 

Akijki, (approx.). 

0*006 

0*0127 

0*0096 

1 

0 0095 

0*0000 

0*0000 

0*050 

0*1277 

0*0964 

0*0965 

0*0068 

0-0071 

0*076 

1 0•1923 

0*1463 

0*1464 

0*0164 

0*0160 

0*160 

0*3922 

0*3116 

0-3127 

0*0623 

0*0646 

0*200 

0*6339 

0*4426 

0*4470 

0 1163 

0-1161 

0*300 

0*8495 

0-7922 

0*8132 

0*2763 

0*2640 
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Table IV. h = 1 -0 (i.e., a = 18° 34'). The last column gives the value of 
the approximate expression 

= 0-4112(1 + sin 2 a) f ~)* — 0-1395(1 — 5-5 sin*.# — 0-6364 sin 4 *) 

/*/ U Jf \jJ/ 


«= 0-4529 0-0609(g) 1 . 


<7- 

//l). 

I Klin), 

i 

0 005 

. 

0-0127 

0-0127 

0*050 

0*1277 

0*1285 

0-075 

0-1021 

0-1948 

0*160 

0-3912 

0-4130 

0-200 

0*5312 | 

0-5859 ) 

0*300 

0 - 8388 ! 

1-0390 | 


y/pim 

Mtlh. 

Ak h /ki (approx.). 

0-0127 

0-0000 

0*0000 

0-1286 

0 0070 

0 0074 

0•1952 

0-0160 

0*0166 

0-4168 

0-0664 

0-0679 

0-5965 j 

0*1230 

0*1230 

1 0893 

0*2986 

0*2884 


Table V gives tbe values of /fa for various values of Z/D and a. The 
numerical results are obtained from the curves of fig. 6 and from the approxi¬ 
mate expression for Afa/fa„ and have an error of rb0-(X)2 when 1/ D^>0*7. 
This accuracy is well within that required in experimental work, though it 
has yet to be proved that the theory is applicable in actual practice when 
l/D is large or when a is large. 


Table V. Values of A fa/fa are tabulated against l/D and fa, and the top 
row gives the approximate value of A fa/fa obtained from the Glauert 
approximation. 


?(L\' 1 

24 \DJ 1 

0-001 

0 004 

0-009 

0-010 

0-037 

0*066 

0 103 

0*202 

0-833 

k h \m> 

0*05 

L._ _ _ _ 

010 

0-15 

0-20 

1 

0-30 

i 

0*40 

0-50 

0*70 

0*90 

ki <^{)-4 (approx.) 
0*50 

0-75 

1-00 

0-001 1 
0*001 
o-om 
0*001 

0*004 

0*004 

0-004 

0-004 

0-009 

0 • 009 
0-009 
0-009 

0*010 

0*016 

0*017 

0-017 

1 

0*036 

0*037 

0*038 

0*040 

0 060 
0*062 
0*065 
0*009 

_ 

0*094 

0-098 

0-103 

0*109 

017ft 

0*186 

0*198 

0*216 

0*270 

0*286 

0*307 

0*338 











Lift on a Flat Plate between Parallel Watts. 


161 



9 . A Flat Plate in the Neighbourhood of a Plane Wall. 

Sasaki (loc. at.) investigated the problem of a flat plate in the vicinity of a 
plane wall ah initio , the method and analysis being similar to that of the more 
general problem. There is, however, no necessity to go through the investiga¬ 
tion again, for the results already at our disposal can he made to give the 
required information as follows: The width of the channel D is allowed to 
increase indefinitely, and if h'\ -- (D /‘2 — h) | be the distance of the plate from 
the upper wall, then *'/D - 0 is zero when % = 0 . When D is very big h' /D 
does not differ greatly from zero and 0 2 is therefore very small. Hence in our 
approximation D -► <x> and 0 2 0 . The two quantities must approach their 

limiting values in such a way, however, that D 0 a (-~ y) remains finite, and the 
equations for the boundaries become, from (5.19), 

V “ Yfa — co. 

Subject to these conditions we find that (5.21) and (5.22) become 

63 4 * “■= 

(e 3 /g? ) + v te i _ o 

(B,/ 2 is) 6 * ( 0 */ 2 is) 

These equations suffice to determine 0 S and 64 . The equations for l and h 



become 

7 y , 'll si ?i w 4 ^ — [cos (« — 1 ) « — q in 00s (n + 1 ) #], 

it B _j (1 — 2 q tn 00s 2a + S 4 ") L 

v V /1 4 ^ a S co6 ( 6 » ~ e «) 

h “it 1 48lna «. 1 l-2 ? »"cos2a + 9 4 " 

X [sin (n — 1) a — q in sin (« + 1) *]) J 


( 2 ) 
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The circulation becomes 



8Uy S - — cos nO t , 

«-i 1 — ?** 


and the lift Y is 

V (0 a /27r)]» (Q 4 /27 t) 

y sin a (0)] 3 ^ ((% ~ 0 4 )/2tx) ' 


(3) 

(4) 


The ratio Ji /l, which does not involve y, and a are sufficient to determine the 
system. The ratios k/1 and Y/pZU 2 do not involve y, and can bo evaluated 
in terms of the other parameters, and the problem may be considered as 
solved. 


Absorption Spectra in Relation to the Colour of Solutions of 
Iodine Monochloride . 

By A. E. Gillam and R. A. Morton, Liverpool University. 

(Communicated by E. C. C. Baly, F.R.S.—Received March 4, 1931.) 

In a previous investigation* the absorption spectra of solutions in carbon 
tetrachloride of chlorine, bromine and iodine and some interhalogen compounds 
were studied. The solvent was selected on account of its high transparency 
to wave-lengths longer than 260 \jl\l and its stability towards the various 
solutes used. 

The inertness of the medium facilitated a general survey of the absorptive 
properties of solutions of the halogens under the simplest conditions. Pre¬ 
liminary studies using other solvents soon showed, however, that the interest 
of the subject was far from exhausted ; in this communication the properties 
of one of the interhalogen compounds, namely, iodine monochloride, are 
described in greater detail. 

Iodine Monochloride. 

Commercial “pure” iodine monochloride, m.p. 25*1° C., was subjected 
to fractional distillation. The liquid product obtained supercools largely, 

* Gillam and Morton, 4 Proc. Roy. Soo,,’ A, vol. 124, p. 604 (1029). 
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but once crystallisation begins the temperature rises rapidly t-o a maximum and 
then remains constant for a considerable time. This maximum was taken as 
the melting point. The fraction boiling at 104 to 105° C. gave a melting point 
of 26-9° C.—-the highest obtained—and on analysis was found to have a halogen 
content (calculated as Id) of 99 *5 per cent. The iodine and chlorine were 
further found to be present in equimolar amounts. This sample was used for 
the preparation of the solutions. The highest melting points recorded for the 
purest specimens are 27 *16° 0.* anti 27 *2° C.f 

Absorption SpeMra Measurements. —A description of technique has already 
been given (loc. ciL). The apparatus used consisted of quartz spectrographs 
in conjunction with sector-photometers using an iron-nickel arc in air, and a 
tungsten spark, under water, as light sources. Measurements in the visible 
region were frequently checked by means of a Hilger-Nutting spectrometer. 

Notation. —In the spectral absorption curves the molecular extinction coeffi¬ 
cient e has been plotted against wave-length in millimicrons (x(x, e being defined 
by the relation 

log I 0 /I = E = ecd, 


where I 0 = the intensity of the incident light, I = the intensity of the emergent 
light, c = the molar concentration, d = the thickness in centimetres. 

Data, (a) Carbon Tetrachloride, Solutions, —Iodine monochloride was 
dissolved in pure, sulphur-free, carbon tetrachloride, boiling point 76°. The 
absorption curve (fig. 1) confirms that already recorded for samples made by 
mixing equimolecular solutions of iodine and chlorine, except that by using the 
purified, solid, iodine chloride a more accurate, slightly lower value for the 
extinction coefficient at the maximum is obtained. 

(6) Solutions in Glacial Acetic Acid. —Commercial acetic acid was twice 
distilled from phosphorus pentoxide before use. This was necessary owing 
to the fact that iodine chloride slowly reacts with the commercial l< glacial ” 
acid, depositing a mixture of black and white crystals consisting of iodine and 
iodic acid respectively. This appears to be due to interaction between the 
solute and the small amount of water in the acid according to the equation 

5IC1 + 3H*0 - 21* + 5HC1 + HIO* 

(c/. Gay-Lussac, * Ann. Chim. Phys./ (1) vol. 5, p. 91 (1814)). 

The absorption curve (fig. 1) shows that the absorption band characteristic 

* Oddo, 1 Gazetta/ vol. 31, p. 146 (1901). 
f Stortenbaeker, *Z. Phys. Chem.,’ vol. 3, p. 11 (1889). 
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of carbon tetrachloride solutions is displaced by about 100 pp in the direction 
of shorter wave-lengths without change in intensity. 



Fig. 1. —Absorption Spectra of Iodine Monoohloride Solutions. Continuous curve, in 
pure carbon tetrachloride ; dotted curve, in pure dry acetic acid. 

(c) Solutions in Hydrochloric Act'd.—Provided that the strength of the 
hydrochloric acid exceeds 0-2 M, iodine chloride gives a yellow solution 
resembling acetic! acid solutions more than those in carbon tetrachloride. 
Hydrolysis with separation of iodine occurs when the hydrochloric acid is 
weaker than 0 2 M, but over the range 0-2 to 10-0 M, the absorption is inde¬ 
pendent of the concentration of the acid. The curve (fig. 2) shows that the 
absorption band is located in the same region as in acetic acid, but a twofold 
increase in extinction coefficient occurs. 

(d) Ethyl Acetate Solutions .—Commercial ethyl acetate was dried over 
oaloium chloride and distilled, the fraction boiling at 75° b eing used. When 
iodine chloride is added a slightly exothermic reaction accompanies the 
formation of a yellow solution which darkens on standing. The absorption 
curve (fig. 3) for the fresh solution exhibits a single well-defined maximum at 
350 pp and an inflexion indicative of a weaker band in the region 450 to 
470 (ip. On standing, the first band is displaced a little in the direction of 
shorter wave-lengths, its intensity is apparently enhanced, and at the same time 
the absorption at 450 to 470 up shows a considerable gain both in intensity 
and selectivity, a definite maximum at 455 to 460 pp making its appearance. 
The change in absorption occurs as to the greater part in the first few days, 
and must be ascribed to chemical reaction between solvent and solute. 
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(e) Solutions in Ether—P\m A.R. other yields a pale yellow solution which 
darkens to a red-brown colour in the course of 24 hours. The fresh solution 
is characterised by a maximum at 360 and an inflexion near 450 (x(i. On 
standing, changes similar to those recorded for ethyl acetate solutions occur. 

The following table summarises the data obtained with the various solvents 
according to the notation already suggested (Gillam and Morton, loc. til.), 

e --- molecular extinction coefficient. 
c = molecular concentration. 
d — thickness in centimetres. 


Table I. 


Solvent, 

Maximum 
in ftp. 

| c maximum. 

c (molar). 

d (cm*.) 

Carbon totrachloridc . 

460 


L”j 

0 03 

0-26 

Chloroform . 

455 


r i 

160 

0 04 

0-2 

Chloroform containing a trace of alcohol ... 

355 


146 

0 035 

0*2 

Acotic add . 

360 


158 

0*035 

0*2 

Ethyl acetate ... 

351 


160-160 

0*038 

0*2 

Ether. . 

359 


140-160 

0*04 

0*2 


Hydrochloric add . 

343 


275 

0 016 

OS 


Discussion, 

The absorption spectrum of a solute may differ from solvent to solvent for 
a number of reasons, among which are :— 

(1) Dissociation of the solute into simpler absorbing entities, e.g., ionisation 
as in salts, and dissociation as in bromine chloride. 
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(2) The existence of more than one kind of solute molecule in solution, 
implying some kind of intramolecular re-arrangement, such as a 
tautomeric change. 

(3) The existence of definite solvent-solute addition compounds. 

(4) The existence of loosely bound solvent-solute complexes, generally 
referred to under the name “ solvation.” 

(5) An apparent cliange in the absorption spectrum of the solute which 
can be traced to the gradual disappearance of the solute and the appear¬ 
ance of new absorbing entities resulting from the interaction of the 
solvent and the solute. 

These various possibilities may now be considered in relation to iodine 
chloride. In the first place the reaction 

2IC1-—I 2 + C1 2 

may occur slowly even in relatively inert solvents. It is also known that the 
monochloride can be isolated in a and (3 forms with distinctly different physical 
properties, but there is no evidence that this type of isomerism applies to liquid 
iodine chloride or to its solutions. Indeed the two forms can only be isolated 
under special conditions (Oddo ; Stortenbaeker, loe. cit.) in the solid state. 
Iodine monochloride possesses considerable residual affinity, as evidenced by 
the existence of the compound iodine trichloride, IC1. Cl 2 , and it would seem 
probable that the compound IC1. HC1 can exist under certain conditions. 

Again, the dichroism of iodine solutions is generally ascribed to the fact 
that the violet solutions contain ordinary iodine molecules, whereas the brown 
solutions are characterised by solvated iodine molecules. As will be shown 
later, solvation accounts for some of the data with iodine chloride solutions. 
Finally, iodine monochloridc is a highly reactive substance which finds much 
application as a chlorinating agent. The mechanism of this process probably 
depends on the fact that iodine is an excellent chlorine “ carrier ” and its 
appearance in the solutions of iodine chloride in certain solvents points strongly 
to chlorination having occurred on standing. 

Examination of the data leads us to suggest that the most important factor 
influencing the colour and absorption spectrum of iodine chloride solutions 
is dichroism, conditioned by the occurrence or non-occurrence of solvation. 
Two types of solution occur, characterised respectively by maxima about 360 
and 460 pp, the molecular extinction coefficient being 150-160 in both cases. 
The first type consists of pale yellow solutions in solvents like acetic acid and 
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ethyl acetate, whereas carbon tetrachloride is the solvent which best exhibits 
the brown-coloured solutions associated with the second type. The above 
hypothesis implies that iodine chlorine solutions behave very similarly to 
solutions of iodine. Lachmann* indeed found that solutions of iodine in a 
wide range of solvents fell always into one of two classes. This author described 
the solvents which yield violet solutions of iodine as “ saturated ” and those 
which gave brown solutions as “ unsaturated.” It will be seen from Table II 
that a precisely similar classification of solvents is valid for the colours of 
solutions of iodine chloride. 

Table II. 


Solvents yielding— 

{a) With iodine chloride—yellow 


solutions. 

{h) With iodine—brown solutions. 


Solvents yielding— 

(a) With iodine chloride—red-brown 


solutions. 

(fo) With iodine—violet solutions. 


Methyl alcohol. 
Ethyl alcohol. 
Ether. 

Ethyl acetate. 
Amyl acetate. 
Formic acid. 
Acetic acid. 

Aoetic anhydride. 
Hydrochlorio acid. 
Acetone. 

Pyridine. 


Carbon tetrachloride. 

Chloroform. 

Triohlorethylene. 

Ethyl bromide. 

Chlorobenzene. 

Hexane, 

Cyclohexane, 

Benzene. 

Toluene. 

Xylene. 

Carbon disulphide. 


The above table refers to the initial colour with fresh solutions, a proviso 
which is made necessary by obvious interaction between solvent and solute 
in some cases. This change is accompanied by darkening in colour when the 
solutions are allowed to stand. 

The evidence seems conclusive*)* that in saturated solvents the violet colour 
of iodine is due to unsolvated molecules, consisting in all probability of diatomic 
iodine. On the other hand, the colour of the solutions in unsaturated solvents 
owes its spectral location to solvation of the iodine. The difference between 
violet and brown solutions of iodine is visually rather more striking than the 
difference between yellow and brown solutions of iodine chloride. Actually, 
however, this result arises from the limited sensitivity of the eye, as the dis¬ 
placement of the iodine chloride absorption band is 100 pip, as against the 
smaller shift of 60 pp for the iodine band, Dichroism in iodine solutions is 
thus fairly well understood; the same explanation must now be extended to 

* * J. Amer. Chem, Soc.,* vol. 25, p. 50 (1903), 
t Getman, * J. Amer. Chem. Boo./ vol. 50, p. 2888 (1928). 
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the ease of iodine chloride, in view of the complete parallelism disclosed in 
Table II. 

Some difficulty was experienced in establishing the position of chloroform 
in the table as regards iodine chloride. Ordinary, good quality chloroform 
was left to stand over anhydrous calcium chloride and distilled, then the 
whole operation was repeated in the hope of completely removing the alcohol 
which is added to prevent the accumulation of phosgene. A solution of 
iodine chloride in the purified solvent exhibited a single absorption band with 
its maximum near 360 pp, whereas a maximum near 460 pp was to be expected 
on the basis of the analogy with iodine. Clearly, either the hypothesis of 
dichroism led to a faulty classification, or some disturbing factor was vitiating 
the results. Accordingly, the purified chloroform was left overnight in contact 
with concentrated sulphuric acid, the two layers of liquid separated, and the 
chloroform distilled over lime. Chloroform purified in this way (boiling point 
61°) gave a brown solution of iodine chloride characterised by a single absorp¬ 
tion band with its maximum at 455 pp. The sulphuric acid layer was diluted 
with water and distilled. The first 20 c.c. of distillate gave a marked positive 
iodoform test, proving the presence of alcohol in the chloroform purified over 
calcium chloride. Hence the absorption spectrum of iodine chloride in pure 
chloroform falls into line with that in carbon tetrachloride. A very small 
quantity of alcohol suffices to cause the normal 455 pp band to disappear and 
give place to the band at 360 pp usually associated with yellow solutions, e,g, 9 
in alcohol. This will be better appreciated from fig. 4, which shows the 
absorption spectrum of iodine chloride in ordinary chloroform and in pure 
alcohol-free chloroform. This experiment not only affords further proof of 
the soundness of the hypothesis of dichroism already put forward, but pushes 
further the analogy between the dichroism of iodine and iodine chloride 
solutions, as several workers (notably Lachmann, foe. cit. 9 and Brode*) have 
already noted that traces of alcohol in chloroform or carbon tetrachloride will 
change the colour of iodine solutions from violet to brown. 

The colour of iodine vapour, at the boiling point, is the same as that of the 
violet solutions in Lachmann’s “ saturated ” solvents. In a similar way the 
colour of iodine chloride vapour is red-brown, matching the colour of the 
less solvated form in the “ saturated ” solvents. Again, in the case of iodine 
solutions, it has been observedf that the change from brown to violet is favoured 
by heating in some cases, whilst the reverse change is favoured by cooling. 

* Brode, 1 J. Amer. Chem. Soo./ vol. 2, p. 1877 (1026). 

f Waentig, * Z. Phyu. Chem./ vol. 08, p. 613 (1900). 
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With the yellow solutions of iodine chloride in acetic acid a distinct darkening 
occurs on heating, the change being almost completely reversible on cooling. 



Fig. 4. —Absorption Spectra of Iodine Monochloride Solutions. Continuous curve, in 
pure alcohol-free chloroform ; dotted curve, in ordinary chloroform. 

The small irreversible change is probably the same as that which occurs more 
slowly, when acetic acid solutions are allowed to stand at ordinary tempera¬ 
tures. A similar darkening in colour occurs with the hydrochloric acid 
solutions of iodine chloride and appears to be completely reversible. 

If the action 

yellow solution l ie a ^ n fe brown solution 
(band 360 pp) (band 460 pp) 

is general, as would seem to be the case, then a brown solution of iodine 
chloride, e.g in carbon tetrachloride, should lighten in colour on intense 
cooling. This appeared to happen actually, but the reality of the effect was 
uncertain owing to cloudiness in the solution due to the separation of water 
and the deposition of dew. 

Solutions in Ethyl Acetate and Ether . 

The hypothesis of dichroism accounts for the observations with solutions 
exhibiting only one maximum either at 360 pp or 455 to 460 pp. Solutions 
in ether or ethyl acetate, even when freshly prepared, exhibit, however, not 
only the 350 to 360 pp maximum, but also an in fl ex ion near 450 pp. More- 
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over, both at 360 fiji and at 460 (jljx, the absorption increases on standing, 
nntil the inflexion is replaced by a well-defined maximum at about 460 fxpi. 
These observations seemed to be in conflict with the hypothesis of dichroism 
until it was realised that the absorbing entity responsible for the 460 (X(x 
maximum was not identical with the iodine chloride molecule which gives rise 
to a band at 460 p.|x in chloroform or carbon tetrachloride solutions. 

When iodine chloride is added to other or ethyl acetate a pale yellow solution 
is formed with slight evolution of heat. The colour of the solution slowly 
becomes darker. Initially it exhibits the absorption band with its maximum 
at 360 fx(x, but chlorination of the solvent with liberation of iodine soon occurs. 
By a coincidence, the absorption curve of iodine in ethyl acetate or ether 
exhibits a maximum near 460 \i\i (fig. 6), i.e., in the same region as the maximum 
for iodine chloride in carbon tetrachloride. 



Flo. 5,—Absorption Spectra of Iodine Solutions in Ethyl Acetate. (1) 0-002 M iodine 
(within 1 hour of preparation); (2) same solution after 24 hours ; (8) same solution 
after ozoniaalion to remove HI*. 

The absorption spectrum of iodine in ethyl acetate is itself complicated by 
reactions between solute and solvent. Thus, on standing for 24 hours the 
absorption increases considerably and shows a new maximum about 360 ptfx 
YOU CXXXII.—A. M 
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(fig, 5 ). This appears to be due to hydrogen tri-iodide, HI 3 .* The true curve 
for iodine in ethyl acetate is obtained by treating the solution with ozonised 
oxygen to remove the HJ 3 (fig. 5). 

Iodine chloride in ether and ethyl acetate thus exhibits the 350 to 360 fip, 
maximum characteristic of solutions in “ unsaturated ” solvents; reaction 
soon occurs and as a by-product of the chlorination, iodine is set free and 
gives rise to the band at 400 (xp.. That this band is due to iodine is supported 
by the fact that its maximum is identical with the true maximum for iodine 
in ethyl acetate, and also that its intensity approaches, but never exceeds, the 
value to be expected from the iodine content of the solution. While any iodine 
chloride remains in the solution its oxidising action will inhibit the formation 
of hydrogen tri-iodide. 


The Hydrochloric Acid Solution . 

The absorption spectrum of iodine chloride in hydrochloric acid differs from 
that shown in the other solvents since the molecular extinction coefficient at 
the maximum is nearly twice as great as in the other cases. In addition there 
is a slight displacement of the maximum towards the shorter wave-lengths. 

Fourneau and Douardf have observed that sodium chloride stabilises 
aqueous solutions of iodine chloride in exactly the same way as hydrochloric 
acid. Following up this observation, we have found that the solutions in 
concentrated aqueous sodium chloride are bright yellow and very similar to 
the hydrochloric acid solution. An examination of the absorption spectrum 
of such a solution of iodine chloride (0*026 molar) shows that it exhibits an 
absorption band with a maximum at the same wave-length (342 (jtfx) and a 
molecular extinction coefficient of the same order as in the case of the hydro¬ 
chloric acid solution. Thus any explanation of the anomalous absorption 
of the hydrochloric acid solution must also be capable of extension to the 
case of the sodium chloride solution. 

If dissociation of the type 

ici 7—. i + + cr 

occurred in the aqueous solvents it would be shifted over towards the un- 
dissociated ICI by the large excess of chlorine ions present in the two cases 
given above. If this were true the absorption spectrum shown by the hydro- 
chloric acid and sodium chloride solutions would be typical of the undissociated 

* C/. Batley, 1 Tran*. Faraday Soc., T vol. 24, p. 438 (1928). 
t * Bull. Soi. Pharra./ vol. 57, p. 5(51 (1920). 
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iodine chloride molecules. But the constancy in type of the curves which have 
been shown to be given by iodine chloride solutions in various non-ionising 
solvents would suggest that these represent the absorption spectrum of the 
undissociated iodine chloride molecule. Thus it would seem that some other 
explanation is needed in the case of hydrochloric acid and sodium chloride 
solutions and in this connection the possibility of compound formation between 
solute and solvent suggests itself. 

It has been claimed by Schutzenberger* that iodine chloride and hydro¬ 
chloric acid unite to form the compound IC1. HC1, a volatile yellow substance 
with a powerful odour. This is said to be soluble in ether, but hydrolysed by 
water. 

Dilute solutions of iodine chloride in hydrochloric acid are quite stable 
provided that the concentration of the acid exceeds tenth-molar. Below this 
concentration of acid the iodine chloride is decomposed by the water with 
precipitation of iodine. Now, if the compound IC1. HO existed in solution 
it would tend to dissociate according to the reversible reaction 

IC1. HC1 -- 1C1 + HC1 

particularly at the dilutions used for our measurements (0*05 to 0*0005 molar). 
A large excess of hydrogen chloride should, however, reduce the dissociation, 
and this seems to be the reason why the hydrochloric acid solutions arc stable, 
because even in the tenth-molar hydrochloric acid solution, where the iodine 
chloride begins to decompose, the ratio of HG1 to IC1 is greater than 200 to 1. 

Under these circumstances the molecule may well exist in the undissociated 
state, in which case the intense absorption band at 343 p-p, would be character¬ 
istic of the IC1. Hd molecule, or its anion. The parallel results obtained 
with sodium chloride solution point to the existence of the compound 
IC1. Nad, an assumption which is considerably strengthened by the fact 
that the corresponding caesium, rubidium and potassium salts all exist as 
well-defined crystalline solids.f 

In view of Schutzenberger’s statement (vide supra) that the compound 
Id . HC1 can be extracted by ether, it is interesting to note that when hydrogen 
chloride gas is led into an ethereal solution of iodine monoohloride, the spectral 
absorption of the solution changes from a maximum at 360 pp to one at 
342 pp with an increase in intensity towards that of the 343 pp band, which is 
shown by the hydrochloric acid solution. 

♦ * C.R. Acad. Soi.,* rol 84, p. 389 (1877). 
f Wells and Wheeler, * Amer. J. Soi.,* vol, 43, p. 476 (1892). 

M 2 
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This action of hydrogen chloride upon iodine chloride probably accounts for 
the increased absorption and slight shift of the maximum towards shorter 
wave-lengths which occurs when ethyl acetate solutions of iodine chloride 
are allowed to stand {cf. fig. 3). The hydrogen chloride in this case would 
be developed in the solution as one of the products of chlorination. 

If dry gaseous hydrogen chloride is passed through iodine chloride in carbon 
tetrachloride, there is no reversion to a band* at 342 (ifi, as might have been 
expected. This probably means that IC1. HC1 is not soluble in this solvent. 
On the other hand, if a few drops of concentrated aqueous hydrochloric acid 
are added to a chloroform or carbon tetrachloride solution of iodine chloride, 
the major portion of the solute is extracted by the hydrochloric acid to give a 
bright yellow solution. The small amount of iodine chloride remaining in 
the chloroform or carbon tetrachloride still shows the normal band at 460 (xpi. 
The hydrochloric acid extract stains filter paper a bright yellow, and further 
the stain is readily soluble in ether to a bright yellow solution. 

The evidence of absorption spectra thus supports the view that the compound 
Id. HCl (or some similar complex), as well as its sodium salt, exists under 
certain conditions in solution. 

Philbrick* however, after studying the distribution of iodine between 
hydrochloric acid and solutions of iodine chloride in that solvent, concludes that 
there is no evidence, from distribution data at least, of the existence of HICl a 
or its anion in solution. This, he maintains, is supported by the dissociation 
of iodine mono- and tri-chlorides in non-aqueous solvents. This author, 
moreover, favours the view that the hydrochloric acid solutions contain a 
highly dissociated electrolyte, and he believes that his results point to the total 
absence of either undissociated iodine chloride or any complex of it with 
hydrogen chloride. It should be observed that Philbrick used a concentration 
ratio of HCl to IC1 ** 7*5 to 1, whereas in our solutions the ratio has been of 
the order of 200 to 1, a difference which may account for the discrepancy. 

The Ageing of Iodine Chloride Solutions. 

Carbon tetrachloride solutions of iodine chloride are among the most stable 
of those examined. The only change which occurs is the development of a 
violet colour after long standing. 

This is due to iodine, and is probably caused by dissociation of the solute 
into iodine and chlorine. As the highly intense 520 iodine band cannot be 
detected readily in fresh solutions, this dissociation must be very small. The 
♦ ‘ J. Chem. Soc./ p. 2264 (1930). 
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small amount of chlorine which, must be formed at the same rime and cannot 
react with the solvent gradually escapes into the air. This upsets the dis¬ 
sociation equilibrium and more iodine is formed, so that the solution ultimately 
becomes violet with the accumulated iodine. 

The acetic acid solutions appear fairly stable for the first few days, but in a 
week or two the darkening in colour is quite noticeable and proceeds con¬ 
tinuously until in the course of 6 weeks the solution is distinctly red-brown. 
The change in the absorption spectrum runs parallel with this darkening a8 
will be seen from the curves in fig. 6. The continuous decrease in intensity at 



Flo. 6. —Pure Iodine Chloride in pure Acetic Aoid, 0*0344 Molar (2 mm.). (1) Fresh; 

(2) after 2 weeks ; (3) after 6 weeks ; (4) after 10 weeks. 

the maximum indicates that iodine chloride has been used up in chlorinating 
the acetic acid. The increased absorption in the region 260 to 300 [X[x thus 
has its origin in the chlorination products, whilst the definite increase in absorp¬ 
tion in the 440 to 460 (xjz region is due to the accumulated iodine. 

The hydrochloric acid solution# are the most stable of all those examined as 
darkening is scarcely perceptible even after many weeks. The absorption 
spectrum is also constant over this period whether the concentration of the 
acid is 10 M or only molar. This is not surprising in view of the action of the 
large excess of hydrogen chloride in inhibiting dissociation of the compound 
IC1. HC1 as it appears to do, and also considering that there is no compound 
present which easily takes up chlorine. 

The ether and ethyl acetate solutions change so rapidly at first as to make the 
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measurement of the true absorption spectrum of iodine chloride in these 
solvents extremely difficult, but the process, although speeded-up, seems to be 
essentially the same as that which occurs in acetic acid, namely, chlorination 
of the solvent. 

Still more rapid interaction between solvent and solute occurs when iodine 
chloride is dissolved in acetone. The initial colour of the solution is bright 
yellow; a slow fading at once sets in and at the end of 10 minutes the solution 
loses its colour completely and for a very short time remains colourless. It 
then becomes a light brown in tint and this steadily increases to a maximum. 
In warmer solutions the same changes occur but the stages are passed through 
more quickly. 

The main conclusion to be drawn from the foregoing data is that the peculiar 
property of iodine, in virtue of which it is able to give two types of solution 
with different colours and absorption spectra, persists in one of its compounds, 
t.e., iodine monochloride. The property may even be said to be accentuated 
in the latter case (vide supra). It is interesting to speculate as to whether 
this property is shown by other iodine compounds. We are at present examin¬ 
ing solutions of iodine bromide along these lines, but the greater dissociation 
of this substance in solution renders the examination more difficult than in the 
case of iodine monochloride. 


Summary. 

(1) The spectral absorption of iodine monoohloride has been studied in 
carbon tetrachloride, chloroform, acetic acid, hydrochlorio acid, ether and ethyl 
acetate. 

(2) Iodine chloride solutions are found to exhibit two different colours, 
yellow and brown. 

(3) The yellow solutions are characterised by an absorption maximum about 
360 to 360 p.{i, whilst the head of the band for the brown solutions is situated 
near 460 \l\l. The molecular extinction coefficient in each case is between 
160 and 160. 

(4) The gradual appearance of a second band in the case of ether and ethyl 
acetate solutions is shown to be due to chlorination of the solvents with 
liberation of free iodine, which exhibits a maximum (in these solvents) near 
460 p.fx. In spite of the coincidence in wave-length, the new band thus differs 
in origin from the band due to iodine monochloride in saturated solvents. 

(6) The aqueous sodium chloride and hydrochloric acid solutions of iodine 
chloride are anomalous in having a higher extinction coefficient than all the 
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others. This, we suggest, points to the existence of the substance IC1. HC1 
and the corresponding sodium compound under the conditions of experiment. 

(6) The dichroism of iodine chloride solutions is found to be exactly 
analogous to that of iodine Solutions. Thus, solvents which give violet 
iodine solutions give brown iodine chloride solutions, whilst those which give 
brown iodine solutions give yellow solutions with iodine chloride. 

(7) The analogy with iodine solutions extends, in the case of certain solvents 
to the variation of the colours with changes of temperature, as well as to the 
fact that traces of alcohol in “ saturated ” solvents cause the normal 460 fifx 
maximum to be replaced by that at 360 

(8) The change in the colours and absorption spectra of some of the solutions 
with time has also been examined and discussed. 

We are indebted to Professor E. 0. C. Baly, F.R.S., for his interest and 
support in connexion with this work. 


The Micelle Structure of the Wool Fibre. 

By J. B. Speak man, Leeds University. 

(Communicated by E. K. Rideal, F.R.S.—Received March 5, 1931.) 

During the past few years, the elastic properties of wool have been studied 
in some detail, not simply on account of their intrinsic interest, but rather as 
an aid to the elucidation of the intimate structure of the fibre. The earlier 
of these investigations* were concerned with the changes produced by the action 
of water at various partial pressures and different temperatures under widely 
different conditions of loading and reloading. More recently, the scope of the 
research was extended to include an examination of the elastic properties^ 
wool in organic liquids of a relatively inert type.f It was postulated that any 
particular liquid might fail to react with wool for one of two reasons : either 
that the compound is inherently incapable of reaction on chemical grounds 
or because it is unable to penetrate the fine capillary structure of the fibre. 
Both expectations were realised. In general, it was found that organic reagents 

* Speakman, * J. Text. Inst./ vol. 18, p. 431 T (1927 ); * Proo. Roy. Boo./ B, vol. 103, 
p, 877 (1928); ‘ Trans. Faraday Boo./ vol. 25, pp. 92, 169 (1929). 
t Spoakman, * Trans. Faraday Soc./ vol. 26, p. 61 (1930). 
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with hydroxyl groups in the molecule were able to modify the elastic properties 
of wool to a striking degree, provided that the molecule was sufficiently small 
to gain admittance to the fibre. Other reagents were by comparison remarkably 
inert. The high order of reactivity of the normal aliphatic aloohols was 
utilised to give a measure of the size of the capillary spaces* in the dry wool 
fibre. It is well known that the work required to stretch wool fibres is at a 
maximum in dry air and a minimum in water. Similarly, the work required 
to stretch fibres in methyl- or ethyl-alcohols was found to be of the same order 
as that required in water, whereas wool fibres in butyl- or amyl-alcohols showed 
a resistance to extension precisely similar to that of the dry fibre. Propyl 
alcohol was intermediate in type between the two extremes and from the graph 
of the work required to stretch fibres 30 per cent, of their length, against the 
molecular weight of the corresponding reagent, it was concluded that the 
size of the capillary spaces in the dry wool fibre is of the same order as the 
length of the w-propyl alcohol molecule. 

The preceding determination of capillary size has been of value in inter¬ 
preting the properties of the dry fibre, but it was recognised that chief interest 
must always be associated with the size of the capillary spaces of the fibre 
swollen in water. For example, the fastness or otherwise of a dye to rubbing 
will be determined by its ability or inability to enter the fibre structure, and 
a determination of the size of the capillaries in the swollen fibre should bo of 
the greatest service in predicting and studying the rubbing fastness of dye¬ 
stuffs. Similarly, the processing of wool in the textile trade involves its treat¬ 
ment with a variety of reagents such as soap, oil and glycerin. Even the latter 
has been shown to be incapable of entering the dry fibre and, at first sight, it 
is somewhat disconcerting to find that those reagents which are used in practice 
—reagents which are in most cases assumed to find access to the interior of 
the fibre—possess a molecular size in exoess of the size of the capillary spaces 
in the dry fibre. It has, however, to be remembered that they are rarely, if 
ever, applied to dry wool and whatever may be the hypothesis used to explain 
the phenomenon of swelling, it is clear that swelling will be accompanied by an 
increase in capillary size and a corresponding increase in the accessibility of 
the structure to reagents in general. An attempt was therefore made to 
determine the size of the oapillary spaces in the swollen fibre by studying its 
elastic properties in mixed liquids. The method has also been successful in 
demonstrating the existence of a micellar structure and in giving a measure of 

♦ The spaoes under consideration are inter-mioeUar distances, as will be shown later in 
the paper. 
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the most important dimension of the micelles. Their shape has been deduced 
by combining this determination with deductions from other lines of reasoning, 
with the result that a precise picture can now be given of the internal structure 
of the wool fibre. 

Experimental. 

General Principle of t!te Method . 

In the earlier paper already referred to,* it has been shown that water, 
ethylene glycol and methyl alcohol are all able to enter the capillaries of the 
dry wool fibre and reduce its resistance to extension. Other organic liquids 
of similar constitution to the above, but of higher molecular weight, are without 
effect on the dry fibre, presumably because their molecules are too large to 
gain admittance to its fine capillary structure. When, however, a member of 
this latter class of reagent is mixed with water, for example, fibres immersed in 
the mixture will swell by adsorption of water and the then enlarged capillaries 
may be able to accommodate the larger molecule, which would thus lose its 
inert character. In such a case, the elastic properties of fibres in the solution 
would approximate to those of wool fibres in water and differ considerably 
from those of fibres in an atmosphere at the same relative humidity as that 
given by the solution. Where the organic liquid is involatile, there is thus an 
immediate method of detecting its penetration into the swollen fibre ; if the 
work required to stretch fibres is determined in the solution and in an atmo¬ 
sphere in equilibrium therewith, the two values can be identical only when 
the reagent of high molecular weight is unable to enter the fibre. Should 
penetration occur, the work required to stretch fibres in the solution will be 
less than in its atmosphere. Similarly, if fibres which have been immersed 
in an aqueous solution of an organic liquid are afterwards dried and then 
stretched in a dry atmosphere, the work required to perform a given extension 
will be less than for untreated, dry wool if penetration has occurred. The 
preceding criteria can be applied with complete success only when the organic 
liquid is involatile. In other cases it is necessary to compare the work required 
to stretch fibres in the solution with that required in an atmosphere of water 
vapour at the same partial pressure as that in equilibrium with the solution. 
Unfortunately, data for the water-vapour pressure of solutions of the various 
organic liquids used in the research are not available and, in consequence, 
the approximate value for each solution has been calculated by means of 


* * Trans. Faraday Soo.,’ voL 26, p. 61 (1930). 



Raoult’s law from its known composition by weight. Such values are to be 
regarded merely as rough approximations. 


Technique. 

(a) Purification of Wool .— English Cotswold wool was chosen for the research 
because it contains a high proportion of fibres uniform in diameter along 
the length. The wool was purified by extraction with alcohol and ether in a 
Soxhlet apparatus, followed by repeated washing in distilled water. 

( b) Preparation of Reagents .—Except in the case of glycerin, where the 
analytical reagent was employed without further treatment, all organic liquids 
were purified immediately before use by drying over appropriate reagents, 
followed by fractional distillation in an apparatus previously dried by the 
passage of a stream of air dried by phosphorus pentoxide. Solid reagents 
were purified by recrystallisation. The solutions used in the research were made 
up by weight. 

(c) Experimental Procedure .—The method adopted to study the elastic 
properties of wool fibres in the various media was precisely s i milar to that 
described in earlier papers (Speakman, loc . c it). It consisted, briefly, in 
attaching a 5-cm. length of fibre by means of sealing wax or dental cement to 
two light glass hooks. The diameter of the fibre was then measured at 30 
points along the length in an atmosphere at 65 per cent, relative humidity 
and 22-2° C., so that its mean cross-sectional area could be computed and 
used in reducing the results obtained with different fibres to a common basis. 
Load-extension curves were determined by stretching the fibres between a 
fixed base and one arm of a balance, a finite rate of loading of about I X 10 s 
g./cm. a /min. being employed. All experiments were carried out at 22-2° C., 
but the medium in which fibres were stretched was varied according to the 
purpose of the experiment. 

After calibration and before use, each fibre was introduced into a separate 
weighing bottle and dried for at least 24 hours over phosphorus pentoxide. 
When the elastic properties of fibres were to be studied in a particular solution, 
the latter was introduced into the weighing bottles without opening the 
desiccator. This was accomplished by means of a small separating funnel 
provided with a bent delivery tube, which was capable of rotation in the hole 
of the stopper closing the lid of the desiccator. After introducing the reagent, 
the desiccator was opened, each weighing bottle capped and the fibres left 
for 24 hours to attain equilibrium. They were then transferred rapidly to a 
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glass tube containing the same solution and the load-extension curves deter** 
mined in situ. 

In order to determine the elastic properties of fibres in an atmosphere in 
equilibrium with the same solution as before, the dried fibres were transferred 
to a rectangular glass tank of 750 c.c. capacity, containing four tubes filled 
with the solution in question, one in each corner, each of about 30 c.c. capacity. 
The tank was closed by means of a glass lid, cut in half, communication between 
the fibre and the balance being effected by means of a fine wire leading through 
a central pinhole in the lid. 

For the purpose of studying the properties of fibres dried after immersion 
in the solution, each fibre was transferred directly from the solution to the 
same glass tank as before, the latter being in this case, however, lined with 
fused calcium chloride packed in wire gauze cages. 

Each result given in the following tables is the mean of five observations on 
different fibres and is calculated for an initial cross-sectional area of 1 sq. cm. 
by using the measured cross-section of each fibre to reduce the results to this 
common basis. 


Preliminary Experiments. 

The following results are selected from a preliminary set of experiments 
which were originally undertaken in the hope that a measure of the size of the 
pores of the water-swollen wool fibre could be obtained by determining the 
maximum size of molecule capable of gaining access to its interior, penetration 
being detected by one or other of the criteria already discussed. Unfortunately, 
the increase in pore size of dry wool fibres on immersion in water proved to 
be unexpectedly great and direct determination was found to be impossible 
by this particular method. Some discussion of the results is necessary, how¬ 
ever, because they serve to establish the general validity of the argument that 
the pores of the wool fibre increase in size by swelling in water and other similar 
reagents, and because they fix a lower limit to the size of the enlarged pores. 
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Glycerol-Water Mixture. 

Composition = 52*5 per cent, glycerol by weight. Calculated relative 
humidity = 82*3 per cent. 


Conditions of extension. 

Potential energy 
to atretoh fibre# 

30 per cent. 

J* To solution .. 

gm. cm. per c.c. 

1*77 x 10* 

2. In atmosphere .. 

2*66 

3. In dry air after immersion in solution ... . 

4*33 

4, In glyoerol without previous treatment. 

6*35 



From the foregoing results it is clear that the resistance of wool fibres to 
extension is smaller in the glycerol solution than in its atmosphere, indicating 
that the glycerol molecules have succeeded in entering the fibre from aqueous 
solution. This conclusion is supported by the fact that fibres dried after 
immersion in the solution require less work to produce a given extension than 
those in glycerol alone, a result which serves also to show that glycerol can, 
in the absence of water, reduce the resistance of wool fibres to extension, pro¬ 
vided that the molecules have found access to their fine capillary structure. 

Diethylene. Glycol-Water Mixtures. 

Similar experiments to the preceding were carried out with mixtures of 
diethylene glycol and water. Unfortunately, diethylene glycol is not involatile 
and, in consequence, the properties of fibres in atmospheres in equilibrium with 
the solution showed a progressive change, illustrated by the following data, 
with increasing time of exposure. 


Composition of solution = 74*5 per cent, diethylene glycol by weight. 
Calculated relative humidity = 66*8 per cent. 


Time of exposure 

Potential energy to 

to atmosphere. 

stretch fibres 30 per oent. 

hours 

gm. cm. per c.o. 

8 

2*61 X 10* 

24 

2*28 

51 

1*98 


In atmospheres in equilibrium with solutions of involatile organic liquids, 
8 hours’ exposure was found to be more than s uffi cient for equilibrium to be 
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attained ; the trend of the preceding results is due to adsorption of diethylene 
glycol, leading ultimately to an identity of behaviour of fibres in the solution 
and in its atmosphere. In the succeeding tables, the properties of fibres in 
the solution have therefore been compared with those of fibres after 8 hours' 
exposure to its atmosphere. To make the comparison still more critical, data 
for fibres in an atmosphere at the same relative humidity as that calculated 
for the solution have been included in the tables. 


Solutions of Diethylene Glycol in Water , 

1. 74*5 per cent, diethylene glycol by weight; 2, 42*2 per cent, diethylene 

glycol by weight. 


Medium. 

Calculated relative 
humidity. 

i 

Potential energy 
to stretch fibres 

30 per oent. 


per oent. 

gm. cm. per c.e. 

Solution 1 .■ 

-— 

1*81 X 10* 

Atmosphere..... 

06*8 

2*61 

Water vapour only . 

66-8 

2*86 

Solution 2 . 

i 

1-61 

Atmosphere. 

89-0 

1*87 

Water vapour only . 

! 89 >0 

2*05 

Diethylene glycol (dry). 

00 

5*21 


Special attention must be called to the fact that, in spite of the volatility 
of diethylene glycol, the resistance of fibres to extension in solution 1 is less 
t.lmn that of fibres exposed to its atmosphere for as much as 51 hours. In 
both cases, the resistance to extension is always less for the solution than 
for its atmosphere, or for water vapour alone at the appropriate (calculated) 
relative humidity. Thus diethylene glycol finds ready access to the capillary 
structure of the wool fibre from solution in water. 

Carbitol'Water Solution . 

The next reagent to be studied was one of higher molecular weight—the 
mono-ethyl-ether of diethylene glycol, known as “ earbitol.” 
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Composition of solution = 75*0 per cent, carbitol by weight. 


Medium. 

Calculated relative 
humidity. 

Potential energy 
to stretch fibres 

30 per cent. 


per oent. 

gm. cm. per c.c. 

Solution . 

— 

1*70 x 10* 

Atmosphere. 

71*2 

1 *91 

Water vapour only.j 

71-2 

2*71 


Owing to the greater volatility of carbitol, the properties of fibres in the 
solution and in its atmosphere approximate more closely to one another than 
in the case of diethylene glycol. The best method of indicating the penetration 
of carbitol into the fibre is to compare the resistance to extension of fibres in 
the solution with that in water vapour alone at the correct partial pressure. 
Alternatively, it may be stated that the value 1*70 X 10* gra. cm. per cubic 
centimetre for the energy required to stretch fibres 30 per cent, of their length 
in the solution corresponds with the properties of fibres in an atmosphere at 
96 per cent, relative humidity, and there is definitely no possibility of the 
carbitol solution having so high a water-vapour pressure. 

Mannitol-Water Solution. 

Mannitol is relatively insoluble in water, and in order to realise the maximum 
difference between the properties of fibres in the solution and in its atmosphere, 


a saturated solution was used. 

Medium. 

Potential energy to 
stretch fibres 80 per oent. 

1 

Solution ........ 

gm. cm. per c.o. 

1*37 x 10* 

1*61 

Atmosphere .. 



The m anni tol molecule is thus able to enter the wool fibre and reduce its 
resistance to extension in much the same way as water. 

All the preceding experiments were carried out with aqueous solutions of 
organic liquids but, as previously indicated, ethylene glycol is able to enter 
the capillary spaces of the dry wool fibre, reducing its resistance to extension 
to a striking degree. This reagent can therefore be used to dissolve other 
organic liquids of high molecular weight and investigate their penetration 
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into the swollen wool fibre. In this way it was found possible to extend the 
scope of the investigation to liquids which are insoluble in water. 


Octyl Alcohol’Ethylene Glycol Mixture . 

Composition of solution = 42*5 per cent, ethylene glycol by weight. Molecular 
concentration of ethylene glycol — 60*8 per cent. 

Potential energy 
to stretoh fibres 
30 per cent. 


Ethylene glycol 

Ootyl alcohol .. 

Ethylene glycol-octyi alcohol mixture 


In spite of the moderate concentration of ethylene glycol, the resistance of 
fibres to extension in the mixture is remarkably similar to that in ethylene 
glycol alone. When swollen with ethylene glycol at this concentration, 
therefore, the capillary spaces of the wool fibre must be sufficiently big to 
admit a molecule as large as that of octyl alcohol. 


N(mylie Acid-Ethylene Glycol Mixture . 

Composition of solution = 46*6 per cent, ethylene glycol by weight. Molecular 
concentration of ethylene glycol = 68*9 per cent. 


Medium. 

Potential energy 
to stretch fibres 

30 per cent. 

Ethylene glyool ....... 

gm. cm, per o.o. 

1*03 x 10* 


1*68 

Ethylene glyool-nonylio aoid mixture ... .j 

Since the properties of fibres in the mixture are so closely similar to those of 
fibres in ethylene glyool alone, it is evident that nonylic acid can gain admittance 


to the pores of the swollen wool fibre, and there is a strong probability that the 
size of the pores of the wool fibre swollen in water must be far in excess of the 
length of the nonylic aoid molecule. 

At this stage of the investigation it became clear that if the pore size of 
swollen wool fibres were to be determined by the present method, compounds 
of far higher molecular weight than nonylic acid would be required for the 


gin. cm. per o.e. 
1*63 X 10* 
0*17 
1*72 


Medium. 
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purpose. This at once leads to difficulties, because such compounds are not 
sufficiently soluble in those reagents which are able to enter the pores of the 
dry fibre to allow penetration of the compound of high molecular weight to be 
detected with any certainty. It is clear that the method must be modified 
to allow pore size to be determined with substances such as octyl alcohol, 
which are readily soluble in methyl alcohol or ethylene glycol. 

Determination of the Pore Size of Swollen Wool Fibres . 

A considerable body of evidence has now been accumulated to show that the 
size of the capillaries in the dry wool fibre is multiplied several times by adsorp¬ 
tion of water and other similar reagents ; whereas the swollen fibre is easy 
of access to octyl alcohol, dry wool is impervious to molecules larger than the 
w-propyl alcohol molecule. So large an increase in pore size is in striking 
contrast with accompanying changes in the overall dimensions of the fibre. 
On imm ersion in water, dry Cotswold wool fibres increase in length and diameter 
by 1 • 19 per cent, and 17 • 5 per cent, respectively. The eo-eristence of a large 
increase in pore size (over 100 per cent.) and a small increase in overall dimen¬ 
sions, affords a definite proof of the existence within the fibre of micelles which 
are relatively, if not entirely, impervious to water. Deductions regarding 
the shape and disposition of these micelles within the fibre may be drawn from 
a comparison of the changes in the elastic properties and size characteristics 
of wool fibres with water adsorption. As already indicated, the increase in 
length of dry wool fibres on immersion in water is small, whereas the increase 
in cross-sectional area is about 38 per cent. Similarly, the breaking load of 
single wool fibres is not greatly affected by water adsorption,* that of dry 
fibres being 22*1 x 10 6 g./cm. a , while fibres in water have a breaking load of 
14-9 X 10 5 g./cm. a , a change in the ratio 1*48 :1. On the other hand, the 
rigidity of wool fibres, a property of the cross-section, is far more sensitive to 
water adsorption than breaking load and is reduced in the ratio 14*7 : 1 by 
a change from absolute dryness to saturation. The close parallel which thus 
exists between changes in the dimensions of the fibre and in the corresponding 
elastic properties, indicates that the number of breaks per unit length in the 
fibre structure is far greater along the cross-section than along the length. 
In other words, the micelles are long in comparison with their thickness and 
are arranged lengthways along the fibre. X-ray evidenoef shows that the 
dimensions of the unit cell of wool remain unchanged as the fibre adsorbs 

* Speakman, * J. Soc. Chem. Ind./ vol, 49, p. 209 T (1930). 

t Aattrory, ‘ Nature,* vol. 126, p. 913 (1930). 
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water, so that the swelling induced by adsorption is due to the separation of 
micelles of unchanged size by a film of liquid. It is clear that the fractional 
increase in diameter of the fibre will be the ratio of the increase in the distance 
separating the micelles and their thickness, i.e., 

S - x/d, 

where 8 = fractional increase in diameter, x — increase in pore size occasioned 
by swelling, and d = thickness of micelles. 

Of these three quantities, S is readily determined by direct microscopic 
observation, but x and d present more difficulty. In order to determine the 
increase in pore size, x> an indirect method of experiment was adopted. The 
size of the capillaries in the dry fibre has already been determined by studying 
the elastic properties of wool fibres in a series of normal aliphatic alcohols. 
A very similar method to that used in making this determination can be em¬ 
ployed to give the increase in pore size under defined conditions. The resistance 
of wool fibres to extension in octyl alcohol is of the same order as that required 
in dry air. If a small amount of methyl alcohol is mixed with octyl alcohol, 
fibres immersed in the mixture will adsorb methyl alcohol and the resistance 
to extension will be reduced. Since the swelling induced by adsorption of 
methyl alcohol must exceed a certain critical value before octyl alcohol can 
find admission to the fibre, the resistance to extension will at first decrease 
slowly with increasing concentration of methyl alcohol. As soon as its con¬ 
centration in the mixture is sufficiently high to cause enough swelling to admit 
octyl alcohol molecules to the fibre, the resistance to extension will show an 
immediate drop. Thus by studying the elastic properties of wool fibres in a 
series of mixtures of methyl and octyl alcohols, it should be possible to define 
the exact concentration at which octyl alcohol molecules gain admission to 
the fibre. Assuming, for the moment, that the octyl alcohol molecules are 
orientated at right angles to the surfaces of micelles arranged parallel to the 
length of the fibre, the increase in the size of the pores in the critical solution 
must be the difference between the lengths of the n-propyl and n-octyl alcohol 
molecules, i.e., the length of a chain of five carbon atoms. If, now, the increase 
in diameter of dry wool fibres on immersion in the critical mixture of the two 
alcohols is determined, two of the three quantities in the preceding equation 
are known and the thickness of the micelles can be calculated* Using this 
value for the thickness of the micelles, and introducing into the equation the 
value for the fractional increase in diameter of wool fibres in watery the increase 
in the pore size of dry wool fibres on immersion in water can be calculated. 

VOL. OXXX1I.—A. N 
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Thus the above experimental method can be used to determine two properties 
of the wool fibre, the thickness of its micelles and the size of the pores in the 
water-swollen fibre. 

The experimental procedure consisted simply in determining the work 
required to stretch wool fibres 30 per cent, of their length in a series of mixtures 
of methyl and octyl alcohols, the fibres being immersed in the mixtures after 
previous drying over phosphorus pentoxide as already described. The results 
obtained are given in the following table and are graphed in fig. 1. 


Molecular concentration 
of methyl alcohol in 
mixture. 

Potential energy to 
stretoh fibres 

30 per cent. 


gm. oiru per c.o. 

0-000 (octyl aloohol) 

617 X 10* 

0100 

4-76 

0*148 

4*58 

0-203 

4-07 

0-366 

3*10 

0*526 

2*73 

0*777 

2-21 

1 -000 (methyl aloohol) 

1*72 



Molecular Concentration of Methql Alcohol 


Fm. 1. 


The curve is essentially of the same form as that relating the energy required 
to stretch wool fibres to the molecular weight of the normal aliphatic alcohols 
used in deter min i n g the pore size of the dry wool fibre* If a straight line is 
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drawn between the values for the energy required to stretch fibres in octyl 
and methyl alcohols, it can be stated by analogy with the properties of fibres 
in atmospheres of water-vapour at various partial pressures,* that in atmo¬ 
spheres of methyl alcohol alone, the curve relating the energy required to 
stretch fibres, to the partial pressure of methyl alcohol in the atmosphere, 
would be slightly sigmoid about this line. Reference to fig. 1 shows that the 
initial part of the curve in the region of low concentration of methyl alcohol 
shows every sign of being sigmoid about the straight line. Deviation from the 
expected form occurs when the molecular concentration of methyl aloohol 
reaches 15 per cent., and it is evident that beyond this critical concentration 
the pores of the fibre are able to admit octyl alcohol molecules. In other words, 
the pore size of fibres in this critical mixture is increased by the difference 
between the lengths of the n-propyl and n-octyl alcohol molecules. This 
increase in pore size is taken to be 5 x 1*26 A = 6*30 A, and is directly 
related by the equation already given to the increase in diameter of wool 
fibres in the mixture. It is perhaps necessary to indicate why the increase in 
inter-micellar distance is given by the difference between the lengths of the two 
alcohol molecules. For example, it might be argued that the octyl alcohol 
molecule could present itself to the pores with its long chain parallel to their 
length and so gain admission to the fibre. The pores are, however, so small 
that if entrance were attempted, the polar head of the molecule would 
immediately attach itself to the surface of the micelle at the point of entrance, 
followed by an attempt at orientation which could not be realised unless the 
inter-micellar distance were greater than the length of the molecule. In this 
way the mouths of the unswollen pores would be blocked by adsorbed alcohol 
molecules incapable of free orientation and penetration would be impossible 
until the inter-micellar distance was increased by some other means to a value 
greater than the length of the octyl alcohol molecule. 

The next step in the determination of micellar size was therefore to measure 
the increase in diameter of wool fibres in the critical mixture of methyl and 
octyl alcohols. For this purpose, a fibre grating was prepared on a metal 
frame. Seven fibres were drawn across the frame at equal intervals, with 
seven others crossing them at right angles. The grating was introduced into 
a rectangular glass cell containing phosphorus pentoxide, which was after¬ 
wards closed by means of a vaselined lid. After 48 hours* drying, an enlarged 
image of the fibres was thrown on to a vertical screen by means of suitable 
Optical arrangements, the magnification being about 250 diameters. Measure- 

* Speakman, be . o U. 

N 2 
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meats of diameter were made at the points of intersection of the fibres con¬ 
stituting the grating. In this way it was possible to guarantee that the points 
at which measurements were made were the same before and after immersion 
in the alcohol mixture, the precision of the result being thereby increased. 
Ninety-eight measurements of diameter were obtained, two at each point of 
intersection, the method of making measurements being to pick off the diameter 
of each fibre on the screen with dividers provided with a screw adjustment, 
and then to measure the distance on a millimetre rule. The means of successive 
sets of measurements agreed to within 0*05 per cent. After determining the 
mean diameter of the dry fibres in this way, the tank was opened and trans¬ 
ferred to a desiccator containing phosphorus pentoxide, the drying agent in 
the tank having previously been removed. When the fibres were again dry, 
the mixture of methyl and octyl alcohols was introduced without opening the 
desiccator and the lid of the tank then replaced. Measurements of diameter 
were repeated with the fibres immersed in the mixture and the increase in 
diameter calculated. This was found to be 2*31 per cent, of the original 
diameter, and the thickness of the micelles can now be calculated : 


ii ,t*i Increase in pore size 

Micellar thickness = - ; -r-?- £ —:—-- 

Fractional increase in diameter 


6*30 A 
0*023 


274 A. 


The preceding measurement of micellar thickness is based on the assumption 
that the micelles are arranged parallel to the length of the fibre and that the 
orientation of the adsorbed alcohol molecules is at right angles to the faces of 
the micelles, i.e., at right angles to the length of the fibre. From a considera¬ 
tion of the changes in the elastic properties and size characteristics of wool 
fibres with water adsorption, it has already been argued that the micelles are 
long in comparison with their thickness, and are arranged lengthways along 
the fibre. This view is supported by the results of X-ray analysis,* which 
indicate an almost perfect arrangement of the micelles parallel to the length of 
the fibre. In this respect, therefore, the preceding calculation of micellar 
thickness is valid, but the assumed orientation of alcohol molecules at right 
angles to the faces of the micelles can hardly be expected to be true in view of 
the known angle of inclination of alcohol molecules to other surfaces at which 
they are adsorbed. For example, Lyons and Ridealf have calculated that the 
angle between the long axis of the chain and the valency direction of the polar 
head of alcohols is 149°, In other words, with thin films of alcohols on water, 

* Aatbury and Woods, loc> cH, 

t 1 Proc. Roy. Soo./ A, vol. 129, p, 333 (1929). 
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the angle between the long chain and the normal to the surface will be 31° 
in the condition of free tilting. This value is in good agreement with that 
derived from an X-ray analysis of certain sugar alcohols.* The (J-angle of 
dercosanol, for example, is 56° 43', and the angle of inclination of the carbon 
chain to the normal in the case of a thin film on water would be 33° 17'. If 
alcohol molecules adsorbed on wool are assumed to be orientated at the same 
angle as on a water surface, the preceding value for the micellar thickness can 
be corrected and the second assumption in the original calculation removed. 
The corrected value of micellar thickness is 

274 A. cos 33° 17' « 274 X 0-8360 A. = 229 A. 

It has, however, to be remembered that adsorption of alcohol molecules by 
wool takes place between micelles against their mutual attractions. There is 
therefore a strong probability that the alcohol molecules will be orientated at a 
greater angle to the normal than has been assumed in the preceding calculation. 
For this reason alone, 229 A. must be regarded as a maximum value for the 
thickness of the micelles. A second equally important reason is that the 
original estimate of micellar thickness was made by determining the critical 
concentration of methyl alcohol in octyl alcohol required to cause just enough 
swelling to admit octyl alcohol molecules to the fine capillary structure of the 
fibre. There is no reason to expect such capillaries to be perfectly uniform in 
size, and it is clear that the method of experiment adopted in this investigation 
will lead to the detection of the larger pores in the fine capillary structure. 
This in turn implies that the preceding value of micellar thickness will be 
greater than the true mean value. For these reasons it can safely be said that 
the thickness of the micelles of the wool fibre is in the neighbourhood of 200 A. 
and is certainly not greater than this value. 

In order to determine the pore size of water-swollen fibres, the increase in 
diameter of dry wool fibres on immersion in water was measured by a method 
similar to that already described and was found to be 17 * 5 per cent* 

If this value and the preceding determination of micellar thickness are 
introduced into the equation relating them to the increase in pore size, the 
latter can be calculated : 

Increase in pore size = 200 A. X 0-175 = 35 A. 

The size of the pores in the dry wool fibre is of the same order as the length 
of the n-propyl alcohol molecule, but this is unknown. The length of the 

* Marwick, “ An X-Ray Investigation of Certain Sugar Alcohols,” Pfa.D. thesis, London 
(1931). 
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propionic acid molecule, however, is about 6*75 A. and the erne of the pores 
of the wool fibre in water must, therefore, be about 41 A. or 4* 1 pp* For the 
reasons already given, this value must be regarded as a maximum for the fine 
capillary structure, but it is interesting to note that capillaries of this order of 
magnitude would be large enough to admit most wool-dye molecules to the 
interior of the fibre. 

The preceding determination of pore size receives unexpected confirmation 
from certain calculations made by Hedges* in connection with a study of the 
adsorption of water by wool. Among other things, he determined the amount 
of water adsorbed by wool at various relative humidities at 17° C. It was 
assumed that the first water entering wool is adsorbed at the large surface 
presented by the capillary structure and that during the second stage of ad¬ 
sorption there is a filling-up of the pores. Using a modified form of Kelvin's 
equation connecting the vapour pressure over a curved meniscus with that 
over a plane surface, he calculated the radius of the pores which are operative 
at given moisture contents of the wool. It is not to be expected that the 
equation will be strictly valid for such small pores as those under consideration, 
but the agreement between Hedges' results and the new determination o 
pore size is surprisingly good. In view of their importance, the data obtained 
by Hedges are reproduced in the following table :— 


Moisture ooutent of wool. 

Diameter of capillaries. 

per eenfc. of dry weight 

w 

6 

0*90 

10 

1 ‘64 

15 

3*4 

20 

8*8 

25 

26 


Except at high moisture content (92 per cent, relative humidity), where 
gross pores begin to play a significant part in water adsorption, there is strik¬ 
ingly good agreement between these results and the value 4*1 pp, derived in 
this investigation, which lies midway between Hedges' values of 0*90 and 
pp. The agreement is doubly valuable in giving indirect confirmation 
to the value, 200 A., for the thickness of the micelles. 

Micellar Shape . 

It has so far been shown that the micelles of the wool fibre are long in 
comparison with their thickness, but their precise shape is unknown* A 
* Hedges, * Trans. Faraday Soo./ vol. 23, p. 178 (1926). 
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decision as regards shape was made possible by certain peculiarities in the action 
of sodium sulphide on wool. As is well known, Bodium sulphide is a highly 
destructive reagent for wool and causes intense swelling of the fibre followed 
by complete destruction, accompanied by solution, in extreme cases. In 
the experiments under consideration, known weights of purified English Cots- 
wold wool were treated with sodium sulphide solution for varying times, 
transferred to distilled water, washed free from alkali and their dry weights 
redetermined. The losses in weight in the three coses were 13*0, 46*0 and 
56-7 per cent. The affinity of these three wools and untreated wool for water 
was determined under both adsorption and desorption conditions at 25° C. 
by exposure to sulphuric acid solutions in the manner described in an earlier 
paper.* The percentage by weight of water ad sorbin] by the dry wools is 
given in the following table :— 



Percentage by weight of water adsorbed by 

— 

Relative 


j Sulphide-treated wools. 

humidity. 






( wooi. 

13 *0 per oent. 

i 

i 40 -0 per oent. 

t 

j 56 *7 per cent. 


1 

1 

ioaa. 

lorn*. 

i loss. 

1 

per oent. 

! 

i 

! 

i 


8-5 

3-80 

3*74 

; 

— 

24*2 

0*80 

! 6*77 

6*75 

6*93 

34-5 

8*60 

| 8*41 

— 

— 

40*4 

9*82 


9*58 

9*77 

561 

12*75 

12*63 

— 

— 

73'6 

17*00 

16*82 

10*94 

17*24 

91-3 

24*83 

24'75 

20*01 

20-47 

100 0 

33*9 

37*0 

45*0 

42*8 



Desorption. 



91-3 

20*23 

20*46 

28*68 

27*96 

73*5 

18*66 | 

1908 

—. 

— 

55*1 

14*43 

— 

16*09 

16*33 

34*6 

10*54 

10*61 

— 

—. 

24*2 

8*62 

— 

8*72 

8*91 

8*5 

5*12 

4*99 




In all cases, the affinity of the sulphide-treated wools for water is almost 
identical with that of untreated wool under adsorption conditions up to 73- B 
per oent. humidity. Their greater affinity for water at high humidities is 
without significance in the present connection and depends for its existence 
simply on the smaller resistance to swelling offered by the sulphide-wools. 

Knowing that the wool fibre is built up of micelles and that a large proportion 
* ‘ J. Soo. Chem, Ind.,’ vol. 49, p. 209 T <1930). 
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at least of the water adsorbed by wool is adsorbed at the faces of the micelles, 
the preceding result can be explained in two ways only. Either the surface/ 
mass ratio of the micelles remains unaltered with loss of weight or alterations 
in the ratio are compensated by chemical ohanges induced by the action of 
sodium sulphide on the residual wool in each case. The latter possibility is 
eliminated by the fact that the three sodium sulphide-treated wools all have 
the same affinity for water up to 73-5 per cent, humidity in spite of their 
different losses in weight. The shape of the micelles and the manner of attack 
by sodium sulphide must therefore be such that the surface/mass ratio remains 
unaltered with loss of weight and the most probable shape is lamellar. If 
the lamellae are attacked and eaten away by sodium sulphide from the thin 
edges and the main faces left unattacked, the surface/mass ratio will remain 
sensibly unaltered in spite of considerable loss of weight. Alternatively, the 
micelles might be long needles eaten away from the extremities, but this is 
improbable in view of the fact that the lateral swelling of wool fibres in sodium 
sulphide solution may be more than five times as great as the longitudinal 
swelling. 

On the assumption that the micelles are lamellar, it is possible to obtain 
an approximate value for the internal surface of the fibre available for adsorp¬ 
tion. For this purpose, the most important dimension of the micelles is the 
thickness, which has been found to be 200 A. The wool fibre may be assumed 
to be composed of sheets of keratin 200 A. thick, the breaks in the structure 
in the two remaining directions being ignored for the moment. A 1-cm. 
cube of wool will therefore have an internal surface of about 2/(200 X 10” 8 )cm.* 
The density of dry wool is 1 ■ 30 and the internal surface per gram is therefore 
0*77 x 10 6 cm. a . A comparison of the changes in the elastic properties and 
size characteristics of wool with water adsorption suggests that the micelles 
are ten times as long as they are thick, and the contribution to the total surface 
made by these longitudinal breaks in the structure will be 0*08 X IQ 6 cm.*/ 
gram, raising the value for the total internal surface to 0*86 X 10 6 cm. a /gram. 
Although the micelles are known to be lamella?, it has not been possible to 
deduce a value for their breadth and no calculation is possible for the contri¬ 
bution to the total surface made by structural breaks in this direction. There 
can, however, be no doubt that the internal surface of the wool fibre is of the 
order of I X 10* om.*/gram. 

The preceding estimate of the internal surface area of the wool fibre may be 
u«ed to calculate the total amount of inter-micellar water adsorbed by wool 
from a saturated atmosphere. It has been shown that the distance separating 
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micelles in the water ^swollen wool fibre is 41 A,, and if the spaces between 
micelles are regarded as being filled with water under no compression, the 
amount of water adsorbed by one gram of wool at saturation must be :— 

i X 1 X 10 6 X 41 X i0~ 8 gram = 0*205 gram or 20*5 per cent, by weight. 

In the case of the Cotswold wool under consideration, the amount of water 
adsorbed at saturation at 25° C. is 33*9 per cent., so that 13*4 per cent, of 
water is left unaccounted for. The discrepancy oannot be attributed to errors 
in estimating the internal surface area of the wool fibre and its pore size in 
the swollen condition ; it must be emphasised that these two quantities are 
inter-related by their mode of derivation and if, for example, future research 
should require the value for pore size to be halved, the internal surface area 
would necessarily be doubled, and so far as the calculation of the amount of 
adsorbed water is concerned, the two corrections are compensatory. For an 
explanation of the apparent discrepancy, reference must be made to the change 
of rigidity of wool fibres with water adsorption. In fig. 2, the relative rigidity 



Fia. 2. —Circles, adsorption; crosses, desorption. 

of wool fibres, i.e., their rigidity expressed as a fraction of the rigidity of the 
dry fibre, is graphed against the amount of adsorbed water, the graph being 
slightly different from that given in the original paper in so far as the adsorption 
data used are those for Cotswold wool in bulk. The curve is naturally divided 
into three sections—a region in which the rigidity is almost unaffected by water 
adsorption (up to 6 per cent.), followed by one in which the fall in rigidity 
is proportional to the amount of water adsorbed, and finally one in which 
large amounts of water are adsorbed without seriously affecting the rigidity. 
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If the linear section of the graph is extrapolated to cover the whole range of 
reduction in rigidity, it is found that 21*6 per cent, of adsorbed water is required 
for the purpose, as shown in the figure. This value is in good agreement with 
the calculated amount of inter-micellar water, 20*5 per cent., and there can be 
no doubt that the rigidity of wool is reduced by water adsorption at the surfaces 
of micelles. A large part of the water adsorbed at high humidities—7 per 
cent, of the dry weight of wool—is without effect on rigidity, and since it is 
adsorbed with little evolution of heat, there can be no doubt that it serves 
merely to flood gross capillary spaces in the fibre. Attention can now be 
concentrated on the first section of the curve where the rigidity is again un¬ 
affected by water adsorption although, in this case, the latter is accompanied 
by marked evolution of heat. No adequate explanation of this phenomenon 
has yet been offered ; the original suggestion that free amino groups might be 
responsible for water adsorption at low humidities was disproved by a study 
of the change in rigidity of “ diazotised ” wool with water adsorption. The 
most convincing explanation of the ability of dry wool to adsorb about 6 per 
cent, of water with considerable evolution of heat, but without loss of rigidity, 
is that this water is adsorbed within the micelles without distorting the crystal 
structure. Recent studies* of the -X-ray structure of wool indicate that the 
spacing between the polypeptide ohains is, in one direction at least, very large 
in comparison with the size of the water molecule, and the preceding hypothesis 
is supported by the fact that steam, at any rate, is able to act destructively 
on linkages between polypeptide chains within the micelles (crystals). 

The present investigation has therefore served not only to determine the 
shape and thickness of the micelles, and the distances separating them in the 
unswollen and swollen fibre, but it also leads to a precise interpretation of the 
mechanism of water adsorption by wool and the origin of the profound changes 
in rigidity caused thereby. 

The Action of Organic Adds on Wool 

In the preceding experimental work, attention has been confined to organic 
reagents of a relatively inert type, incapable of direct attack on the micellar 
structure. It is instructive to contrast their behaviour with reagents of a more 
active character, such as the organic acids. Their action on wool was dis¬ 
covered during an attempt to confirm the measurement of the capillary spaces 
of the dry fibre obtained by means of the normal aliphatic alcohols in the 
manner already described. The energy required to stretch the dry fibres 
* Aetbury and Woods, toe. c*. 
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30 per cent, of their length in the normal aliphatic acids was determined and 
the results are given in the following table. Data for wool fibres in water and 
dry air are included for comparison. 


Medium. 

Potential energy 
to stretch fibres 

30 per cent. 

Formic acid . 

Aoetio acid 

Propionic acid 
n* Butyric acid 

gm. cm. per c.o. 

0*51 X 10* 

0*84 

4*04 

4-02 

Dry air .. 

5-37 

Water... 

143 


It is evident that butyric acid is unable to penetrate the capillary spaces of 
the dry fibre, the properties of fibres in the acid being closely similar to those 
of fibres in dry air. The size of the capillary spaces in the dry fibre must, 
therefore, be of the same order as the length of the propionic acid molecule, 
which cannot be greatly different from the length of the n-propyl alcohol 
molecule, the size as previously determined. 

The action of formic and acetic acids on wool is, however, most exceptional 
in character and is illustrated by the load-extension curves of fig. 3. In both 
cases the energy required to stretch fibres is less than in water, a phenomenon 



Fig. 3.—1* n-Butyric acid. 2, Propionic add. 3, Water. 4, Aoetic acid, 5, Formic acid. 
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not previously encountered except with reagents which destroy wool. The 
destructive action of these acids on wool is not permanent, because when the 
fibres are washed free from acid in running water they show an almost perfect 
recovery of their original elastic properties. This is well illustrated by the 
following data for formic acid ; the work required to stretch an untreated 
Cotswold wool fibre 30 per cent, of its length in water was found to be 1 * 44 X 10 6 
gm. cm. per cubic centimetre. The fibre was then dried and stretched 30*8 
per cent, in formic acid (98 to 100 per cent.), the total time of immersion in 
acid being 10 minutes. After washing the fibre in running water overnight, 
it was again extended in water at 22 ’2° C., the work required being 1 *35 X 10 6 
gm. cm. per cubic centimetre, a reduction of only 6*3 per cent. Similarly, 
a fibre immersed in formic acid for 164 hours, and then washed free from acid, 
showed only 11*8 per cent, reduction in the energy required to perform a 30 
per cent, extension in water. Essentially, therefore, the action of formic acid 
on wool is reversible, the same being true of acetic acid. 

Observations on the swelling of wool fibres in formic and acetic acids suggest 
that their peculiar action on wool is due to a reversible destructive action on 
the micelle structure itself. The change in length of fibres in these two acids 
is small but the increase in diameter is unusually high. In formic acid, wool 
fibres increase? in diameter by 50 per cent, and in acetic acid by 40 per cent. 
Swelling in formic acid is complete in a few seconds, but the swelling caused by 
acetic acid is more gradual and can be followed under the microscope. For 
example, a fibre 51 *3 jjl in diameter required 12' 20" to attain maximum swelling, 
and throughout the process the extent to which the reagent had penetrated 
could be seen by the existence of a gradually diminishing unswollen core. 
Swelling of this high order of magnitude, combined with the ease of extension 
of the fibre—particularly in formic acid where the Hooke's law section of the 
load-extension curve disappears completely—indicates that the micelles have 
been attacked. This conclusion is strengthened by the following quotation 
from Meyer and Mark's recent work on “ Der Aufbau der Hochpolymereu 
Grganischen Naturstoffe " (Leipzig, 1930, p. 224) in which the parallel action 
of formic acid on silk is discussed : “ Only concentrated acids and certain salts 
swell and dissolve silk. The behaviour of strong formic acid is characteristic. 
It causes marked swelling, the filaments contract and acquire rubber-like 
elasticity, the X-ray fibre diagram disappears and in place of it an amorphous 
ring appears. On washing out the swelling agent the original interference 
points reappear." It is clear from this quotation that the action of formic acid 
on silk is similar to its action on wool, and the information that the crystal 
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structure of silk is attacked by formic acid strengthens the preceding deduction 
regarding its action on the micelles of the wool fibre. It seems probable that 
the X-ray fibre diagram of wool will also disappear in formic acid and, for this 
to occur, the long-chain protein molecules constituting the micelles must be 
freed partially from one another. The significance of the characteristic form 
of the load-extension curve for wool fibres in water can now be discussed with 
advantage. As shown in fig. 3, the curve has a well-defined section over which 
Hooke’s law is approximately obeyed. The disappearance of this part of the 
curve when fibres are stretched in formic acid, where the molecules within the 
micelles are supposed to be freed from one another, indicates that the realisa¬ 
tion of Hooke’s law in water is due to the impeding action of one molecule on 
another, preventing changes which they would otherwise undergo during the 
application of tension. It has been shown in earlier papers that wool fibres, 
if extended rapidly, can be stretched as far as 30 per cent, of their length with¬ 
out undergoing permanent damage. The observation was explained as being 
due to the fact that this extension is attained simply by the rotation into line 
of fibrill© within the fibre-cell. It now seems more probable, especially in 
view of recent X-ray evidence, that the rotation which occurs is molecular in 
type and this view is supported by calculations based on the stress-strain 
diagram for wool fibres in formic acid. The following data were obtained by 
loading a wool fibre immersed in formic acid at 22*2° C. at the rate of 1 gm. 
every 2 minutes. 


Stress. 

Extension. 

Stress. 

Extension. 

gzn./om. 1 . 

per oenfc. 

gin./cm,*. 

per cent. 

O'86 x 10* 

4-3 

2-9» X 10 4 

21*6 

0*76 

8-4 

3*47 

23*4 

M7 

11-9 

3*94 

24*8 

1*61 

150 

4*44 

26*2 

206 

17*4 

5*42 

28*6 

261 

10*6 

6*95 

32*0 


The graph of these results is exponential in type and the major portion of 
the curve is accurately covered by the equation : 

Percentage extension == 28*4 (1 — e~ 0 ’ 4568 * 10 ~*), 

where S is the stress in grams/cm, 2 In previous papers it has been shown that 
the extension of the wool fibre is accompanied by three types of change: 
rotation, plastic flow and actual rupture of elements within the fibre. Of 
these three, rotation is the process which occurs when tension is first applied 
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and it is self-evident that it is this type of change which is represented by the 
above equation. Deviations from the law are naturally to be expected at high 
extension, since more than one type of change is then involved. The equation 
serves to show that the limiting extension to be expected by rotation alone is 
28*4 per cent., and it is interesting to recall that it was shown in earlier papers 
that, when extended rapidly, fibres do not experience permanent damage 
below 27*0 per cent, in the case of human hair, 34*5 per cent, in the case of 
Cotswold wool and intermediate values for other fibres. It was on the basis 
of this latter kind of evidence that extension of fibres up to 30 per cent, by 
rapid loading was attributed to fibrillar rotation, and the only modification 
in this view required by the new evidence and that derived from X-ray analysis, 
is that the rotation is not rotation of fibrillee, nor of micelles, but of molecules. 
X-ray evidence indicates that the rotation is a species of uncoiling of the long- 
chain protein molecules. 

The remarkable character of the action of formic and acetic acids on wool, 
illustrated by the preceding data, is by no means a peculiar property of these 
acids. Their exceptional reactivity is due simply to the fact that the molecules 
are sufficiently small to penetrate the unswollen wool fibre, but if butyric acid, 
which is normally incapable of reaction with wool, is mixed with water, it 
reacts in precisely the same manner as formic acid. Aqueous solutions of 
glycollic, sulphuric and hydrochloric acids are all able to reduce the work 
required to stretch fibres to a value below that required in water. Data for 
aqueous solutions of all these acids are given in the following table :— 


Medium. 

Calculated 

relative 

humidity. 

Time of 
immersion 
of fibres. 

Potential energy 
to stretch fibres 
30 per cent. 

Formic acid-water. 

per cent. 

40*6 

600 

64*0 

minutes 

10 

224 

45 

220 

293 

gm. cm. per o.o, 
0*62 x 10» 
0*70 

0*56 

0*86 

0*83 

1*43 

Butyric acid-water . 

Glycollic acid-water . 

Sulphurio acid-water (10 • 9 N). 

Hydrochloric acid-water (4*8 N) 
Water . 



In all the above cases, removal of the acid from the wool by prolonged wash¬ 
ing in ru nnin g water was accompanied by am almost perfect return to the 
original elastic properties, as revealed by re-extension of the fibres in water. 
For example, the reduction in the energy required to stretch fibres 30 per cent, 
of their length in water, caused by immersion in sulphuric acid for 229 minutes 
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as above, was only 6*8 per cent., the corresponding value for hydrochloric acid 
being even less, 2 * 4 per cent. From these observations it is clear that acids 
have a specific action on the micelles of the wool fibre, and in view of the fact 
that certain acids of high molecular weight, such as butyric acid, have no action 
on unawollen wool, the micellar face which is attacked cannot be the one which 
faces the external surface of the fibre. In other words, it must be the thin 
edges of the micelles which are so susceptible to attack by acid—the same edges 
which are attacked and eaten away by sodium sulphide. As might be expected, 
therefore, Nature has so constructed the wool fibre that the least reactive 
surface of the micelles is the one from which the external surface of the fibre is 
constructed. 

Conclusions. 

1. The wool fibre is constructed from micelles which are lamellar in shape. 
These are arranged with their long axes parallel to the length of the fibre and 
they arc much longer, probably ten times longer, than they are thick. 

2. The thickness of the micelles has been determined and is of the order of 

200 A. 

3. The inter-micellar distance in the case of the dry fibre is small and of the 
order of 6 A., but with wool fibres in water the distance is increased by swelling 
to 41 A. Thus the swollen fibre is far more easily accessible to reagents of 
high molecular weight than the dry fibre. 

4. Knowing the thickness of the micelles and their approximate length, an 
approximate value for the internal surface of the fibre has been calculated. 
This is of the order of 1 X 10® cm. 2 /gram. 

5. Using the preceding values for the internal surface of the fibre and the 
inter-micellar distance, it has been shown that the total amount of inter- 
micellar water adsorbed by wool from saturated air is 20*5 per cent, of 
the dry weight. This value is in close agreement with that deduced from a 
study of the change in rigidity of wool with water adsorption—21 * 6 per cent. 

6. Acids have a marked destructive action on the micelles of the wool fibre. 
They free the long-chain protein molecules within the micelles from one another 
to a certain extent, so that extension of the fibre is greatly facilitated. The 
change is reversible, and when the fibres are washed free from acid in water, 
their original elastic properties are recovered. Attack of the micelles by acid 
proceeds from the same thin edges which are attacked by sodium sulphide 
solution. 
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The Electrical Condition of Hot Surfaces during the Adsorption of 
Oases . PartIV.—Carbon and Copper Surfaces at Temperatures 
up to 850° C. 

By 6.1. Finch and J. C. Stimson, Imperial College of Science and Technology. 

(Communicated by W. A. Bone, F.R.S.—Received March 6, 1931.) 

Introduction . 

In continuation of the investigation of which an account has been given in 
Parts I, II and III* of this series we have now completed an examination of 
the electrical condition of hot carbon and copper surfaces. Those previously 
investigated consisted of gold, silver, nickel and platinum. Carbon and copper 
were chosen for the experiments to be described below because of their chemical 
reactivity, and the former especially as a non-metal. 

Experimental. 

The apparatus and the experimental method and procedure followed have 
been previously described in detail The copper surface consisted of a 6 cm. 
by 10 cm. sheet of 22 S.W.G. electrolytic copper connected to the electrometer 
switch by a copper wire welded on to the sheet. A coreless arc carbon rod, 
1*2 cm. diameter and 25 cm. long, supplied by the General Electric Company, 
served as the carbon surface. The rod was sealing-waxed into the vertical 
vessel (Part I, fig. 1) and the protruding portion coated with sealing-wax in 
order to render the apparatus vacuum tight. The electrometer lead was 
soldered to a brass terminal screwed into the end of the carbon rod. Both 
surfaces were cleaned by washing with light petroleum spirit. 

Series A. — Experiments with Carbon . 

Nearly 3 months heating at 520° C. in a high vacuum (below 10~ 6 mm.) 
were necessary in order to free the carbon rod from occluded gases. The 
following surface potentials*}* at 520° were then determined in the order given :— 
In vacuo , —1*34 volt; after 1 hour in hydrogen ,t -—1*54 volt; after 3 hours 

* ‘ Proo. Roy. Soc.,’ A, vol. 116, p. 379 (1927); vol. ISO, p. 236 (1928); aad vol 124, 
p. 366 (1929). 

t In the previous communications the surface potential was, for brevity, called the 
“ charge,” as the capacities of the various surface systems to earth were constant. 

t As previously, it was found that the value of the surface potential was independent 
of the gas pressure between 1 and 760 mm. The gas pressures employed have therefore 
been omitted from this aooount; but generally they were between 160 and 300 mm. 



in vacuo , —1*34 volt; on admission of oxygon the surface potential rose 
quickly within 4 minutes to +0*07 volt and then fell slowly during a period 
of 12 hours to —1*39 volt; after 1 hour in vacuo , —1*34 volt; after 1 hour 
in hydrogen, —1*54 volt; after 3 hours in vacuo , —1*34 volt. These results 
were steady and reproducible at will and therefore showed that the carbon 
surface was “ normalised ” at 520°. The in vacuo and hydrogen surface 
potentiabtemperature relationships were then determined. The results are 
given in fig. 1, curves in vacuo (1) and H 2 (1). 



The surface temperature was now raised to, and maintained during 7 days 
at, 660° 0. m vacuo . Noticeable gas evolution ceased after about 5 days. 
The potentials acquired by the surface at this temperature were as follows:— 
In vacuo, —1*30 volt; after 1 hour in hydrogen, —1*48 volt; after 3 hours 
in vacuo, —1*30 volt; these values were constant and readily reproducible 
and thus showed that 7 days heating in vacuo at 060° sufficed to “ normalise ” 
the surface at this temperature after previous “ normalisation ” at 520°. 
The corresponding surface potential-temperature curves were then determined 
and are recorded in fig. 1, curves in vacuo (2) and H a (2). 

VOL. cxxxn.—A. 
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The temperature of the carbon rod was now raised to 850° C. and maintained 
at this value during 7 days while further gas was evolved. The potential 
of the surface in vacuo thereupon settled down to a steady value of —1 • IS 
volt. Further experiments were then carried out at this temperature with the 
following results:—After 1 hour in hydrogen, —1*21 volt; after 3 hours in 
vacuo , —1*13 volt; after 1 hour in hydrogen, —1*21 volt; after 3 hours in 
vacuo , —1*13 volt. Finally, the surface potential in contact with nitrogen 
was measured. In this case the steady value was obtained within 1 hour of 
the admission of the gas, while the in vacuo potential was restored after evacua¬ 
tion during 1 hour. The curves connecting surface potentials with temperature 
up to a maximum of 850° are shown in fig, 1, curves in vacuo (3), H 2 (3), and 


Series B. — Experiments with Copper . 

The surface potentials acquired by the copper sheet first heated at 520° C. 
under various conditions may be summarised, for brevity, as follows in the 
order in which the experiments were carried out:—With the surface heated to 
520°, after 5 weeks evacuation, —0*70 volt; after 1 hour in hydrogen, —1*52 
volt; after 3 hours evacuation, —0*70 volt; after 10 minutes in oxygen, 
0*00 volt; during 3 days evacuation, 0*00 volt; after 3 hours in hydrogen, 

1*50 volt; after 3 hours evacuation, —0*70 volt, at which value the 
surface potential remained constant during a further 6 weeks evacuation 
at 520°. 

The temperature of the surface was now raised to 660° C. and kept at this 
value for a period of 7 days in a vacuum below 10~ 6 mm., after which the 
following determinations of the potential of the surface charge were carried 
out. In vacuo, 1*25 volt; after 1 hour in hydrogen, —1*75 volt; after 
3 hours evacuation,—1*25 volt; after 5 minutes in oxygen, 0*00 volt; during 
3 days evacuation, 0*00 volt; after 3 hours in hydrogen, —1*73 volt; after 
3 hours evacuation, —1*17 volt, 

A third group of experiments was carried out after the temperature of the 
copper sheet had been maintained at 850° 0. for 7 days in vacuo , with the 
following results: In vacuo t -0*95 volt; after 1 hour in hydrogen, -1*24 
volt; after 3 hours evacuation, -0*95 volt; after 5 minutes in oxygen, 
0*00 volt; during 3 days evacuation, 0*00 volt; after 3 hours in hydrogen, 
-1*24 volt; after 3 hours evacuation, -0*95 volt; after 1 hour in carbonic 
oxide, -0*84 volt; after 1 hour evacuation, -0*95 volt; after 1 hour in 
nitrogen, -0*90 volt; after 1 hour evacuation, -0*95 volt. The curves 
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connecting surface potential with temperature for each group of experiments, 
i,e., with 520°, 660° and 860° respectively as the maximum temperature at 
which the surface had previously been “ normalised,” are shown in fig. 2 ; 
curves in vacuo (1), (2) and (3); H 2 (1), (2) and (3); CO and N a . 



Discussion of the Results. 

Carbon Surface .—On first heating the carbon rod to 520° in vacuo considerable 
quantities of gases were evolved and it was not until after about 3 months of 
such heating, when this gas evolution had ceased, that the carbon surface 
became “ normalised/’ i.e., in such a condition that constant and readily 
reproducible surface potentials were obtained. On then raising the temperature 
to 800° further gas was given off slowly until after 7 days, when it was found 
that the surface had become ” normalised ” at this temperature and no more 
gas was evolved. A similar experience was recorded on first heating the 
carbon rod to 860°, when it was found that 7 days heating in vacuo were 
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necessary to “ normalise ” and free the surface from such gas as was not firmly 
held on it at this temperature. Thus, at first sight, it would appear that 
“ normalisation " of the carbon rod in the sense outlined above depended, at 
least in part, upon the removal of occluded gases. The fact, however, that 
when the carbon rod had once been “ normalised ” at any particular tempera¬ 
ture, the surface potentials due to even prolonged contact with any of the gases 
employed were rapidly replaced by the in vacuo potential on evacuation 
suggests that this explanation is incomplete. Rather would it appear that 
the gases originally held in the fresh carbon rod, before it was heated in 
vacuo , were in such a state of combination with, or were so imprisoned in, the 
rod that their removal brought about a profound structural alteration in the 
surface itself of the carbon rod. 

The replacement of the surface potentials on the “ normalised ” carbon rod 
in contact with various gases by the in vacuo potential was always so readily 
effected by simple evacuation that the conclusion may be drawn that whatever 
compounds may have resulted from the interaction of such gases with the 
carbon, they were all easily removable from the surface, unlike those from 
which gas was evolved when the fresh carbon rod was first heated in vacuo . 

Indication was obtained that the true oxygen surface potential on carbon 
at 520° was positive, but no exact measurements were possible even at this 
comparatively low temperature because of the rapid disappearance of the 
oxygen and its replacement by a mixture of carbonic oxide and carbon dioxide 
in accordance with the Rhead and Wheeler equilibrium.* For this reason, 
also, no systematic study of the potentials acquired by the hot carbon surface 
in contact with either oxygen, carbonic oxide or carbon dioxide was carried 
out. 

Copper Surface .—At the end of 7 days after first heating to 520° in vacuo 
noticeable gas evolution from the copper sheet had ceased. Nevertheless the 
surface was not fully “ normalised ” until heating had been prolonged for a 
further 5 weeks. Thus in the case of copper it would appear that the removal 
of occluded gas had little to do with “ normalisation ” of the surface, but that 
this was probably due to structural changes in the surface brought about by a 
process akin to sintering. 

Oxygen formed a stable oxide on the copper surface which did not exhibit 
a surface potential either in vacuo or in contact with oxygen. The conclusion 
may therefore be drawn that copper does not adsorb oxygen in a manner 

** CheIn - Soc •• , v ° l 97 > P* 2178 (1&10); vol 99, p. 1141 (1911); vol 101, p, 846 
(1912); and vol 103, p, 461 (1913), 
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represented by the second type of adsorption, outlined in Part II, p. 244,* 
and thus differs fundamentally in its behaviour from nickel, the oxide of which 
gives an in vacuo surface potential characteristic of the unoxidised nickel 
surface in vacuo , and an oxygen surface potential in contact with oxygen, 
It appears therefore that the coating of nickel oxide is either porous in the 
sense that it permits of the emission of ions from the surface in vacuo , and that 
oxygen molecules can diffuse through the oxide coating to become activated 
by the nickel surface, and are subsequently emitted therefrom as oxygen ions, 
or that the nickel oxide is itself readily charged in the same way as the pure 
nickel surface ; whereas, in the case of copper, the oxide completely blankets 
the surface and prevents the emission of ions. The fact that the in vacuo 
surface potentials on either nickel or nickel oxide are similar would suggest, 
however, that the nickel oxide coating is porous. 

General Discussion on the Effect of Heat Treatment on the Electrical Condition 
of the Surfaces hitherto Examined . 

The electrical conditions of a number of hot surfaces, representing six different 
elements, in contact with various gases have now been examined and it will 
be convenient at this stage to discuss certain similar features common to all 
the surfaces in respect of their behaviour after heat treatment at different 
temperatures. 

Table I.—Surface Potentials in volts at 500° C. 


Normalised at 480° to 520 

■>. 

600°. 

850°. 

Surface. 

; 

i In vacuo. 

i 


In vacuo. 

H,. 

In vacuo . j 

H,. 

i 

Cold . 

1 1 

107 ! 

' 

-0*10 


0 00 ' 

-0*11 

Silver. 

■ —0*38 

—- 

-0-62 

— 

-0*01 

-0*31 

Nickel . 

-1-46 


-1*00 


-0 05 

-0*30 

Platinum . 

! — 1 ■ 19 

4*0 20 

—0*43 

4-0*12 

0*00 

0*00 

Carbon.. ! 

i —1*33 1 

— 1*52 

-1*46 

-1*55 

-1*22 

0*00 

Copper .| 

0*45 | 

i 

—0*70 

0*00 

-0*55 | 

0*00 

0*00 


In Table I are given the surface potentials acquired by different surfaces 
at 600° in vacuo , and in contact with hydrogen after " normalisation ” at 
between 480° and 520°, at 660° and at 850° respectively. The outstanding 
fact revealed is that the value of the in vacuo surface potential at 500° of any 
of the surfaces hitherto examined by us and “ normalised ” at about 500° is 

* Loo , c#, 
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invariably further removed from zero than the corresponding value obtained 
after “ normalisation ” at 850°. Similarly, the hydrogen surface potentials 
at 500° are nearer to zero when “ normalisation ” had been effected at 850° 
than at between 480° and 520°, Indeed, the results hitherto obtained establish 
the validity of the general rule that the surface potentials acquired by any of 
the surfaces in question under similar experimental conditions tend to approach 
more closely to zero when the u normalisation ” temperature is increased. 
It seems to us that these facts are beet explained on lines similar to those 
suggested by Taylor,* in a communication to the Society, entitled, “ A Theory 
of the Catalytic Surface,” in which he put forward the concept of metal atoms 
detached to varying extents from the normal crystal lattice, and also pointed 
out that much experimental work seemed to show that the more unsaturated 
such detached atoms, the greater were their powers of adsorbing gaseous 
molecules from the surrounding atmosphere. Now the final stages in the 
preparation of all the metal surfaces, which were in the form of either sheet 
or wire and which were examined by us, consisted of rolling or drawing carried 
out in the cold or at a comparatively low temperature. Thus the crystalline 
structure of the surfaces would support many groups of atoms in which the 
process of crystallisation was not complete, with the result that such atoms 
would be more loosely held to the surface and therefore less saturated than 
would be the case if they formed part of the crystalline system. Since, 
according to Taylor’s view, the more unsaturated the metal atom attached to 
the surface the greater its capacity for adsorbing gaseous molecules, it seems 
reasonable, in the light of our results, to conclude further that the more un¬ 
saturated the metal atom the more readily is it capable of emitting such 
adsorbed gaseous molecules in a charged state, i.e., as ions, whereby the surface 
itself acquires a charge. This conclusion is not only in general agreement 
with the facts hitherto established in the course of this investigation, but is 
also further supported by facts which have recently been brought to light 
as a result of experiments on the rate of charging up of hot surfaces, an account 
of which it is hoped will shortly be furnished to the Society. u Normalisation ” 
by heat treatment may thus be regarded as being due to a change akin to 
sintering whereby the number of metal atoms which are only loosely held by 
the surface is reduced as a result of their entering into crystalline systems and 
becoming more completely saturated by neighbouring metal atoms. 

A further noteworthy fact emerges when the surface potentials acquired 
by the metal surfaces hitherto employed are tabulated as in Table II, from 
* 4 Proc, Roy. Soc./ A, vol. 108, p, 106 (1926). 
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which it will be seen that at 850° C. the surface potentials fall naturally into 
three distinct groups. 


Table II.—Surface Potentials in volts at 850° C. 
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Platinum. 

Copper. 

Carbon. 

Oxygen. 

i i 
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-O-33 
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1 

000 


In vacuo .. 

“0*49 

I —0*93 

— 0*52 
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-0*95 
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Nitrogen . 
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—0*48 

-0-55 

-0*90 

-1*27 

Argon . 

-0*70 

-0-74 ! 

-0*43 

i -0*74 

— 

— 

Carbonic oxide. 

-0-00 

— 

-0*05 

i —0*69 

—0*84 

— 

Hydrogen 

—0*93 

-0*99 

—0*75 

i — ! • 16 

1 

-1*24 

i — 1 *21 


Thus the surface potentials due to oxygen lie nearest to zero, whereas those 
due to hydrogen are of the order of about —1*00 volt, and the in vacuo , 
nitrogen, argon and carbonic oxide surface potentials are as a rule fairly closely 
grouped and have values intermediate between those due to oxygen and hydro¬ 
gen respectively. At lower temperatures these pronounced regularities 
disappear, as is rendered evident by the fact that the curves relating surface 
potentials and temperature sometimes intersect each other at temperatures 
below about 800° C. It thus appears that, with increasing temperature, the 
surface potentials depend less upon the nature of the surfaces and more upon 
that of the gas with which they are in contact, and that at a sufficiently elevated 
temperature the specific effect of the surface would disappear, that of the gas 
alone remaining. 

Summary. 

The electrical conditions of a carbon rod and a copper sheet have been studied 
at temperatures up to 850° C. m vacuo and in contact with various gases. The 
main facts established may be summarised as follows:— 

(i) The carbon rod does not exhibit constant and reproducible surface 

potential values until after the initial evolution of occluded gases has 
ceased. It is suggested that the emission of gas results in structural 
changes occurring in the surface and that such gas is probably chemically 
bound by the surface. 

(ii) The copper sheet is not “ normalised ” until some time after the slight 
initial gas evolution has ceased, so that in this case sintering is probably 
taking place. 
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(iii) Copper oxide completely blankets the surface of the metal, so that it 
does not exhibit a surface potential either in vacuo or in contact with 
oxygen. 

(iv) Evidence is obtained that the potentials of the charges acquired by 
any of the surfaces examined tend to approach towards zero as the 
“ normalisation ” temperature is increased. 

(v) It is found that at 850° C. the values of the surface potentials on all the 
metal surfaces fall into three distinct groups (1) oxygen; (2) in vacuo , 
nitrogen, argon and carbonic oxide; and (3) hydrogen. At this 
temperature the specific effect of the surface appears to be very much 
reduced, and the value of the surface potential is largely determined 
by the nature of the gas with which the hot surface is in contact. 

We wish to thank the Department of {Scientific and Industrial Research for 
a personal grant which has enabled one of us (J. C. S.) to devote his full time 
to this research. 


Explosion Waves and Shock Waves . Part I .—The Wave-speed 
Camera and its Application to the Photography of Bullets in Flight . 
By William Payman, D.Sc., Ph.D., and Donald Whitley Woodhkad, M.Sc. 

(Communicated by J. F. Thorpe, F.R.S.— Received March 10, 1931.) 

[Plates 4-9.] 

Photographic Methods for Measuring Velocities .—Two methods have been 
used to determine rates of detonation in gases, the chronographic method first 
used by Berthe]ot and Vieille* and the photographic method of Mallard and 
Le Chatelier.f The second method has proved the more useful in practice and, 
as developed by the late Professor H, B. Dixon J, has been adopted almost 
universally by other workers. Not only has it the advantage that it provides 
a means of measuring the rate of detonation in short columns of gas, but it also 
allows the after movements of the flame and gases to be analysed. The method 
makes use of a revolving drum around which a sensitised is wrapped. 

* Bert helot and Vieille, 4 C.R.,’ voL 94, pp. 101, 822 (1882). 

t Mallard and Le Chatelior, 4 Ann. Mines,’ vol. 4, p. 313 (1883). 

X Dixon, 4 Phil. Trans./ A, vol. 200, p. 315 (1903). 
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A camera lens gives an image of the horizontal glass tube containing the 
explosive mixture as a horizontal line across the width of the film. As the 
drum rotates on its horizontal axis, the film has a motion which is sensibly 
vertical at the focus of the lens, so that the image records an inclined trace 
compounded of the horizontal movement of the flame and the vertical move¬ 
ment of the film. 

In recent years this branch of explosives research has been extended to 
include photographic measurements of speeds of shock waves and rates of 
detonation in solid explosives, The shock waves are invisible, and the rates of 
detonation in solid explosives may be several times greater than those in 
gaseous mixtures. These complications therefore involve important modifica¬ 
tions or improvements in experimental methods. They have led to the 
installation of three special cameras in the Explosives Laboratories at the 
Safety in Mines Research Station at Buxton, a wave-speed camera , a high-speed 
wave-speed camera and a direct photography high-speed camera, and these will 
be described in detail in subsequent parts. In the wave-speed camera the 
photographic film is mounted on the outer rim of a revolving drum as in the 
Le Chatelier camera ; in the high-speed wave-speed camera the film is mounted 
on the inner rim of a revolving drum, being kept in position by centrifugal 
force ; in the direct photography high-speed camera the film is stationary, 
and the photographic image moved at high speed over the film by means of a 
revolving mirror. 

The Wave-speed Camera .—The original wave-speed camera was constructed 
in 1926 for the determination of the speed of atmospheric shock waves. Since 
the first description was published,* a number of important modifications and 
improvements have been made from time to time. A request from the Bureau 
of Mines of the United States to iristal a duplicate camera in their laboratories 
enabled us to embody all these alterations in a new wave-speed camera. 

The Schlieren method of photography as applied in the wave-speed camera 
consists essentially of photographing on a film, moving vertically, the horizontal 
movement of an atmospheric disturbance, using a continuous source of illumina¬ 
tion. Rays of light from a mirror-arc lamp are brought to a focus by means of 
a large concave mirror, M (fig. 1), on the front of the objective of the camera 
exactly in the same way as the focussing of the image of a powerful electric 
spark is made for instantaneous Schlieren photography.*)* The extremely short 
time during which a wave is crossing the field of view necessitates intense 

* Payman and Shepherd, ‘ Safety in Mines Research Board Papers/ No. 29 (1926). 
t Payman and Robinson, * Safety in Mines Research Board Papers,’ No. 18 (1926). 
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illumination, the effective time of exposure being of the order of one hundred- 
thousandth of a Becond. The light from the arc emerges from the arc-lamp 



condenser as a convergent beam which comes to a focus at F, whence it 
diverges at an angle which is so adjusted that the maximum possible amount 
of light falls upon M. The effective position of the source of illumination is 
thus at F, and, in order to obtain an image of this with the straight edge 
necessary for Schlieren photography, a screen with a vertical adjustable 
straight edge is placed at this point, a small portion of the light being cut off. 
The apparatus is so arranged that the image of the source of illumination F is 
thrown on to a second diaphragm F 1 covering one-half of the camera objective. 
The straight edge of this diaphragm is also vertical and is provided simply by 
cutting away one-half of a brass cover attached to the front of the lens. The 
camera is pointed directly at the mirror, but is focussed on the plane in which 
the deflection to be photographed occurs. The diaphragm F is set so that a 
certain amount of light enters the camera when the gaseous medium between 
the mirror and the camera is undisturbed. Deflections of light in opposite 
directions have an effect on the camera image, in one direction increasing the 
amount of illumination at the point on the camera image corresponding with 
the point of deflection, in the other direction decreasing the amount. Thus 
if the passage of a hand of increased density, e.g., a shock wave, across the 
field of view results in a record as a bright white line, the passage of a band 
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of decreased density in the same direction will result in a record as a dark 
black line. 

In the wave-speed camera (Plate 4, figs. 2 and 3) now described, the photo¬ 
graphic film, 7 cm. wide, is stretched on a duralumin drum of the same width 
and exactly 100 cm. in circumference. It is secured, at its ends only, by means 
of a steel strap which has three perforations corresponding with three sharp 
butt-ended pegs tapped into the drum face. The film can be efficiently impaled 
on the pegs and held securely simply by pulling the strap over into position. 
An advantage of this method of securing the film is that there is no part of the 
fastening projecting outwards beyond the strap itself. This is necessary in 
the present work since a screen has to be arranged in front of the drum and as 
dose to the film as possible. When apparatus of this type is used for flame 
photography, the gas mixture or explosive is usually enclosed in a glass tube of 
uniform cross-section, so that the movement of the flame is unidimensional. 
In our experiments the shock wave and flame are unconfined and spread in all 
directions, and in order to prevent this outward movement from being recorded 
on the film as well as the horizontal movement, a screen with a horizontal 
slit, 0*5 mm. wide, is fitted immediately in front of the rotating film, between 
it and the lens. It is clear that the nearer this slit is to the focal plane, that is, 
the surface of the film, the better defined will be the horizontal progress of the 
image of the wave. 

The drum is mounted on ball-bearings with its axis horizontal, and is driven 
by means of an electric motor through a double round-section leather belt 
drive, the average rate of rotation being nearly 70 revolutions per second* 
The exact speed in each experiment is measured at the time of exposure. 
The drum and its associated slit, and the lens, are enclosed in a light-tight 
wooden box with two well-fitting sliding doors, one enabling the film to be 
fitted on to the drum and the other to check the focussing and the amount of 
light entering the camera. There are two lenses available, a short-focus lens A 
of aperture//2*5 (focal length 20 cm.) and a long-focus lens B of aperture//5*5 
(focal length 43 cm.); the latter lens gives a larger image but a more limited 
field than the former. In order to allow a convenient substitution of one lens 
for the other the objective is mounted in a wooden sliding carriage (fig. 3, 
Plate 4), which is adapted to run on a pair of brass rails arranged in a teak 
block extending along the bottom of the camera box from the front to a point 
adjacent to the drum. 

The shutter is an important part of the apparatus. It must be kept open 
for a period of time not longer than that taken for a single revolution of the 
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drum. The portion of the film behind the slit when the disturbance passes 
across the field of view will not then have been, acted upon previously by the 
light from the are, so that the maximum degree of contrast will be obtained. 
The device adopted consists of two brass plates, one fixed and carrying the 
half-millimetre slit and the other capable of sliding up and down metal guides 
screwed to the sides of the fixed plate. The moving plate carries a horizontal 
slit near its upper end, normally 20 mm, wide but adjustable in width. As 
this plate falls by gravity the wide slit reveals the narrower one for a length of 
time equal to the duration of one revolution of the drum, provided the height 
of fall is suitably fixed. 

The exposure must be accurately synchronised with the disturbance to 
ensure a complete record being obtained during the single period of revolution 
for which the shutter is opened. Rigidity of the shutter carriage is ensured 
by brass brackets. Between these and attached through ebonite buffers is a 
brass bar carrying a vertically adjustable bent arm or knife-edge. The latter 
is included in a firing circuit and, when the shutter falls, makes electrical 
contact with a piece of wire stretched between projecting terminals arranged on 
the shutter. The height of the bent arm is adjusted so that it makes contact 
with the stretched wire very shortly after the beginning of the exposure. The 
shutter is suspended by means of a length of Bowden cable attached to a lever 
trip arrangement. 

In the front end of the camera box there is a circular orifice, corresponding 
with the size of the objective. The orifice is closed by a light wooden sliding 
shutter. For an exposure the latter is lifted immediately before the main 
shutter is tripped, and is then released. It is sometimes desirable, as for 
instance in taking photographs by ordinary direct photography, when the arc 
is not used, to avoid the use of the main shutter. The front wooden shutter 
can be used by itself since it carries on its upper edge a flexible brass strip 
which connects two fixed contacts when it completes its upward movement, 
in an alternative firing circuit. Photographs cannot then be taken in daylight 
as they may be when the main shutter is used. 

The Photography of Bullets in Flight —The utility of the wave-speed camera 
is well illustrated by the results of an investigation of the flight of bullets with 
its aid. Consideration of the flight of solid projectiles has been helpful in 
the study of the solid particles sent out at high speed by coal-mining explosives.* 

In the experiments described in this paper, the problem at the outset was 
to synchronise the passage of the bullet with the exposure of the photographic 
* Payman, 4 Tran*. Inat. Min. Eng./ vol. 75, p. 191 (1998). 
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film, since it was not possible to arrange for the direct electrical firing of the 
cartridges. The scheme finally adopted was to use a low-tension electro¬ 
magnet which was just sufficiently strong to retain the breech-bolt of the rifle 
in the full-cock position with both the safety catch and the trigger off, and to 
arrange for the release of the bolt by short-circuiting the magnet through the 
bent arm and stretched wire of the falling shutter. This method was found 
satisfactory. There were slight variations in the time of the appearance of 
the bullet relative to the beginning of the exposure, probably due to slight 
inconsistency in the speed of the bolt, but these were immaterial. 

The present investigation was restricted to a study of the phenomena 
associated with the emergence of the bullet from a 0*303 in . Service rifle. 
There have been numerous researches reported dealing with this subject, but 
with one or two exceptions the method of photography involved has been the 
instantaneous “spark method.”* Much information has been obtained 
concerning the order in which the various phenomena occur, but the photo¬ 
graphs obtained provide little direct evidence of the velocities of the various 
movements and for these recourse has had to be made to parallel experiments 
involving measurements of time-intervals between ruptures of screen wires. 
The latter method is used very widely, and is now of great accuracy, but has 
the disadvantage that obstructions have to be broken by the projectile, whilst 
the results give only average rates of travel. Attempts have been made to 
overcome the first objection by replacing the screens by solenoids through the 
centre of which the projectiles pass, the time of passage being recorded by the 
magnetic effect produced.*!* A photographic method for the same purpose has 
been used in America^ and depends upon the interception of a beam of light 
by the passage of the projectile across it at points where it has been brought 
to a sharp focus by means of suitable lenses. The beam is bent successively at 
right angles to enable the projectile to pass through it more than once. Neither 
of these methods overcomes the second objection, but a later extension of the 
light interception method has been successful also in this.§ The moving 
projectile was photographed against a narrow strip of the sky, the image of 
which was made to coincide with that of the trajectory of the projectile. This 
was arranged by the usual expedient of a slit arranged immediately in front of 
the photographic plate. The latter was allowed to move with a known velocity 

* For a complete bibliography see Oranz, “ Lehrbuch der Balliafcik,” vol. 3 (1927). 

f Ford, • M4m, Art. fran^,* vol. 5, p. 1293 (1920). 

t Thompson, Hiokman and Riffolt, 1 Proc. Nat. Acad. Sol, V vol. 0, p. 109 (1920). 

} Kampi de F&rtet, ‘ M6m, Art. fran?./ vol 4, p. 289 (1920). 
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at right angles to the direction of movement of the image of the projectile, so 
that the picture of the shell was a line shadow inclined across the plate. 
Calculation of the velocity of the shell followed from a measurement of the 
inclination of this shadow trace. The propellent gases produced a picture of 
their movement, by virtue either of their own intrinsic brightness or of their 
opacity with respect to the background light. 

Methods of kinematographic spark photography have also been used to time 
the movement of bullets by Cram;* and by Bull,! but the photographs are 
discontinuous and the individual records are of necessity small. On the other 
hand, these photographs show the pressure waves sent out by the moving 
projectile and also gaseous movements invisible by all the other methods. 
The various photographic methods are combined in the method of moving-film 
Schlieren photography here described, the advantages of which will be apparent 
from a study of the photographs and their descriptions. 

Direct Photographs of Tracer Bullets. —Figs. 4 and 5 (Plate 5) are direct 
photographs of the flame produced by a tracer bullet after travelling 1 metre 
from the muzzle of the rifle. To obtain a photograph of this kind it is only 
necessary to use the revolving drum with the lens focussed on the trajectory 
of the bullet. The photograph is taken in a darkened room, since the short- 
exposure shutter is not used. The same rifle and the same type of bullet were 
used for both photographs. The reason for their different appearances is clear 
on referring to the diagrams reproduced below them. Approximately the same 
drum speed was used for each photograph, but lens A was used for fig. 4 and 
lens B for fig, 5, the magnifications being 0*064 and 0*185 respectively. The 
difference in the inclinations of the traces is thus due to the different magnifica¬ 
tions prevailing. The narrow vertical lines in fig. 4 were produced by two 
stationary light sources 50 cm. apart, and they form convenient lines of 
reference in assisting to measure the inclination of the trace and the magnifica¬ 
tion at which the lens is working, each neoessary for the calculation of the 
velocity of the bullet. The latter (V) then is given by V = D tan a/p,, where 
D is the peripheral velocity of the drum in metres per second and fji the magni¬ 
fication of the lens. The velocity of the bullet was not the same in each 
experiment, being 691 metres per second in fig. 4 and 699 metres per second in 
fig. 5, but it was sensibly constant in each record. 

Thus, by the use of lenses of different focal lengths, we obtain the same result 


as by using one lens but working with the camera at different distances from 


* 1 Z. Schieaa. Spreng.,* 


vol 18, p. 
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the trajectory. That is, longer or shorter lengths of the trajectory can be 
accommodated on a film of the same width. From experience it is found that 
measurements can be made a little more accurately on photographs of type 
fig. 4 than on those of typer fig. 5, but the latter are more suitable when quali¬ 
tative observations of small scale movements are required on the more complex 
photographs to be described later. 

Shadow Photographs of Ordinary Bullets .—Since tracer bullets form a source 
of illumination in themselves their photography presents no difficulty, whilst 
to obtain records with ordinary bullets a complementary arrangement may be 
made, for the bullet is an opaque object and so can be photographed against a 
bright background. As already indicated, this background must be very 
strongly illuminated, since the effective exposure is of the order of 0*00001 
second. A convenient system is that in which the trajectory passes at right 
angles through a beam of light converging on to the objective of the camera. 
By the use of the slit in the focal plane of the wave-speed camera, adjusted so 
as to be slightly narrower than the width of the bullet and to coincide with the 
image of the trajectory, the motion of the bullet is made to reveal itself in the 
photograph as a shadow crossing the film from one side to the other. Further, 
any other solid material associated with the discharge and travelling in the same 
horizontal plane as the bullet produces a corresponding shadow. 

The light of the arc, reflected from the mirror used for Schlieren photography, 
offers a sufficiently brilliant background. The length of trajectory in the field 
is thereby limited to 33 cm. If the movement is to be followed over greater 
distances, a series of photographs may be taken with the rifle moved back 
33 cm. for each successive record. 

Figs. 6 and 7 (Plate 6) were obtained with the arrangement described. The 
former, using lens A, shows the second 33-cm. length of trajectory, and the 
latter, using lens B, the third 33-cm. length, measured from the muzzle of the 
rifle. The velocities of the bullets are 770 and 748 metres per second, respec¬ 
tively. The two photographs correspond to figs. 4 and 5, but show an 
additional record produced by the disc wad which travels behind the bullet. 
This record appears in each photograph below that of the bullet. It produces 
a shadow for only a portion of the illuminated field in fig. 7, the reason being 
that as its velocity decreases rapidly the wad falls below the horizontal plane 
passing through the trajectory of the bullet and hence can no longer produce 
a shadow. This photograph shows that when the wad has travelled 66 cm. 
from the muzzle its velocity is 525 metres per second, and that it is about 
6*5 cm. behind the rear end of the bullet. Its vertical fall begins to be 
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appreciable at 75 cm., when its velocity has dropped to 455 metres per 
second. 

Sehlieren Photographs of Ordinary Bullets. —Fig. 8 (Plate 7) is a composite 
photograph made up from two individual experiments. Two successive 33-cm. 
lengths of the trajectory were photographed, showing the flight of the bullet 
in advance of and rapidly drawing away from the associated disturbances in the 
immediate neighbourhood of the muzzle, all of which are depicted in the first 
portion (I) of the composite photograph. First, a feeble shock wave (A) 
emerges from the muzzle, followed closely by a slight gas movement. Before 
the front.of this gas has advanced 1 cm., a second and stronger shock wave (B) 
passes through and the movement of the gas is accelerated. The movement 
of B before reaching the front of the gas is not clearly shown in the photograph, 
since the gas is only partially transparent to the Sehlieren illumination. The 
time-interval between the appearance of waves A and B at the muzzle of the 
rifle is 0 • 000048 second. Gas continues to emerge until the bullet itself appears 
0 * 000162 second later. It reveals itself in the same way as in figs. 6 and 7, as a 
broad inclined shadow across the photograph. There is no visible indication 
of a separation between the rear of the bullet and the main powder gases which 
follow it and, since the latter are largely opaque to the illumination, there is no 
evidence of any change in the velocity of the bullet over the first 15 cm. of its 
travel outside the muzzle. Other investigators have deduced from instan¬ 
taneous photographs that there is some acceleration of the bullet over the first 
few centimetres of travel due to the gas tending to be thrown outwards at the 
wake, but our own evidence is that if this acceleration exists it cannot be more 
than a few metres per second. The velocity over the first 33 cm. of travel 
appears to be constant at 762 metres per second, whilst in the second part of 
the photograph (II, a separate round) it is constant at 750 metres per second. 

A third shock wave (C) in the photograph has still to be considered. When 
the bullet is approaching the front of the gases following shock wave B and 
has travelled 6 cm. from the muzzle, it is overtaken and passed by a wave C, 
travelling for a moment at a slightly higher speed. The latter, however, is not 
maintained and there is a distance of less than 1 cm, between it and the front 
of the bullet when the latter begins to gain on it, eventually overtaking it at 
II cm. from the muzzle. After another 3*5 cm. travel the bullet reaches and 
passes shock wave B, The waves B and C must coalesce very shortly after 
this point, for they next appear as one shock wave at the rear of the bullet at 
22 cm. from the muzzle, the rear having previously emerged from the front of 
the powder gases at 14 cm. from the muzzle. The bullet is then free of the. 
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FlO. 8.—Wave-speed camera record of ordinary bullet. 
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muxde disturbance and it has a clear passage through the undisturbed 
atmosphere. The disc wad is seen to pass through the shock-wave very shortly 
after the bullet and it follows the latter at an increasing distance as its velocity 
falls. The speed of the shock wave also falls gradually towards the normal 
velocity of sound in the atmosphere, the lowest speed reached at the left of the 
photograph (66 cm. from the muzzle) being 382 metres per second. The front of 
the powder gases, although generally irregular from the moment of appearance 
at the rear of the bullet, lias a slow but fairly constant forward movement over 
tliis distance of 180 metres per second. 

The passage of the bullet in its free flight creates a disturbance of its own 
which is revealed in the photograph as a fringe which is accentuated on the 
passage of the disc wad. This is an indication of the low density eddies 
associated with the wake. 

It is suggested that shock wave A is due to the small gas leakage (“ young 
gas M ) produced in the initial burning of the propellant, which escapes round 
the parallel portion of the bullet immediately after the neck of the cartridge 
case has expanded sufficiently to allow the bullet to move. This occurs before 
the expansion (“ upset ”) of the bullet in the slightly conical section of the 
barrel immediately before the rifled portion (the “ leed ”) become effective in 
sealing the gas-escape. The accuracy and proper behaviour of the bullet 
depend on its power of setting-up or sealing before the “ young gas ” can creep 
to any extent and establish a leak for high-pressure gas to pass through. Shock 
wave B is due to the piston action of the bullet and the setting up of successive 
trains of waves during its acceleration in the barrel. Wave C is set up by the 
release of the main powder gases. 

Schlieren Photographs of Tracer Bullets .—Similar photographs of tracer 
bullets fired from the same rifle show several important differences from those 
produced by ordinary soft bullets. There is the addition of the luminous trace 
superposed on the Schlieren record in its correct position immediately at the 
tail of the bullet. Since this trace is a flame consisting of hot gases, the 
Schlieren record shows the disturbance after the luminosity has ceased, up to 
and after the passage of shock wave C. But a further difference is due to the 
recognised differences in the interior ballistics of the two types of bullets. In 
the first place there is no wad to act as a check to the expansion of the “ young 
gas/" and, secondly, since there is no “ upset ” on account of the greater 
hardness of the bullet, the initial gas escape is facilitated. Thus, compared 
with the ordinary softer bullet, an increase in the speeds of shock wave A and 
of the gases following it might be expected. The photographs show that this 

vot, CXXXU.—A. P 
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expectation is realised. Fig, 9 (Plate 8) shows the first 33 cm. of the trajectory, 
the bullet on this occasion not yet having started to trace. Shock wave A is 
now travelling so fast that shock wave B fails to overtake it and there is clearly 
a much greater gas escape than that shown in the photograph of the ordinary 
bullet. The speed of A falls to a constant value of 353 metres per second and is 
eventually overtaken by the bullet at 26 cm. from the muzzle. Shock wave B 
is similar in speed and intensity to the corresponding wave in fig. 8, ordinary 
bullet, but has travelled a little further (20 cm. compared with 16 cm.) before 
being overtaken, and is caught up by shock wave C before the bullet passes 
through it. Shock wave C is clearly marked and makes its first appearance 
at the front of the gases some distance before the bullet. As before, it fails to 
maintain its speed, the maximum distance between it and the bullet being 
about 1*5 cm., and in eventually overtaken at 25 cm. from the muzzle. The 
bullet immediately afterwards overtakes wave A. The coalesced waves appear 
at the rear of the bullet at 31 cm. from the muzzle (as compared with 22 cm. 
in fig. 8). The photograph indicates the possibility that the front of the main 
powder gases, as well as the main shock wave C, succeeds in getting in advance 
for a time of the nose of the tracer bullet. The bullet does not clear the gas 
front until the rear is 21 cm. from the muzzle, whereas the corresponding 
point with an ordinary bullet is 14 cm. The bullet velocity is 731 metres per 
second in fig. 9. 

Figs. 10 and 11 (Plate 8) each show the second 33~cm. length of the trajectory 
of a tracer bullet. The superposed tracing flame in fig. 10 is brighter and has 
a duration several times longer than that in fig. 11, although the bullets were of 
exactly the same type. Part of a large irregularity in the trace can be seen on 
the extreme right edge of fig. 10 recorded directly, outside the Schlieren portion 
of the photograph. In fig. 11 the arrival of the bullet in the field of the photo¬ 
graph is preceded by a shock wave which is very soon overtaken by the bullet 
(37 cm. from the muzzle); this is probably shock wave A which had emerged 
from the rifle earlier and at a higher speed than in fig. 9. Both shock wave C 
and the front of the main powder gases in fig. 11 are moving at a higher rate 
and follow the bullet more closely than in fig. 10. In general, the speeds and 
relative positions of the various parts of the disturbances associated with the 
discharge were found to be considerably more variable with hard tracer bullets 
than with those of the softer ordinary type, for it was found impossible to 
select two of the several photographs available which would supply a precisely 
connected sequence over the double 33-cm. length of trajectory, whereas there 
was no difficulty in building the composite photograph in fig. 8 for ordinary 
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bullets. Possibly this degree of variation with the tracer type is due to the 
failure of this bullet to sea] in the “ leed,” with a consequent variation in the 
extent to which the “ young gas ” can escape, but it serves to emphasise 
the difficulty in defining the oorreot sequence of the events just outside the 
muzzle from information afforded by instantaneous photographs of this bullet 
and possibly of other hard types such as streamline and armour-piercing. 

The velocity of the bullet is 728 metres per second in fig. 10 and 680 metres 
per seoond in fig. 11. The latter is appreciably lower than the values usually 
obtained in the records with tracer bullets. It is notable that it has not given 
a strong trace. The low speed may possibly be due to heavy leakage, as 
suggested by the extension of shock wave A on to the second 33-cm. length of 
trajectory. 

Schlieren Photographs of Bullets and Obstructions .—Fig. 12 (Plate 9) shows an 
ordinary soft bullet passing through an obstruction of a hard cardboard, 3 mm. 
thick, arranged at right angles to the trajectory and near to the middle of the 
camera field. The traj ectory photographed was the second 33-cm. length, so that 
the obstruction was situated at about 50 cm. from the muzzle of the rifle. The 
obstruction with its edge directed towards the camera gives rise to a vertical 
continuous line shadow in the photograph. Over this portion of the trajectory 
the bullet is clear of the muzzle disturbance and is the first to reach the obstruc¬ 
tion. It passes through, creating a slight cloud of pulverised fragments of 
cardboard moving in all directions, and its velocity is very slightly reduced 
from 738 to 723 metres per second. It is followed closely by the disc wad, as 
in the second section of fig. 8, which passes freely through the hole made in the 
cardboard by the bullet. Also, as in fig. 8, shock wave C follows the wad, and 
that portion which strikes the obstruction is reflected. Since the reflected wave 
is travelling in the reverse direction, it appears in the photograph as a line 
darker than the Schlieren field. A shock wave can be seen to be travelling 
away in a forward direction from the obstruction, leaving the latter shortly 
after the instant of reflection. This merely marks the foreshortened part of 
the spherical shock wave C, which does not encounter the obstruction. The 
shadow of the latter becomes thicker after perforation due to the projecting 
outwards of flakes of cardboard which are not completely tom away. The 
obstruction does not begin to move as a whole until it is struck later by the 
rush of the main powder gases. 

The loss in velocity suffered by the bullet at the obstruction is small, namely 
15 metres per second, but that there is a loss is quite evident on putting a 
straight edge against the shadow of the bullet in the photograph. Other 

F 2 
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experiments were made using lens A and different types and thicknesses of 
obstructions. A light cardboard, 1*5 mm. thick, produced a very slight 
decrease in the speed of the bullet, namely 7 metres per second (767-760 metres 
per second). An 18 mm. thickness of cardboard gave a fall in speed of 27 
metres per second (702-735 metres per second). An obstruction consisting of 
a brass plate 2 mm. thick gave a fall of 34 metres per second (761-727 metres 
per second). 

Fig. 13 (Plate 9) shows some features of the disturbance created when a 
bullet passes through a transparent medium in which the velocity of sound 
is greater than the speed of the bullet. The medium was water enclosed in 
a vessel constructed of thin cardboard in two opposite sides of which, parallel 
to the trajectory and at right angles to the Schlieren light, were inserted 
two plane glass windows. The field of the camera was the same as for the 
previous figure and the position of the obstruction is indicated in the 
attendant diagram. The speed of the bullet is reduced from 750 to not 
more than 710 metres per second, but the disturbance is so violent that 
much of the later Schlieren record is obliterated. Since the normal velocity 
of sound in water (about 1450 metres per second) is higher than the speed 
of the bullet, a sound wave will travel ahead and away from the bullet 
immediately it enters the water. This sound wave is shown in the central 
portion of the photograph as a bright line above the shadow of the bullet 
and at a smaller inclination to the horizontal. This inclination indicates 
a velocity of 1490 metres per second. On reaching the further end of the water 
vessel, this wave will give rise to a scries of waves in the free atmosphere at 
a speed approaching that of the normal speed of sound in air. These can be 
seen as feeble waves on the left of the photograph before the obliteration 
caused by the escape of the water. They are rapidly overtaken by the bullet. 

Sufficient experiments have been described to indicate the value of the 
method in investigations in exterior ballistics. It is not suggested that this 
method of Schlieren photography should be regarded as superseding the 
instantaneous methods, of either the single or the kinematographic type. The 
camera field is necessarily restricted to a lamina which may or may not contain 
the trajectory of the projectile and, so far as the freely expanding shock waves 
and powder gases arc concerned, no information of shape or contour as a whole 
is vouchsafed. The two applications of the Schlieren method are comple¬ 
mentary. 

The authors would like to express their thanks to the Director of Ballistics 
Research, Woolwich Arsenal, for the loan of the rifle and the supply of ammuni* 
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tion which enabled them to carry out this investigation with the wave-speed 
camera. Their thanks are also due to the Explosives in Mines Research 
Committee of the Safety in Mines Research Board for permission to publish 
these results. 

Summary . 

The application is described of the continuous, as distinct from the instan¬ 
taneous or Mnematographic , method of Schlieren photography to the separation 
of the component parts of the disturbance associated with the discharge of a 
rifle. The information afforded by the wave-speed camera supplements that 
obtained from the extensively published spark photographs. The method 
provides direct velocity determinations of bullet, shock waves and powder 
gases giving definitive indication throughout any one complete discharge, 


The Reflected Waves from. Deep Focus Earthquakes . 

By F. J. Scrask, M.A., B.Sc., Kew Observatory, 

(Communicated by G. C. Simpson, F.R.S.—Received March 11, 1931.) 

1. Summary . 

The effect of an abnormally deep focus on the reflected waves of earthquakes 
is considered. In general a number of supplementary reflected waves may 
occur and if the focus is sufficiently deep, they should produce definite separate 
phases on the records. The times of travel of both the supplementary waves 
and the more normal waves have been derived for several depths of focus, 
C. G. Knott's paths of longitudinal and transverse waves being taken as a 
basis. 

It is found that the commencements of the additional phases can generally 
be recognised on the seismograms and that the times of transit are in reasonable 
agreement with the calculated times. This, it is considered, is definite con¬ 
firmation of the occurrence of deep focus earthquakes. Further, the appear¬ 
ance of the supplementary reflected waves provides a means of recognising 
a deep focus earthquake from the records of a single station. 

The results of the investigation favour the idea that the initial phase of an 
earthquake is a direct compresaional wave and is not generated by reflexion 
of a distortional wave. 
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2. Introduction . 

The occurrence of earthquakes of abnormal focal depth is a question on 
which opinion is not completely in agreement. The hypothesis of abnormal 
focus was put forward by the late Professor H. H. Turner* in order to explain 
the times of arrival of longitudinal waves at stations near the epicentre and 
near the antipodes. More recently, K. Wadati,f by using observations of 
times of arrival near the epicentre and taking account of improved deter¬ 
minations of the velocity of longitudinal waves in the surface layer, has found 
that a small proportion of Japanese earthquakes originate from deep foci. 

On the other hand, as H. Jeffreys}: points out, it is difficult to accept the 
fact that Professor Turner’s estimates of the abnormal depths of focus (which 
vary from 380 km. below to 280 km. above normal) indicate a minimum depth 
of 280 km. for normal earthquakes. The very thorough investigation, by 
Professor P. Byerly,§ of the Montana earthquake showed that the focal depth 
of normal earthquakes cannot be greater than 35 km. Jeffreys suggests, 
therefore, that the data used by Professor Turner must admit of some other 
explanation. There may be systematic errors of observation or the inter¬ 
pretation of the times of travel of PcPcP, the longitudinal wave which passes 
through the earth’s central core, may be erroneous, for near the antipodes 
at least two rays of the type PcPcP can exist, one steeper and the other less 
steep than the ray of minimum deviation. 

A further line of argument used by Jeffreys is that although well-established 
theory indicates that there should be a very marked extinction of surface 
waves when the focus is below, say, 0*02 of the earth’s radius, yet observations 
of these waves are as numerous in the case of deep focus earthquakes as for 
normal earthquakes. 

In view of these differences of opinion it seemed worth while searching for 
other evidence which might settle the question of deep focus earthquakes one 
way or the other. With this object in view, the records of supposed deep focuB 
shocks have been re-examined to see if they exhibit any peculiarities not shown 
on the records of normal earthquakes. An interesting fact was observed, 
vis., the appearance, during the preliminary tremors, of certain phases which 
did not fit in with the times of transit of any of the phases associated with 
normal earthquakes. 

* 1 M. N. R. A, S. Geoph. Suppl,,* vol. 1, p. I (1922). 

t 4 GeophyB. Mag. (Tokyo),* vol. 1, p. 162 (1928). 

J ‘ M, N. R. A. 8, Geoph. Suppl.,’ vol. 1, p. 600 (1928). 

§ * Bull. Seism. Soo. Amer.,' vol. 16, p. 209 (1926). 
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3, Effect of Deep Focus on Reflected Waves . 

Before dealing with the observational evidence let us first consider whether 
any additional phases can be expected from deep focus earthquakes. To 
start with the simplest case, consider the ray which suffers one reflexion at the 
earth’s surface and is either entirely longitudinal or entirely transverse through¬ 
out its whole path. If the focus is at the surface the point of reflexion is at 
half the epicentral distance and the path of the ray is that of maximum time. 
If, however, the focus is below the surface, then no reflected waves will be 
recorded when the epicentral distance is less than a certain value, but if the 
distance exceeds this value then two rays of each type (longitudinal or trans¬ 
verse) will reach the observing station. 

This idea can be seen more clearly by referring to fig. L If F is the focus, 



the shortest distance at which reflected waves will be received is the arc EM. 
At this position the ray leaves the focus in a horizontal direction and the point 
of reflexion is at L such that LM is twice EL. At more distant stations such as 
0, the two reflected rays will take paths indicated by FAO and FBO. The 
former is the path of minimum time, and the latter the path of maximum time. 
In order to distinguish between these alternative paths, it is proposed to denote 
rays for which reflexion takes place at the shorter distance by p? and sS. 
Rays which are reflected at the greater distance will be denoted by the normal 
symbols FP and SS, since the times of transit of these rays approach more 
closely the times for reflected waves of normal earthquakes. 

It will be seen that the idea can be extended to multiple reflexions of waves. 
Thus the minimum distance at which twice-reflected waves can be received 
is five times the distance EL (fig. L). 

The effect of deep focus on transformed waves, i.e., those which are changed 
from longitudinal to transverse type or vice versa on reflexion, is twofold. In 
the first place PS and SF are no longer coincident in time as they are for surface 
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foci. In the second place each of these rays may have two paths. The four 
alternatives are shown diagrammatically in fig. 2. The paths FDO and FGO 



are those which are not much different from the PS and SP of normal earth¬ 
quakes. FBO represents a ray of type pS, while FAO may be called sP. 

4. Method of Deriving Times of Transit . 

In order to put these ideas to the teBt it is necessary to know the times of 
transit of the additional phases which we expect to find on the records of deep 
focus earthquakes. It should be mentioned here that G. W. Walker,* in 
writing on the great depth of focus which he considered was suggested by 
Galitzin’s observations of the angle of emergence of longitudinal waves, 
discussed the consequences which follow with regard to reflected rays. But 
since the depth with which he dealt (1300 km.) is much greater than recent 
observations indicate for even the deepest foci and since he assumed a homo¬ 
geneous earth, Walker’s calculations for reflected rays are of little use in the 
present investigation. He calculated, for instance, that the minimum distance 
at which PP can be received is 11000 km. and suggested that phases which had 
been read as PP at smaller distances must have been something else, such as 
SP. We shall see, however, that the minimum distances for reflected waves 
for focal depths of the order of those measured by Professor Turner are much 
shorter than 11000 km., and there is no need to assume that PP has been 
wrongly interpreted. 

For deriving the times of transit from existing observations for normal 
earthquakes it is possible to adapt the data provided by C. G. Knottf in a 
manner similar to that used by Professor Turner ( loc . cit.) for finding the effect 

* 4 Phil. Trans.,’ A, vol. 222, p. 45 (1921). 
t ‘ Proc. Roy. Soo., Edin,,’ roJ. 39, p. 157 (1929). 
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of finite depth of focus on the times of transit of P and S. Knott worked out 
the curved paths of a number of P and S rays in the earth and tabulated the 
times to different points on the rays. Thus for a ray AFB in fig. 3, Knott 



gives the time taken from A to various points such as F, the position of which 
is given in polar co-ordinates. If we take F as the focus of an earthquake, 
then by adding the time for the complete ray AFB to that for AF we get the 
time for the reflected ray FAO. In a similar way we can derive the time for a 
reflected ray FBN at another epicentral distance. The ray FAO will be of 
the type pP or sS while FBN will be of type PP or SS. 

This process can be illustrated better perhaps by a numerical example. 
The first ray given in Knott’s tables is a P with an angle of emergence, of 
48° 41', and the times are as follows :— 


Table I. 


Co-ordinates of points on ray. 

Time. 

r (earth’s radius «=1). 

9 . 


e 

seconds 

1-00 

0 

0 

O'07 

2*4 

43 

094 

6*9 

103 

0*935 

9*7 

136 

0*94 

12*5 

169 

0*97 

17*0 

22 8 

1-00 

19*4 

271 


From these figures we find first of all that for a focal depth of 0-03 a direct 
P ray arrives at an epicentral distance of 2*4° in 43 seconds, while another 
reaches a distance of (19 -4°~2* 4°) in (271-43) seconds. This is the method 
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used by Professor Turner for calculating the effect of fooal depth on direct 
rays. The figures obtained in this manner are incorporated in Table II 
Thus, the second and third entries in the first column are the distances and 
times obtained above. 

We find further from Table I that for a fooal depth of 0*03 (the earth's 
radius is taken as unity) a pP ray arrives at an epicentral distance of (2*4° + 
J9*4°) in (43 + 271) seconds, while a PP ray reaches (17*0°+ 19-4°) in 
(228 + 271) seconds. These figures are included in the second and third 
columns of Table II. Further, by adding 19-4° to these distances and 271 
seconds to the times we obtain the times for pPP ray and a PPP ray. In 
an exactly similar manner the same amount of information can be obtained 
from Table I for another depth of focus, viz., O'06. The only other depth 
included in this particular table is 0*065, and this corresponds to the mid-point 
of the ray. Therefore pP and PP are coincident, the time of transit being 
(136 + 271) seconds and the distance (9*7° + 19*4°). This distance is the 
minimum at which once-reflected longitudinal waves can arrive from a focal 
depth of 0*065. 

The nine other tables for P rays in Knott's paper enable us to obtain times 
of transit of reflected longitudinal waves from several focal depths and for a 
number of epicentral distances. Similarly, times for reflected transverse 
waves can be obtained from the data for seven S rays worked out by Knott. 
Table II includes the information so derived. 

It will be realised that the times of transit obtained in the above maimer are 
subject to any errors in Knott's tables, which are known to require some 
revision in the light of more recent observations. However, 1 the primary aim 
is to show that the additional reflected waves can be observed in practice, 
and at approximately the calculated times. More accurate tests can be 
applied when a revised form of Knott's tables, based on accurate time tables 
for P and S, is available and when the focal depth to which the tables apply 
is sufficiently well established. 

The procedure for deriving the times of transformed reflected waves from 
Knott's tables is not quite so straightforward as in the case of unchanged 
waves. It involves interpolation of parts of the tables in order to fit together 
P and S rays which have the corresponding angles of incidence and reflexion. 
The ratio of the angles adopted in the calculations was 1*79, from the ratio of 
the velocities of P and S rays in the surface layers : 

sin _ V P _ 7*18 k m,/sec, 
sin^ s V 8 3 98 km./sec. 



Table I la.—Calculated Times of Transit. Depths of Focus, 0-03 and 0-06. 
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Thus to obtain the time of transit of, say, an sP ray of which the longitudinal 
part is reflected at an angle of 48 *7° it was necessary to add the time of the 
complete P ray given in Table I to the time of a small portion of an S ray 
having an angle of incidence of 24*8°. Now Knott’s S tables do not happen to 
include a ray of this particular angle of incidence, but by plotting the times 
and distances for those rays which are available it was possible to obtain the 
required values. A similar process was used for the pS waves. For PS and 
SP it was found better to start with the times of a complete PS (or SP) ray 
for a normal focal depth and subtract the necessary small part which is virtually 
cut off by a deep focus. By so doing, it was possible to make further use of 
the interpolations required for pS and sP rays (in any case interpolation of the 
latter ends of Knott’s tables was found to be too inaccurate to serve the purpose). 
The times of transit of the normal PS (or SP) rays which were used were taken 
from Gutenberg’s tables.* 

5. Graphical Illustration of Effect of Deep Focus . 

In the paper by G. W. Walker (loc. oil.) there arc some graphs showing the 
epicentral distance of the point of reflexion plotted against the distance of 
the station. These graphs, however, are worked out for straight rays in a 
homogeneous earth. It is perhaps of interest therefore to give here the 
corresponding graphs worked out from the curved paths deduced by Knott. 
The data for the graphs were obtained in the course of deriving the times 
of transit. 

In fig. 4 the curves correspond to single reflexions of longitudinal or trans¬ 
verse waves (since the paths of P and S waves are practically coincident) for 
three depths of focus. The minimum distances at which deflected waves can 
be received are 17°, 26° and 36° for focal depths of 0-03, 0-06 and 0*09 
respectively. Points on the curves to the left of the minima correspond to 
pP and «S rays, whilst points to the right correspond to PP and 88 rays. 

Fig. 5 shows the corresponding curves for transformed waves (with single 
reflexions). For an earthquake with a surface focus the minimum distance 
at which a PS or SP wave can be received is at about 35°. If the focus is 
below the surface a ray of type sP can theoretically be received within a few 
degrees of the epicentre, and as the epicentral distance increases the point of 
reflexion moves nearer the epicentre. This type of ray, of course, follows 


* B. Gutenberg, “ Handbuoh der Geophysik,” Berlin, 1929. 
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•EPICENTRAL DISTANCE OF POINT OF REFLEXION 

Fig. 4. 

closely after the direct P ray. Fig. 5 shows that deep focus SP rays should 
be received at distances slightly shorter than 35°. The bends in the SP curves 
at an epicentral distance of about 70° are due to the fact that the rate of change 
of the angle of emergence of P and S rays is small between epicentral distances 
of 45° and 70°; this fact is discussed in Knott’s paper {loc. cit.) on p. 179. 
It will be Been that the minimum distances at which pS or PS can be received 
arc comparatively great; 83°, for example, if the focal depth is 0-06. Points 
on the curves to the left of the minimum correspond to pf& rays, in which 
reflexion takes place comparatively close to the epicentre. 




EPJCENTRAL DISTANCE OF STATION 
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Fig. 5. 

6. Time Tables . 

By the method which has been described the times of travel of the various 
types of rays have been derived for as many epicentral distances as Knott's 
tables allow (in some cases only a few values could be obtained). In this 
way we have been able to construct Table II for three different depths of focus. 
The figures at the head of each group in the table correspond to minimum 
distances at which the phases can be received and the times in brackets are 
approximate, being obtained by interpolation. 

In order to put the data of Table II into a form convenient for practical 
use the figures have been plotted on a graph. A complete reproduction of 
this is not included in this paper, for unless the reproduction is made on a very 
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large scale it is liable to be confusing owing to the large number of curves, 
many of which are grouped close together. Most of the curves, however, are 
included in graphs of observational data which will be discussed later. 

The data for rays which strike the earth’s central core are not included in 
Table II. Those rays which pass directly through the core are PcPcP (usually 
abbreviated to [P] in England and to P' on the continent), ScPcS and ScPcP, 
Reflexions may take place inside the core giving rays of type (PcPc)(PcP) 
and ( 8 cPc)(P^S). The rays which are reflected back from the outer surface 
of the core are PcP and ScS. The tracks of all these rays are shown diagram- 
matically in fig. 6 . It will be seen that the inclinations are steep ; the time 



corrections due to depth of focus, therefore, are practically constant at all the 
distances for which these phases can be observed. Professor Turner obtained 
these corrections for focal depths of 0-03 and 0-06 by extrapolating Knott’s 
table to vertical paths. If we add the focal depth 0*09 the corrections are as 
follows 


Focal depth: 

0-03 0-06 

0-09 

[P]; (PcPc)(PcP); PcP . 

23 46 

68 seconds 

ScPcS; ScPcP; (ScPc) (PcS); 80 S.... 

43 86 

127 seconds 


These corrections have been applied to the times given by Gutenberg (ho. dt.) 
for normal earthquakes. The corrected times so derived have been plotted 
on the graph referred to above. Some of the time curves are included in the 
graphs of observations which will be discussed later. 
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It should be borne in mind that the times of all the phases except PS, SP 
and those which touch, or enter, the central core, are derived from data which 
ultimately depend on the British Association tables for P and S of normal 
earthquakes. The times of the other phases are obtained by applying the 
appropriate corrections to Gutenberg’s tables. 

In studying observations of deep focus earthquakes we have then two effects 
to look for in the preliminary phases. Firstly, there are slight reductions in 
the times of travel of the normal phases (P, S, PP, SS, PS, etc.), exoept at 
stations near the epicentre ; but since the abnormalities in the time intervals, 
such as S-P or PP-P, are not very large (usually considerably less than 1 
minute) they do not always form conclusive evidence of deep focus. The 
second effect to look for is the appearance of the supplementary reflected 
waves, especially pP, sP and sS. These phases should occur at appreciable 
intervals after the direct phases and, if they can be observed, definite evidence 
of the occurrence of deep foci will be obtained. 

7. Observations of Reflected Waves. 

In order to see whether the various types of reflected rays that have been 
considered are recorded systematically at many stations, use has been made 
of data included in the International Seismological Summaries of recent years. 
Besides giving the times of arrival of P and S, the Summaries include observa¬ 
tions of additional phases at the end of each table. For normal earthquakes 
these observations usually refer to the normal reflexions of P and S, but it 
was anticipated that in the case of well-recorded deep focus earthquakes 
there would be at least a few observations which could be identified as supple¬ 
mentary reflected waves. 

Since the calculated times of the deep focus reflected waves are subject to 
small errors and since, also, the observations of reflected waves are usually 
not so accurate as those of P and S, it was not expected to find very close 
agreement between the observed times and the calculated times. On this 
account it was not thought worth while, in the first instance, to obtain residuals 
but to use the simple method of plotting the observed times against epicentral 
distance and then to draw the calculated time curves corresponding to the 
focal depth assumed in the International Summary. A number of well-defined 
earthquakes of abnormal focal depth have been examined in this way and 
the results are shown in figs. 7, 8 and 9. The plotted points represent the 
observations, while the full-line curves give the calculated times. 
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EPICENTRAL Dl STANCE (DEGREES) 

Flo. 7.—Time-distance graphs i Fooal depth, 0-03. 

In fig. 7 the observations of the following earthquakes are plotted:— 


d. h. m. s. 

+ 1921 November 15 20 36 30 . 36*5° N., 70-5° E. 

X 1922 March 4 13 7 34 52-4° N., 157-5° E. 

0 1924 October 13 16 17 36 . 37*0° N., 72*0° E. 


All have a focal depth of O'03. It will be seen that the 1924 shock gives a 
good series of observations of «P and »S between the distances 40° and 60°: 
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the phases which follow directly after PP are difficult to identify definitely 
since the times for sPP, pPP and PPP are not very different at distances less 
than 60°. Between 65° and 80°, the 1922 shock gives a number of observations 
which may be either pP or sP. Possibly the focal depth of 0 * 03 is slightly in 
error ; if we interpret these observations as $P the focal depth should be more 
nearly 0*025, The 1921 earthquake does not give many observations of 
surface reflected waves ; it is included, however, because it shows a good series 
for ScS. This phase has hitherto not received much attention, though 
Gutenberg, in discussing his calculated times for PcP and ScS, mentions that 
Professor V. Conrad has detected phases which appear to correspond to these 
waves. 

Fig. 8 deals with two cases of focal depth 0*06. The disturbances were 
d. h. m. s. 

X 1924 May 4 16 51 40 . 22-0° S„ 179*0° E. 

G 1924 May 28 9 51 48 . 48*0° N., 148*0° E. 

There are about a dozen observations which correspond either to pP or sV ; 
it is difficult to say which is the correct interpretation, but there can be little 
doubt that these points do not correspond to the PP phase. There are a few 
points which appear to fit the *S curve. In the case of the disturbance on 
May 4d. there are several observations which follow the [P] phase by a fairly 
constant time interval. At first it was thought that these observations might 
correspond to a second longitudinal wave through the earth s central core since, 
as B. Gutenberg* predicted, two waves of type PcPcP are possible if the epi- 
central distance exceeds that corresponding to minimum deviation. Gutenberg 
calculated that the minimum deviation occurred at a distance of about 143°. 
Miss I. Lehmann,! who has recently investigated the second PcPcP phase in the 
case of the New Zealand earthquake of 1929 June 16d., found that the phase 
was not easily recognisable at distances less than 160°, and that at just over this 
distance the time interval between the first and second PcPcP phases was 
about 40 seconds. In our case the observations are for distances less than 
160° and the time interval is about 130 seconds, so the phase in question is 
hardly likely to be the second PcPcP wave. On the other hand, the observed 
times do agree with those required by a ray which travels nearly vertically 
upwards from the focus as an 8 wave and whioh is reflected back from the surface 
layer as a P wave and then traverses the core. Such a ray is of the type 

* 4 Gottingen Nachr., Math.-Phya.,’ “ (}ber Erdbebenwellen VII A M (1914). 

t 1 Beitr. Geophysik,’ vol 26, p. 402 (1930). 
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sPcPcP, or to use the English nomenclature s[P]. The observations have 
therefore been given this interpretation. 

Fig. 9 is of some interest as being the case of deepest focus so far recorded, 
viz., 0*09. The time and epicentre of the shock were 
d. h. m. s. 

1926 February 9 0 24 24 . 27-0° 8., 69-6° W. 


TIME {sec 
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The observations are not very abundant since most of the stations were more 
than 60° from the epicentre. Owing to the great depth of focus the supple¬ 
mentary reflected phases are well separated from the main phases and there 
is less risk of confusion than in the case of shallower foci. There are six 
observations of pP and three which appear to be sP. The phase pPP is 
represented by six points, while seven observations are in very good agreement 
with the calculated curve for sS. 

A number of other deep focus earthquakes have been examined and in most 
cases observations of the supplementary phases have been found. In cases 
where the focal depth is less than 0<03 the supplementary phases are so close 
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to the normal phases that it is difficult to separate the observations. It is 
thought that figs. 7, 8 and 9 illustrate sufficiently well the information available 
for focal depths greater than 0*025. In studying these graphs, it should be 
remembered that even for normal earthquakes observations of reflected phases 
are far less numerous than those of P and S on which most attention is con¬ 
centrated, and it is probable that at some stations the records are'not examined 
for less prominent phases. It is only to be expected therefore that in the case 
of deep focus earthquakes observations of abnormal phases should be somewhat 
scanty. Making allowance for this, it is satisfactory to find that the numbers 
of observations which have now been interpreted as supplementary phases are 
certainly greater than can be accounted for by errors of observation. The fact 
that the points representing these observations on the graphs lie near smooth 
curves not associated with the curves of normal phases is fairly definite proof 
of the existence of new phases which are quite distinct from any of the known 
types. If the interpretation which has been given to these additional phases is 
the correct one, it affords good confirmation of the occurrence of deep focus 
earthquakes. Moreover, the fair agreement between the observations and the 
calculated time curves indicates that the focal depths are roughly the same as 
those estimated by Professor Turner. 

8. Examination of Records . 

It has been mentioned that all the observations dealt with in the last section 
were taken from the International Summaries ; the original records were not 
seen at all. It was natural, therefore, to examine in detail some records of 
deep focus earthquakes to see whether the supplementary phases could be 
recognised without difficulty. For this purpose the records obtained with 
Galitzin seismographs at Eskdalemuir, and latterly at Kew, were available. 
The well-marked deep focus disturbances which occurred during the years 
1921 to 1925 were selected for examination. 

No great difficulty was experienced in recognising the commencements of 
abnormal phases which, in some cases, were quite prominent. The data 
obtained from the records are given in Table III in which, except in the last 
case, the times of origin, the epicentres, and the focal depths are those adopted 
in the International Summary. In order to assess the value of the measure¬ 
ments the residuals have been obtained ; for each of the phases identified on 
the records is given the interval between the time of arrival and the time of 
origin, and, immediately below, the difference (0 — C) between the observed 
and calculated intervals is entered. 



Table III.—Observed Times of Transit and (0 — C). 
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The calculated time intervals are obtained, of course, by graphical inter¬ 
polation of Table II, so very great accuracy cannot always be claimed, but it 
is not likely that the interpolated times are more than 1 or 2 seconds in error* 
In cases where two phases, e,g.> PcP and pP, are theoretically nearly coincident, 
both interpretations are given in Table III, and the figures are underlined* 

The most interesting disturbances of the series are the last five, for which 
the epicentres are very nearly the same* For the shock on 1925 June 20d. 
the focal depth adopted in the International Summary is 0*04. The residuals 
corresponding to this depth are given in the table, but for comparison with the 
other four disturbances residuals corresponding to a depth of O’03 are included 
as well The observations appear to be slightly in favour of this latter depth* 
The last earthquake of the series is a comparatively recent one, and it has not 
yet been dealt with in the International Summary. The epicentre adopted is, 
therefore, a tentative one, being roughly the mean of the preceding four. It 
is worth mentioning perhaps that it was in the course of the routine measure¬ 
ment of the records of this shock that the idea of this investigation originated. 
Although at the time it was not realised that the same locality had previously 
been associated with several deep focus earthquakes, it was thought that this 
shock was very probably of deep-seated origin, for a phase which has now been 
interpreted as sS was extremely well marked in this earthquake (as it was also 
in the other four), and it was not found possible to identify it with any of the 
phases associated with normal earthquakes. 

The observations given in Table III are, of course, not sufficiently numerous 
for ub to use the residuals to obtain corrections to the calculated times, but 
they do show that there is a reasonably close agreement in most cases. For the 
whole series of observations 70 per cent, of the residuals are less than 10 seconds, 
while the mean of all the residuals, irrespective of sign, is 7*2 seconds. The 
mean residual for each phase is given at the foot of each column. The largest 
discrepancies occur mostly in the observations of PP, pPP and aPP. This is 
probably due to the fact that the calculated times have been derived on the 
assumption that the PP reflexion takes place on the surface. In the case of 
normal earthquakes there is some evidence for believing that reflexion some¬ 
times takes place at a discontinuity below the surface, for observed times of PP 
for a distance A, say, do not in general agree with twice the time of P for A/2. 
If observations of PP, pPP and sPP are omitted, the mean of the residuals is 
4*9 seconds. 

Portions of some of the records dealt with in Table III are reproduced in 
fig* 10. The seismograms for 1929 February Id, were obtained at Kew 
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Observatory and all others at Eskdalemuir Observatory, The letters N, E and 
Z refer to the north-south, east-west and vertical components respectively. 

9, Surface Waves. 

In section 2 reference was made to H. Jeffreys* argument concerning the 
extinction of surface waves in deep focus earthquakes. Theoretically the 
amplitudes of these waves fall off very rapidly with increasing focal depth. 
It should be mentioned that in writing on this question in the second edition 
of his book u The Earth ”* Jeffreys states in a footnote that Professor P. 
Byerly had noticed some large earthquakes which were practically destitute 
of surface waves. The examination of the Eskdalemuir records of nearly all 
the deep focus shocks which occurred during the years 1920 to 1925 has con¬ 
firmed Professor Byerly*s observation. In many of the records the amplitudes 
due to the surface waves are smaller than those due to the preliminary tremors, 
and in some cases they are so small that it is difficult to recognise the start 
or the maximum of the surface phase. In the case of normal earthquakes the 
surface phase is nearly always the most prominent on the records and especially 
so on records obtained with Galitzin seismographs since the magnification is 
at about its maximum for waves having periods usually associated with long 
waves. The strength of surface waves should therefore form a simple indication 
as to whether an earthquake is of deep-seated origin. 

It had originally been intended to deal more fully with this phenomenon, 
but, as Mr. R. Stoneley is engaged on the same question, the records mentioned 
above have been re-examined with him so that he may include a discussion of 
them in his investigation. 

10. Conclusion. 

The facts are, firstly, that numerous stations have frequently recorded com¬ 
mencements of phases at abnormal times, in addition to the usual types, for 
earthquakes which have subsequently been catalogued as deep focus shocks ; 
and secondly, that the times of these phases agree reasonably well with the 
calculated times for the supplementary reflected waves which should occur 
when the focus is abnormally deep. It is considered that these facte not only 
provide very good confirmation of the occurrence of deep focus earthquakes, 
but also of the magnitude of the depths allocated to such foci by Professor 
Turner. The feeble development of surface waves which has been observed 
in many cases lends support to the deep focus hypothesis. 

It should be possible to recognise a deep focus earthquake from the records 
* Cambridge University Press, 1929, 
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of a single station and perhaps even make an estimate of the depth. It will 
be interesting to apply these ideas in the initial examination of seismograms and 
to see whether the subsequent analysis of international data confirms any 
cases of deep focus. A detailed study, in the light of ideas put forward here, 
of a large number of records of a well-observed deep focus earthquake is 
contemplated. 

The results of this investigation have some bearing on a suggestion put 
forward by H. Jeffreys* with regard to the initial phase of an earthquake. 
Jeffreys points out that the original movement in an earthquake is a fracture 
and requires shearing stress to produce it. He suggests therefore that the 
primary wave sent out from the focus is almost wholly distortional, and that 
the compressional waves are generated only by reflexion at the surface layers. 
On this view a compressional wave coming directly from the focus would rarely, 
if ever, be observed, and what is normally interpreted as P is really of the type 
we have called sP. The evidence in support of this is obtained from observa¬ 
tions near the epicentres of shallow focus earthquakes. For such disturbances 
it would be difficult to distinguish between P and $P at distant stations, since 
the commencements of the two phases would be almost superimposed. The 
deep focus shocks enable us to do this, however, and we find in fact that two 
distinct phases appear immediately after the initial phase. The agreement 
between the observed times and our calculated times leaves little doubt that 
these new phases are pP and sP. We can only conclude, therefore, that although 
sP can make an appearance under such circumstances, the initial phase is the 
direct compressional wave P. 

It is possible that a detailed examination of the initial phase on records of 
normal earthquakes may throw light on the normal depth of focus, for it 
sometimes happens that the first few oscillations following the initial impulse 
have one or two sharp movements superimposed on them. This rapid succes¬ 
sion of impulses may be due to the complex nature of the fracture at the focus. 
On the other hand, the superimposed impulses may be due topP and sP t and 
if we could be certain of this the time intervals would then provide a means of 
estimating the focal depth. 


* 1 M. N. R. A. S. Geophys. Suppl. V vol. 9, p. 486 (1927). 
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Investigations in the Infra-Red Region of the Spectrum. Part III.— 
The Absorption Spectrum of Carbon Disulphide . 

By C. R. Bailey and A. B. D. Cassie, University College London. 

(Communicated by F. G. Donnan, F.R.S.—Received March 13, 1931.) 

The absorption spectrum of liquid carbon disulphide has been previously 
determined by Coblentz.* 

The apparatus described in Part I of the present seriesf offers a higher degree 
of resolution and a greater range of the spectrum than were available to the 
former worker. It was accordingly decided to examine this substance in the 
vapour state, and this paper gives an account of the absorption spectrum 
between 1 and 22 [i. 


Experimental . 

It is unnecessary to add to the general description of the procedure and 
apparatus published in Part I. A monochromator method has been developed 
which is easy to use, and which eliminates from the absorption tube all radia¬ 
tion emitted by the Nernst filament except the small range of wave-lengths 
passing through the telescope slit. This was used in the confirmatory examina¬ 
tion of one of the bands described below, but the general account is reserved 
for the following paper. It is pleasing to note that the order of accuracy of 
the experimental results for sulphur dioxide (Part 1I)X is high; the strong 
band located by us at 1152 cm.’*’ 1 has been found in the Raman spectrum of 
the gas by Bhagavantam§ at 1154 cm.” 1 . 

The carbon disulphide supplied was specially prepared for refractive index 
work and no further purification was attempted. The vapour was passed 
into the absorption tube through a system similar to that used in the case of 
sulphur dioxide (Part II); a side tube with ground glass stopper replaoed the 
sulphuric acid bubbler, and was connected to the main pumping system 
through a lead-in tap. The tube was then filled in the following manner : 
the liquid was poured into the side tube, and, with the lead-in tap closed, the 
main system and absorption tubes were evacuated. The tap was then opened 

* Part I, pp, 66 and 204. 
t' Proc. Roy. Soc.,’ A, vol. 130, p. 188 (1930). 
t * Proc. Roy. So©,,’ A, vol. 130, p. 142 (1930). 

Nature/|V 0 l. 126, p. 995 (1930). 
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and the disulphide distilled into the liquid air trap. Air which had passed 
from the side tube into the absorption tube system was then pumped off, and 
the liquid air trap warmed up until the required pressure of vapour was obtained. 
The absorption tubes were 45 cm. long ; for preliminary work a gas pressure of 
25 cm. was used throughout, while in the subsequent careful examination of 
the individual bands, the pressure was adjusted to give a maximum absorption 
of approximately 50 per cent. 

Remits. 

The relative intensities of the bands may be approximately deduced from 
fig. 1, curve (a); the spectrum of the liquid as recorded by Coblentz is given in 
curve (6). The significant data have been summarised in Table I, and Table 
II gives Krishnamurti’s values for the chief lines in the Raman spectrum.* 
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Fig. 1, 

Table I.—The Infra-red Absorption Spectrum of Carbon Disulphide. 


Band. 

Approximate band 
centre. 

A in ^ 
as given by 

Maxima. 

P-R 

Av 


A(m)* 

v 0 (cm." 1 ). 

Co blent*. 

A. 1 

V. 

(cm.- 1 ). 

A 

11*391 

878 

11*66 

11*301 

886 

13 





11*470 

872 


B 

6-666 

1623 

6*80 

6*636 

1530 

12 





6-689 

1518 


C 

4-691 

2179 

4*60 

4-663 

2182 

10-12 





4-603 

2173 


D 

4*392 

2330 

- 





♦ * Ind. J. Physics./ vol. 5, p. 109 (1930). 
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Table II.—The Baman Spectrum of CS 2 (according to Krishnamurti). 


Lina. 

1 

v (cm.-* 1 ). 

A<m). 

Intensity. 


f 647*1 

15*45 

Faint, broad. 

i*. 

\ 655*5 

15*26 

Strong, sharp. 

F 

1 / 795*0 

12-58 

Weak. 

\>795*0 

* —- 

Faint, too diffuse to measure. 


The Individual Bands . 

The Region 13-14 fx.—The sharp band shown by Coblentz between 13 and 
14 j i could not be detected. Fig. 1 (6) shows it of intensity comparable with the 
band between 11 and 12 which under the conditions of our experiment 
showed 40 per cent, absorption with a pressure of disulphide equal to 26 cm. 
of mercury. The 13*4 fx band must therefore either be characteristic of the 
liquid state or be due to an impurity. In fact, 45 cm. of carbon disulphide 
vapour at 26 cm. pressure appears to be quite transparent to radiation of 
wave-length between 12 and 22 (x. 

Band A. 11*391 (± 0*004) p, v = 878 em.~ l (jig. 2).—This region was 
explored with the rocksalt prism, with slits of 0*001 inches, corresponding to 
4 cm. - * 1 . At a pressure of 26 cm. the band has well-defined P and B branches 
with a maximal absorption of 39 and 43 per cent, respectively, the separation 
being 13 cm." 1 . 

Band B . 6*566 (± 0*003) (x, v = 1523 cmr 1 (jig. 3).—This is a very intense 



band, showing more than 90 per cent, absorption at 25 cm. pressure, and has 
proved somewhat difficult to investigate. The shape of the band could not 
at first be determined with any consistency; this might have been due to 
such a cause as the existence of a slight air leak into the absorption tube with 
a consequent inorease in the intensity of absorption and a resulting deformation 
of the band shape. Repeated measurements with slit widths corresponding 
to 6 cm.“ x indicated with a fair degree of certainty that this band consists of 
P and R branches separated by approximately 12 cm. -1 . Another cause of 
the fluctuations observed might have been the possible photo-dissociation of 
the vapour by the short wave radiation from the Nernst filament; it was as 
a consequence of this suggestion that the monochromator method described 
in the following paper was developed. The shape of the band was certainly 
more easily determined and the above measurements were confirmed. 



Band 0. 4*591 (± 0*003) jx, v = 2179 cm.~ l ( fig . 4).—We have located 
two bands, C and D, in the place of the one shown by Coblentz near 4*7 pi. 
C was investigated with the fluorite prism with slit widths of 0 * 005 and again 
0*003 inohes, corresponding to 10 and 6 cm. -1 respectively. Resolution into 
P and R branches was just possible with the smaller slit width ; the separation 
was of the order of 10 to 12 cm." 1 , but cannot be more accurately determined. 
The band gave an approximate maximal absorption of 90 per cent, at 25 cm. 
pressure. 

Bond D. 4*292 (± 0*003) |x, v = 2330 cm. -1 —We were unable to resolve 
this band even with slit width of 0*003 inches or 10 cm.* 1 It is considerably 
less intense than G ; the maximal absorption at 25 cm. is some 45 per cent* 
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Region near 3 ja,—C oblentx shows a broad band of low intensity extending 
from 2 • 5 to 4 [A. It could not be detected in the mass of vapour used, but the 
maximum near 3 • 2 f i suggests that this is very likely the first harmonic of the 
intense band at 6*566 p. 

Relative Intensities of the Bands . 

An exact quantitative comparison of the relative intensities is not easy. 
At 25 cm. pressure, the mean maxi m um absorption of 45 cm. of the vapour 
for bands A, B, C and D was 40, 95, 90 and 45 per cent, respectively. These 
values do not give a quantitative representation of the relative intensities for 
the following reasons : firstly, a percentage absorption of 95 is inaccurately 
determined because of the very small galvanometer deflections obtained with 
the full cell in position ; secondly, as the gas pressure tends to zero, band B 
persists with a much greater intensity than the values given above would 
indicate; thirdly, since the vibration-rotation bands appear as the envelope 
of the rotational lines, an accurate comparison of the intensities would demand 
the use of slit widths enclosing a constant range of frequencies ; finally, even 
the last precaution neglects the possibility of the existence of a more complex 
line structure in one band than in another. The bands observed in the present 
investigation can be qualitatively compared in their intensities for the ratio 
A : B : C : D by 4 :10 : 8 : 5, with slit widths 4, 6,10 and 14 cm." 1 respectively. 

The Carbon Disulphide Molecule. 

The classical value for the moment of inertia can be deduced from the expres¬ 
sion I 0 = M/cVAv 2 ; the maximal separation Av varies slightly from band 
to band, but adopting the value of 13 cm." 1 given by the band at 11*39 p, 
which has the most distinct P and R branch separation, wc obtain I 0 = 264 X 
10" 40 g. cm. 2 . Recent refinements in technique have substantiated the fact 
that the temperature coefficient of the dielectric constant is zero.* There is 
no permanent electric moment, and carbon disulphide must be taken as a 
rectilinear molecule. The internuclear distance is then determined directly 
from I 0 as 1*60 x 10~ 8 cm. Wierlf has recently obtained the same value 
1*60 X 10~ 8 cm. for this separation by the method of electron diffraction. 
RankineJ pointed out that following on the sharing of electrons in an attempt 
to reach the inactive gas configuration, the atoms in the rectilinear molecules 

* Zahn and Miles, 1 Fhya. Rev./ vol. 32, p. 497 (1928 ); Zahn, vol. 35, p. 848 (1930); 

Schwingel and Williams, ibid., p. 885. 

t ‘Physik. Z./ vol. 31, p. 1028 (1930). 

J 4 Phil. Mag./ vol. 44, p. 292 (1922). 
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00* and 08* can be represented by the juxtaposition of the corresponding 
inactive gas atoms. The radii of the neon and argon outer shells axe 0-65 and 
1 -03 A. respectively; CS a has an argon-neon-argon structure and tire distance 
S—S on this scheme should be 2 x 1-03 + 2 X 0-65 = 3-36 A. The corre¬ 
spondence is much closer than in the case of C0 2 and N*0; it is interesting to 
contrast the values for the atomic separations in the rectilinear triatomic 
molecules and the corresponding diatomic substances as determined by different 
methods ; they are given in Table III. 


Table III. 


Moleoule. 

Internuclear separation, r 

in A., as determined by— 

Inactive gas 
structure. 

Electron 

diffraction. 

Vibration 

spectrum. 

X-ray 

analysis. 

OCO 

2-60 

2 *20 (W) 

1-96 (B) 

2 *10 (K) 

CO 

1*80 


1*15 (S) 

— 

NON 

2’60 

2 *38 (W) 

2-04(8) 

2 *30 <K) 

NO 

1*30 

—- 

1-16 (8) 

— 

SC8 

3*36 

3 *20 (W) 

8-20 

— 

CS 

1*68 

** 

(!•«> 



W =. Wieri ( toe. eit.). 

B = Barker, ‘ Astrophya. J.,’ yoL 65, p. 391 (1922). 

S = Snow, ‘ Proo. Boy. Soo.,’ A, vol. 128, p. 294 (1930). 

K «= Season and de Smedt, ‘ Proo. K. Akad. Wet. Amsterdam,' vol. 217, p. 839 (1924). 

The value of the internuclear separation in the case of CS has been calculated 
from the binding forces in CS 2 and CS ; the assumption is made that these are 
very similar (see below) and that they vary inversely as the square of the atomic 
distances. 

The Raman Spectrum. 

Before attempting to assign the observed bands to the fundamental fre¬ 
quencies of the molecule and their combinations, it is necessary to consider 
the Raman spectrum in more detail. The following observers all agree in 
characterising this spectrum by the presence of two lines, one strong at 666 
cm.** 1 , and the other weak at 800 cm. -1 approximately : Petrikaln and Hoch- 
berg (1); Gavesan and Venkateswaran (2); Schaefer, Matoesi and Ader- 
hold (3); Bhagavantam (4); Krishnamurti (6).* Krishnamurti’s results 

♦ (1) * Z. Physik. Ohem.,’ B, vol. 3, p. 217 (1029) j (2) ‘ Nature,’ vol. 124, p. 37 (1020); 
(3) ‘ Phywk. Z.,’ voL 30, p. 681 (1929) } (4)' Nature,’ vol 120, p. 898 (1980); (5) foe, oit. 

VOL. OXXXII.—A. R 




242 


C. R. Bailey and A- B* B. Oassie. 

indicate a complete analogy between the spectra of CO* and CS* in 
that in each case we have one weak and one strong line, each with an external 
weak companion. The origin of the doublet structure of these spectra has 
provoked considerable speculation; they have been shown to be associated 
with the excitation of the symmetrical mode of vibration of the rectilinear 
molecule which is optically inactive, but capable of combining with the other 
modes of vibration to give bands in the infra-red, where the doublet structure 
was first observed. The explanations offered may be very briefly summarised : 
(i) Barker* suggested that one of the doublets corresponded to the vibrational 
transition (0 1), and the other to (1 2) for the same fundamental; he was 

not inclined to lay much stress on this supposition as it would have demanded 
the presence of the overtone (0 -► 2), and this was certainly absent in the C0 2 
spectrum when the strong band at 2*7 (x was regarded as a fundamental; 
furthermore the approximately equal intensities of the components of that 
doublet implied an equal number of molecules in the first and zero states 
of vibration at ordinary temperatures ; (ii) Dennison,f and Schaefer and 
Phiiipps,| on the assumption of a triangular model behaving approximately 
as a symmetrical top, ascribed the double doublets in the infra-red to the 
splitting of the fundamental frequency giving a rotational-vibrational band 
with a small effective moment of inertia; only two doublets are observed, 
however, in the place of the series one would expect, and Dennison§ later 
pointed out that half-quantum numbers would anyhow demand the presence 
of four at least; amplified discussions of these and similar points are given by 
Colbyll and by Snow.^f 

From the fact that the doublet structure is entirely lacking in nitrous oxide,** 
we have probably to associate its appearance with some peculiarity of the 
carbon compound. The Q branch (normally missing in the infra-red spectrum 
of rectilinear, triatomic even molecules) appears most strongly and as a single 
line in the Raman spectrum, and there is no reason to assume that such is not 
the case in the present instanoe; consequently one is forced to attribute the 
doublet structure to the excitation of two types of vibration associated with 
slightly different amounts of energy and corresponding to two types of binding. 

* * Astrophys. J.; yol. 55, p. 391 (1922), 

t ‘ Phil. Mag./ vol. 1, p. 195 (1926). 

t * Z. Physik; vol. 36, p. 641 (1926). 

§ 4 Z. Physik; vol. 38, p. 137 (1926). 

|| 4 Bull. Nat. Res. Council; No. 57, p. 65 (1926), 

If 4 Phil. Mag.; vol. 8, p. 369 (1929) *, and 4 Proc. Roy. Soo.,’ A, vol 128, p. 310 (1930). 

** Dickinson# Dillon and Rasetti, 4 Phys. Rev,; vol 34, p. 582 (1929). 
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Further evidence in support of this hypothesis is adduced below from a con¬ 
sideration of the binding forces in the molecule. 

The most reasonable method of allocating the observed bands to the various 
modes of vibration is as follows: v 3 is the most powerful infra-red band at 
6*666 |x or 1523 cm," 1 ; v a is then the inactive frequency of two types, v t ' 
and v a ", at 665 and 795 cm." 1 ; there seems to be no justification for taking 
the mean value of these two frequencies (as has been done by some workers) 
as the band centre, since we should expect a null line here as generally in the 
Raman spectrum; cannot be located directly as it lies outside the region 
covered by our spectrometer, and there is little evidence available from other 
sources. The absorption spectrum of the vapour in the ultra-violet has been 
observed by Wilson* and by Jenkins,! constant frequency differences of some 
270 cm." 1 were found to exist, and it is possible that is of this order. An 
examination of our results shows that B and A can be represented as 4- v g ', 
with v x = 223 cm. -1 ; the frequency difference cited above by Jenkins varies 
in a more or less continuous fashion from 283 to 255 cm." 1 in what seems to be 
a fairly rapidly diminishing series, and we may take it that we have here v x 
in an electronically excited condition with a marked constant of anharmonicity. 

The observed results can now be formulated as in Table IV; the measured 
intensities are in agreement with this assignment: the one discrepancy is that 
there is no band corresponding to + v 2 ", i.e., 795 + 223 = 1018 cm." 1 . 
We should expect that this band would be weak, however, and hope to find 
traces of it when we eventually re-examine the gas in much longer columns. 


Table IV.—The Fundamental Frequencies of CS 2 and their 
Combinations. 


Band. 

Formulation, 

Calculated. 

Found. 

(Q) 


223 

— 

/ E 

v t 

— 

666 


v a" 

— 

795 

/ A 


878 

878 

\(A') 

n + u" 

1018 

— 

B 


— 

1523 

/ c 

-f >v 

2178 

2179 


Vg +Vg" 

2328 

2330 


* ‘ Aatrophya* J./ vol* 69, p. 34 (1929), 
t * Astrophy*. voL 70, p. 191 (1929). 
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The alternative formolation suggested by us in our letter to * Nature,’* in 
which the difference of approximately 160 cm.' 1 between the two Hamah 
lines was proposed as a fundamental, was arrived at before the publication of 
Krishnamurti’s work; the observed intensities are consistent throughout in 
Table IV, whereas band A on our original formulation had to be represented 
as a difference tone. Final confirmation depends upon two observations which 
we hope to attempt—first, to construct a wire grating whioh will enable us to 
explore the region in the neighbourhood of 200 cm. -1 , and secondly, as above- 
mentioned, to examine the spectrum of larger masses of gas in a search for 
other combination tones. It is surprising that with v x approximately equal to 
kT, neither difference tones nor two-parameter bands of the type (1 -*■ 2) 
are observed. 

The fundamental modes of vibration of the symmetrical rectilinear molecule 
80S may be summarised as below :— 


8 1 S 

V 1 

a x + a® 223 cm." 1 

— ► ■*— 

SOS 

f v t \ (optically 

/<*,' +6,' - 655 cm.- 1 

\ v % " } inactive) 

\a,"+V'“ 795 0 m.-* 

—► -4-► 



SOS 

v * 

o, -f 6, «• 1523 om.” 1 


We have not sufficient data to enable us to determine the values of the 
enharmonic constants, b v but the closeness of the calculated values for bands 
C and D to those observed makes it appear that they are very small. 

The Rotational Fine Structure. 

The moment of inertia I 0 is 264 x 10 -40 g. cm.®; the rotational line separation 
within a vibrational-rotational band is then given by §v = hj 4tc*I 0 . c, and is 
of the order of 0 • 2 cm. _1 ; the molecule, however, is symmetrical and rectilinear, 
and the fine structure should exhibit alternating intensities corresponding 
to the symmetrical and antisymmetrical proper functions. One set should 
have an almost vanishing probability, and the apparent effective separation 
should be 0-40 cm." 1 ; even with this advantage there is little hope of attaining 
the required degree of resolution with a grating. In this connection, it is 
interesting to note that it is possible to obtain confirmation of the rectilinear 
structure of oarbon dioxide from Barker’s results (loc. cit.) where the double 

* VoL 186, p. 300 (1980). 
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doublet at 2*7 (x is reproduced from the original drawing on squared paper* 
The short wave component shows, of course, incomplete resolution, but 
nevertheless between 2*673 and 2*691 [x in the R branch, there are approxi¬ 
mately 12 maxima with an average separation of 2*4 cm," 1 , and between 2*692 
and 2*714 [x in the P branch again 12 with average separation 2*2 cm." 1 . 
The best value for I 0 from the maximal separation in the fundamental Bjerrum 
doublet at 4 * 26 (x is 60 x 10" 40 g. cm.*; the rotational separation corresponding 
to this is 1 * 1 cm. " 1 , which is half that observed. It would certainly seem worth 
Professor Barker’s while to re-examine this band. 


The Force Constants, 

Expressions relating the fundamental modes of vibration with the angle 
between the bonds and certain force constants have been devised for the 
triatomic molecule XY a by Bjerrum,* Dennison,f and recently by YatesJ 
and Radakovic.§ The assumptions made by Bjerrum and by Dennison as 
to the nature of the forces and their direction in the molecule (central fields 
about each atom) are inapplicable when the triangle degenerates into a straight 
line; Dennison obtains the cubic 



2m ^ 

’ M 


sm* 


r/mX 




'-*(p+*+5 



0 

( 1 ) 


for the symmetrical triangular molecule in which Ej and K 2 are the force 
constants in the general potential function of the molecule, |3 — KJK V 
v* = (l^J^/X*, a is the semi-angle between the bonds, m the mass of the 
external atoms and M of the central atom, jx the reduced mass M/(2M + #0*11 
Bj err urn’s calculations lead to the same frequency functions ; it will readily 
be seen that for a = n/2, the frequency corresponding to the motion of the 
oentral atom perpendicular to the line of the molecule becomes infinite, 
Yates, on the other hand, assumes that the force tending to restore a particle 
after displacement is the sum of two types, the first acting along the line XY 


* • Verb, Deufr. Pfaysilc. Gat/ vol 10, p. 737 (1914). 
t 4 Phil Mag,,* vol. 1, p. 196 (1920). 
t * Phys. Rev./ vol. 36, p. 566 (1930). 

5 * ManataV voL 56, p. 447 (1930). 

II For a discussion of the derivation of this expression and of the constants with their 
significance see Dennison (toe. off.) and Snow, 1 Proc. Roy. Soo.; A, voL 125, p, 471 (1929). 
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and obeying Hooke’s law, the second an angular restoring force acting about X 
and proportional to the arc displacement of the Y’s. His expression is:— 


a* + K 1 [l/m + 2 (cos 2 6)/M] = 0 

a* + [(K t + 2Kjj)/m + 2 (K x sin 2 6 + 2K 2 cos 2 0)/M] a 2 j» ( 2 > 

+ 2K t K t (2/M -f 1 /»)/*» = 0 J 


where a, 2 = — pf, and v, — ~ . p { ; 6 is in this case the angle between the 

bonds. The expression can be transformed into one very similar to Dennison’s 
by replacing a 2 by — X and multiplying throughout by m/K v 
We will now apply (2) to the case where 6 = tc, i-e., the rectilinear molecule. 
We have 


a 2 + K x (1/m + 2/M) = 0 

a 4 + [KJm + 2K 2 (1/m + 2/M)] a 2 + (kjm) 2K 2 (1/m + 2/M) = 0. 


} 


(3) 


The expression factorises and we have, substituting — pf for a/:— 


ft* = 2K S (1/m + 2/M), and v x = ~ \/ 2K, (^~), i.e, 8 C S; 

] _ “► 

Pa « Kj/m , and v 2 = — \/KJm , i.e., 80S; 

Pa* - K t (1/m + 2/M), and v a = ^ y/ K x (^“) , M C t 

We have calculated the K values for a number of triatomie molecules and 
compared them with the corresponding diatomic molecule where 

V =s: v ' i ¥+I)' 


The results are embodied in Table Y ; with v in frequency units and the masa 
of the hydrogen atom as 1 <65 x 10 - * 4 gm., K is in dynes per centimetre. We 
have tested the supposition of the two types of vibration in the molecules 
CO, and CS 2 by determining K x for each line in the Raman doublet with 
interesting oonsequences. 
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Table V. 
Diatomics. 


Molecule. 

cs (1) . 

S,< 2 >. 

1 c-c< 8 > 

diamond. 

1 

80< 4) . 

0<*>. 

NO (# >. 

co (7) . 

< 

v (omr 1 ) . 

v X 10~* dynes/ 

127(1 

I 

800 

1333 

1117 

1652 

1892 

2155 

2320 

om. 

8-4 

6-0 

6-3 

7-8 

11*3 

15*7 

18-8 

22*2 


Triatomics (a) Rectilinear Molecules. 


Molecule. 

4- -> 

X Y X. 

K,. 

■ 4 —■ 

X YX. 

K,. 

t 

XYX, K,. 

CS t . 

1520 

6*9 

795 

655 

12*1 

8*0 

223 

0*07 

co,< 8 >. 

2353 

14-2 

1388 

1286 

18-1 

15*5 

680 

0*60 

n,o (9) . 

2244 

14*4 

1317 

14-2 

460 

0*30 


Triatomics (6) Triangular Molecules. 


Molecule. 

V. 

K,. 

so,< 10 '. 

1340 

' 

14*3 

NO, (11) . 

1634 

7*6 


v throughout fa in cm.” 1 * and K in dynes per cm. X 10~*. The force constant for the triangular 
molecules has been calculated from Dennison’s formula. 

(1) Jevona, * Proo. Roy. Soc.,’ A, vol. 117, p. 351 (1928). 

(2) Henri and Terea, 4 C. R.,’ vol. 179, p. 1156 (1927). 

(3) Robertson and Fox, l Nature,’ vol. 125, p. 704 (1930). 

(4) Henri and Wolff, ‘ J. Physique, 1 vol. 10, p. 81 (1929). 

(5) McLennan and McLeod, ‘ Nature,’ vol. 133, p. 160 (1929). 

(6) Snow and RideAl, ‘ Proc. Roy. Soc.,’ A, vol. 126, p. 365 (1930). 

(7) Snow and Rideal, 1 Proc. Roy. Soc.,’ A, voL 125, p. 402 (1929). 

(8) Dickinson, Dillon and Raaetti, ‘ Phys. Rev.,' vol. 34, p, 582 (1929). 

(9) Snow, ‘ Proo. Roy. Soc.,’ A, vol. 128, p. 294 (1930). 

(10) Bailey, Caesie and Angus, t5W., vol. ISO, p. 142 (1930). 

(11) Warburg and Leithatiser, 4 Annalen,’ vol. 28, p. 313 (1909). 

It will be seen that the force constants group themselves according to the 
type of binding, the values for single, double and triple bonds being respec¬ 
tively 7, 14 and 21 X 10 8 dynes per centimetre. The full power of the triple 
bond is well seen in the case of the nitrogen molecule which has long been 
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represented by G. N. Lewis* as : N::: N :. The case of carbon monoxide is of 
extreme interest: it is isosteric with nitrogen and their external physical 
properties are almost identical. The two molecules are built up differently, 
however; the nitrogen atoms each provide three electrons which are shared 
between them ; the electronic formula of carbon monoxide is best represented 
o • 

by • C * ' 0 - where the distinguished electron is transferred from the oxygen, 
the carbon being in effect still divalent and the molecule giving on dissociation 
two 3 P atoms of carbon and oxygenf ; the transference of the electron is 
confirmed by the corresponding considerable decrease in the expected electric 
moment. J The force constant for this type of binding seems to be inter¬ 
mediate between the double and triple bond; a somewhat similar effect is 
found for the oxygen molecule, the ground state of which is 3 E: since the 
normal state of the oxygen atom is also a triplet ( 3 P) with two uncoupled 
electron spins, the deduction is made that only one electron for each atom ia 
paired and there is a one-valency binding :§ the force constant is certainly 
lower than that expected for the normal divalent bond. 

The peculiar nature of the bond in carbon monoxide is reflected in the 
paraohor ; the force constants for the bindings C :: 0, C?: : 0, and C::: 0 are 
experimentally determined as 14*2 :18*8 : 22 ; the calculated parachors for 
C :: 0 and C::: 0 are 48 and 71*4, while that observed for carbon monoxide 
is 61*6,|| the ratio being 14*2 : 18*4 :21*2. 

The oxides of nitrogen offer interesting contrasts: nitric oxide has a very 
slightly firmer binding than nitrous oxide ; the former is ‘ N :; 0, while the 
symmetrical nature of the latter is once again shown by the identity of values 
for K v the binding being divalent in each case, and the structure probably 
given by ' N :; 0:: N ’ . Nitrogen dioxide has one single and one double 
bond as already deduced by Mecke^f from thermochemical considerations. 

Similar observations have been made for characteristic groups in organic 
substances by Dadieu and Kohlrausch,** and by Andrews.ft YatesJJ 

* ‘ Valence,’ p. 127 (1922). 

t Johnson, * Trans. Faraday Soc.,’ vol. 25, p. 649 (1929). 

t Sidgwiok and others, * J. Chem. Soc./ p. 1882 (1930). 

§ Gamer and Lennard-Jones, ‘ Trans. Faraday Soc.,’ vol. 26 (1928). 

(| Sugdea, * The Parachor and Valency/ p. 170 (1930). 

H ‘ Z. Physik. Chem./ B, vol 7, p. 114 (1930). 

** * Monateh./ vol. 55, p. 201 (1930). 

tt * Pbys. Rev./ vol. 36, p. 644 (1930). 

tt b0C. Cti. 
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attempted to apply his derived equations to a number of substances, but the use 
of incorrect values for the fundamental frequencies vitiates the deductions. 

The results and implications for carbon dioxide and disulphide will now be 
briefly considered. The two types of optically inactive vibrations are con¬ 
firmed by the values for the force constants : v 8 corresponds to a vibration in 
which there is a divalent linking between carbon and oxygen, to take the first 
substance, and the carbon is essentially tetravalent, whereas the two frequencies 
associated with v 2 give us two force constants, the one being of exactly the 
same type as in carbon monoxide, and the other that for a double bond. The 
heats of dissociation for similar bonds in allied substances can be taken as 
approximately proportional to the binding forces; the heat of formation of 
CO a from gaseous and atomic carbon and oxygen is given by (C) + 2(0) * 
364 k. cal., and we can take half this value as representing aC = 0 bond in 
CO a , i.e., 182 k. cal.: the heat of formation of carbon monoxide under similar 
conditions is 237 k. cal., and we calculate for C — 0, 237 X 14*2/18*8 
= 179 k. cal., in very close agreement. 

Carbon disulphide differs from the dioxide in that it certainly seems to possess 
single linkings, the carbon atom being apparently divalent. The force con¬ 
stants for v 8 are again of two types, one of whioh corresponds to carbon mono¬ 
sulphide with its monovalent linking, the other, as in C0 2 , to a value inter¬ 
mediate between that and the next higher or divalent bond. The weakness 
of the binding is confirmed by the smallness of Kjj, which is 0*07 X 10* dynes 
per centimetre. Further contributory evidence is obtained from the examina¬ 
tion made by Lindh of the K 1 absorption limits in the X-ray spectrum of 
sulphur-containing compounds; the work has been summarised by Siegbahn.* 
The mean values in X.U. for organic substances show constitutive influences 
due to the various possible sulphur valencies : the averages of a number of 
remarkably concordant results give the following characteristic wave-lengths 
in X.U.:—S n , 6006*8; Siv, 5001*9; S V i, 4993*9. Hydrogen sulphide gives 
value of 5007*1 agreeing with the accepted formula H—S—H, but the 
interesting discovery is that carbon disulphide shows the anomalously long 
wave-length of 5011*4 X.U.: hence the single linkage can be taken as 
established. 

Additional support is offered by thermochemical data: accepting once 
more the near proportionality of the heats of dissociation of the bonds and 
the force constants for closely allied substances, we can determine the heat 

♦ “ The Speotrosoopy of X-rays,” p. 146 (1926). 
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of formation of carbon monosulphide in the gaseous state; the significant 
data for the gaseous molecules SO and Sg can be derived from the pre¬ 
dissociation spectra (for references see Table V), while the heat of formation 
of CS a from gaseous monatomic carbon and sulphur is 264 k. cals. The 
calculations and results are indicated in Table VI. 


Table VI. 


Molecule. 

K x 10-* 
dyne./cm. 

i | 

i Beat of linkage 
| in k. oals. 

Heat of linkage 
calculated for OS. 

C6 . 

8-36 1 



SO . 

7-8 ] 

148 i 

148 X 8-4/7-S « 160 

s. . 

6*0 

113 

118 X 8-4/6 0 =* 160 

08,. 

0*9 

JC8, ~ 132 

132 X 8-4/6-0 = 161 


The agreement is remarkable; there is no direct determination of the heat 
of formation of gaseous CS: the application of the constant of anharmonicity 
to the evaluation of that quantity involves in effect a long extrapolation to a 
convergence limit in the band spectrum with the consequent uncertainty in 
the result. If we apply the method to Jevons’ results (Joe. cit.) we obtain 
193 k. cal., a value of the right order and sufficient to justify the primary 
assumption made in developing the above table. 

Finally in this connection we will mention the work of Donle and Volkert* 
on the dipole moment and ultra-violet absorption of ketones and thioketones ; 
they have shown that the CS group in these substances has quite a different 
structure from that of the CO group, that in fact the former is analogous to 
carbon disulphide, but the latter is more like gaseous CO. 

Carbon disulphide may have to be written ; 8: C: 8:, though there are 

difficulties in accepting this ; the dioxide is normal, 6:: C :: 6. The doublet 

structure in the inactive fundamental in each case is probably to be associated 
with some ready power of re-arrangement in the detailed electronic structure 
of the molecule, and due primarily to the variable valency of the carbon 
atom. Further study of this point may provide information upon the actual 
method of dissociation of the dioxide, and also upon the combustion of the 
monoxide. 


♦ 4 Z. Phyaik. Chain.,’ B, vol. 8, p. 60 (1980), 
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Summary . 

(1) The infra-red absorption spectrum of carbon disulphide vapour has been 
examined between the limits of 1 and 22 { x. Four bands have been located 
and resolution into P and R branches has been achieved in three cases. 

(2) The infra-red has been co-ordinated with the Raman spectrum, and the 
fundamental frequencies of the molecule have been deduced, 

(3) The molecule has been shown to be rectilinear and the moment of inertia 
has been evaluated, 

(4) The force constants characteristic of the linkages in this and similar 
molecules have been calculated, and deductions as to the nature of the binding 
have been made, 

(5) A suggestion is offered for the explanation of the characteristic doublet 
in the Raman spectrum of carbon disulphide and dioxide. 

Much of the apparatus used in the present series of investigations was pur¬ 
chased through grants made to the Chemistry Department of University 
College, London, by Imperial Chemical Industries, Ltd., to whom the authors 
extend their grateful acknowledgments. 
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Investigations in the Infra-Red Region of the Spectrum. Part IV.— 
The Monochromator Method in the Infra-Red. 

By A. B. D. Cassie and C. R. Bailey, University College, London. 

(Communicated by F. G. Donnan, F.R.S.—Received March 13, 1931.) 

Absorption spectra in the infra-red are usually obtained by passing radiation 
from a Nernst filament through an absorption tube, and converging it to form 
an image of the filament at the collimator slit of the spectrometer. The 
radiation traverses the resolving train, and an image of the collimator slit is 
focused on the thermopile slit; a direct record of the energy curve of the 
Nernst filament is then made by means of a thermopile connected to a high 
sensitivity galvanometer, or an equivalent device. A shutter is inserted 
between the filament and collimator slit, and the percentage absorption at any 
wave-length is most conveniently determined by noting the galvanometer 
deflection on opening the shutter when (a) an empty, and (b) a full absorption 
tube lies in the path of the radiation. This necessitates the use of a device 
such as a rocker to exchange the full for the empty tube at each spectrometer 
setting. 

The most important factor in the design of this rocker is that the empty 
and full tubes should occupy accurately the same position when either is in 
the path of the beam. If this condition is not satisfied, the image of the 
filament on the collimator slit may be displaced, and different longitudinal 
sections of the image will be presented at each interchange; the intensity 
of radiation traversing any longitudinal section of this image varies rapidly 
from the centre to the edge, and the displacement will give a differenoe in 
galvanometer deflections for the empty and full tubes even when no absorption 
occurs. In certain work which we propose to carry out latex we shall require 
long absorption tubes of stainless steel, and a rocker of inconveniently heavy 
construction would be necessary. There is a further disadvantage of the 
rocker method in its use with gases; leads from a pumping system must either 
be flexible or be disconnected after each change in pressure. High purity of 
absorbing gas is desirable and rubber joins are to be avoided, hence glass to 
glass position seals must be made after each adjustment of pressure, or a large 
glass spiral of sufficient flexibility must be permanently incorporated in the 
system. The first method is almost impracticable; the second gives erroneous 
results in the determination of the very small gas pressures necessary when 
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the fundamental bands of certain substances are under examination; it is of 
considerable importance to know this gas pressure accurately, and in some oases 
these bands are so intense that pressures of less than 1 mm. are required to give 
a maximal absorption of 50 per cent, under the conditions of the experiment. 

There is an alternative method by which the radiation may be caused to 
traverse the full or empty tube at will. Instead of interchanging the position 
of the tubes we can swing the beam so that it passes through first one and 
then the other. The latter arrangement is possible if we interpose two plane 
mirrors rotating about vertical axes, one between the filament and the tubes, 
and the second between the tubes and collimator slit, when, by a suitable 
addition of concave mirrors to the system, the light train is in effect duplicated. 
Great care would have to be taken in the setting of the plane mirrors, as any 
slight error in this, particularly with the first mirror, would entail the above- 
mentioned displacement of the filament image on the slit. This difficulty 
can be avoided in the following way : the thermopile or telescope slit is usually 
narrow compared with the width of the thermopile junctions; if we use the 
spectrometer as a monochromator and contrive a similar system of mirrors to 
give an image of the telescope slit of unit or less magnitude on the thermopile 
junctions, a small error in the setting of the mirrors will give no error in the 
galvanometer reading. This conclusion was tested and found to be true. 

There is, however, an additional and cogent reason for the use of a mono- 
chromated beam as opposed to the full source. At the normal working 
temperature of the filament (some 2600° abs.), the energy distribution is 
approximately that of a black body, and although the isothermal m a xim u m 
is in the neighbourhood of 1*5 pi, there is a considerable proportion of energy 
emitted in the visible and short wave regions. Some of the substances we 
propose to investigate are known to undergo photochemical decomposition 
with great ease, in particular, carbonyl sulphide and the oxides of chlorine; 
for these substances the original method is impracticable, if not dangerous. 

Experimental Details. 

The final state of the apparatus is shown in plan in fig. 1. The light path 
in air is made as short as possible by introducing a plane mirror which gives 
a virtual image of the filament N and its backing mirror M somewhere within 
the spectrometer case. This arrangement also makes the component mirrors 
readily accessible, while the mercury arc H required for setting the Wads¬ 
worth mirror can be very conveniently housed behind M 2 . The glass con¬ 
densing lens C is left in position and focuses an image of the arc on S lf the 
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collimator slit. The only adjustment required lor the use of the arc is to 
remove M a from a mounting which holds it in a fixed position; this avoids 



any trouble in refocusing the image of N on Sj when the Wadsworth mirror 
has been adjusted. 

The thermopile with its air*tight housing was removed from the position 
immediately behind the telescope slit. Approximately 6 inches from this 
slit is a small plane mirror mounted on a vertical axis with a device for turning 
it through a fixed angle. This is shown in detail in fig. 2. On the accuracy 
with which M a can be turned through this angle, does the accuracy of the final 
position of the image of the telescope slit S a on the thermopile junctions depend. 
The vertical axle K carrying M a was therefore passed through a ball bearing 
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B* mounted on the frustum of a lead cone described by Robertson and Fox,* 
and then through an ordinary bearing B e . The lower end of the axle is conical 
in shape, the point of the cone resting on a flat 
piece of steel S, sunk into the lead block. 

Fixed to the axle is an arm A which comes into 
electrical contact with either of two stops R, 
according as the radiation is to occupy the 
position of the empty or of the full tube. This 
arrangement was found to give very accurate 
settings of the image of the telescope slit on the 
thermopile. 

The radiation passes from M 3 (fig. 1) to either 
of the mirrors M 4 and M 4 ' and is directed 
accordingly through the empty or full tube. 

After emerging from the tubes A and A', the 
beam falls on either of the mirrors M 5 or M 6 ' 
and is thus focused on either of the thermo¬ 
piles T and T'. One thermopile would actually 
suffice, and, in fact, would receive an image of 
S B which satisfied Czerny’s condition for 
minimum distortion of the image after two 
successive reflections at concave mirrors. 

The thermopiles available, however, had an 
angular aperture less than M 6 T 1 M 6 ', whilst the use of two thermopiles gives 
easy adjustments. Distortion of the image is not of consequence since even 
the distorted image lies wholly within the surface area of the hot junctions. 
The thermopiles are enclosed in air-tight cases and surrounded by jackets of 
heat-insulating material. They are connected to the galvanometer in series 
and in opposition to each other; this was found to give less zero drift than 
when they were connected in the same sense. 

IXfficidties and Possible Sources of Error . 

The first difficulty encountered was that of stray radiation. When M 8 was 
changed from one position to the other a very large galvanometer deflection 
was observed, even when the shutter between N and the spectrometer was 
dosed; the effect was shown to be due to stray radiation which was focused 

* 4 Proc. Roy. Soo.,* A, vol. 120, p. 132 (1928). 








firert on one thermopile end then on the other. To eliminate hbis the mirrors 
M iP M 8 and M/ were enclosed in one opaque iousing, and At*, At*', T *ild 5T 
in another. The tubes were painted black and fitted with ends which gave a 
roughly light-tight joint between them and the housings* 

In order that the maximum of resolution indicated by the theoretical con¬ 
siderations in Part I* should be obtained, it is necessary that even the small 
amount of scattered light remaining after these precautions should be again 
reduced to a minimum; the further step was taken of inserting two stops at 
the foci F and F' inside the absorption tubes. To prevent attack by the gases 
under investigation they were made of glass, and we are glad to acknowledge 
our indebtedness to Mr. Nelson of this Department for their construction. A 
hollow glass vessel, watch-shaped, with aperture A (fig. 3), and inlet tube E, 
was formed of diameter equal to the internal diameter 
of the tube ; through E was poured enamel opaque to 
visible and short wave infra-red radiation, and the 
whole dried in an oven; E was then drawn off and 
smoothed so as not to project beyond the circumference 
of the stop. 

By this procedure the galvanometer deflection on 
rotation of M 8 was greatly diminished but not completely 
eliminated. The residual disturbance was shown 
eventually to be due to the fact that the surroundings of the spectrometer 
and of the thermopiles were at different temperatures on account of the 
heating lamps used to preserve the rocksalt surfaces. As the radiation path 
changes from the empty to the full tube we must expect a change in the galvano¬ 
meter zero with the thermopiles coupled in opposite senses, since the mirror 
systems focus precisely 8 l (the proper radiation of which corresponds to the 
temperature of the spectrometer) on the thermopiles. If the latter were 
ooupled in the same sense the zero change would disappear; it can be made 
very small even under the actual conditions of experiment. 

A possible source of error which had to be taken into consideration, and 
which, if it had existed, would have rendered the method impracticable, was 
the chance that M* compared with M/ and M* with M*' might exhibit unequal 
specific reflecting powers. So far, however, we have been nnable to detect 
any selective reflectivity of the mirrors which are silvered surfaces on glass, 
nor, as far as we know, does there exist any selective difference between the 
thermopile sensitivities. 

♦ < Proc. Roy. Soo„* A, vol. 130, p. 139 (1930). 
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Sine© the foregoing account was written, we have applied the method to the 
examination of carbonyl sulphide with every success; the substance has a 
rich and complicated spectrum which shows promise of many difficult but 
interesting points in its unravelling. 

The authors owe their thanks to Professor F. G. Donnan, C.B.E., F.R.S., 
for his continued interest and encouragement, and to the Department of 
Scientific and Industrial Research for a senior award to A.B.D.G 


Asymmetry Observed in the Stark Components of H a . 

By D. R. McRak, Ph.D., Demonstrator in Physics, McGill University, 

Montreal, 

(Communicated by A. S. Eve, F.R.S,—Received March 20, 1931.) 

[Plate 10.] 

Introduction, 

This paper is a report of observations on H a which show an asymmetry in 
the displacements as well as in the intensities of its Stark components. 

The early theoretical treatments of the Stark effect in hydrogen neglected 
the fine structure and gave symmetrical displacements of the components in 
moderate electric fields (about 40,000 v./cm.). So far as the writer is aware, 
no observations have been made which would lead one to deny this symmetry. 
Using the wave equations of Darwin and Dirac, Schiapp* has reconsidered the 
hydrogen-like atom in an external electric field and under the influence of the 
forces which cause fine structure. In the case of H a numerical results were 
calculated for two limiting cases, (i) where the effect of the electric field is 
small compared with the fine structure (for fields less than 300 v./cm.), and 
(ii) where the fine structure is small compared witli the Stark effect (fields 
above 10,000 v./cm.). The displacements were not calculated for the inter¬ 
mediate region, but the connections between the two sets of components are 
given, 

A graphical representation of these calculations may be seen in fig. 3. 
The ordinates represent field strengths, starting at zero at the top of the page 

* 1 Proo. Roy. Soc./ A, vol. 119, p. 313 (1928). 


von. oxxxn.—A. 
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and increasing to a maximum of 10,000 v./cm, Since in the limiting oases the 
displacements are proportional to the field strength (except for a few com¬ 
ponents at low fields where the displacements are proportional to the square 
of the field), the components in these regions may be represented by straight 
lines. The representation may not be theoretically exact over the range 
6000 to 10,000 v./cm., but the lines serve to show the directions and displace¬ 
ments which the components will have in higher fields, and are so drawn to 
save space. The lines between 300 v./cm. and 5000 v./cm. are simply smooth 
curves connecting the high field components with those in weak fields. They 
cannot be taken to represent quantitatively the theoretical displacements 
in this region. The correct values can be calculated for any given field strength, 
but the lack of observations in this region does not justify the labour involved. 
The displacements in high fields are expressed in terms of the unit which 
appeared in the original Epstein theory. Each Epstein component may have 
associated with it several fine structure lines which are displaced at the same 
rate in high fields, and which therefore remain together in a group. The 
numbering of the lines from 1 to 48 is due to Sohlapp. In order to distinguish 
between the tc and cr components, the numbers representing the latter have 
been printed along a vertical line, e.g. f The upper row of numbers indicates 
components which have some intensity in low and intermediate fields, but 
vanish in high fields. Components which retain some intensity, even in high 
fields, are given in the lower row of numbers. Their relative intensities in 
strong fields are represented by the vertical lines in the lower part of the 
graph. 

It may be seen from fig. 3 that in order to observe the details of H a in 
low and intermediate fields, one would require a spectrograph of very high 
resolving power. Moreover, the broadening of the lines due to Doppler effect 
and unsteadiness of the distribution of fields in the source would introduce great 
experimental difficulties. These discouraging features may be avoided in 
higher fields, where the theory prediots an asymmetry having its origin in fine 
structure. The experimental verification of this asymmetry is not too difficult, 
and is described in the following paragraphs. 

Experimental. 

Since reference will be made to the relative intensities, it may be well to 
describe the source of light in some detail. The discharge tube (fig. 1) is of 
the Lo Surdo type. The discharge passes from the anode, through a hole 
2-6 mm. (in some cases 3-0 mm.) in diameter drilled in the lavite L, to the 
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cathode C. Just above the end of the cathode a narrow slit S about 2*5 mm. 
by 0*3 mm. was cut. The light from the Crookes’ dark space, where the high 
electric fields are developed, escapes through the slit to a lens 
which focuses the light on the slit of the spectrograph. The 
electrodes are made of aluminium. B is a brass collar to hold 
the cathode in its proper position relative to the slit while the 
tube is being assembled ; it also helps to conduct heat away 
from the cathode, A blast of air is directed against the part of 
the tube containing the lavite to keep it from overheating. 

The tube was filled either with pure hydrogen or a mixture of 
hydrogen and neon. These were purified by a charcoal bulb 
immersed in liquid air. The charcoal was saturated with 
hydrogen before the tube was put in operation and to further 
minimize variations in pressure (due to gradual absorption or 
emission of the hydrogen from the charcoal) a ballast tank 
having a large capacity (25 litres) was used. The gas pressures 
for different exposures varied from 1*3 to 2-5 mm. of mercury. 

The high potential source of direct current has been described 
elsewhere.* The potential drop across the tubes varied from 
3200 to 9400 volts and the currents from 4 to 14 ma. During 
the time of any exposure the potential was kept constant by adjusting the 
current in the primary of the high voltage transformer. 

A Wollaston double image prism was used in some of the exposures to give 
polarisations. The magnification of the image on the slit was about 1*2. 

The spectrograph contains a concave grating in a stigmatic mounting similar 
to that described by Meggers and Bums.f The concave mirror, which reflects 
in a parallel beam the light from the slit to the grating, has a radius of curva¬ 
ture of 21 feet and is 6 inches in diameter. The grating has a radius of curva¬ 
ture of 28 feet, and a ruled surface 3 inches by 5£ inches with 15,000 lines to 
the inch. There is a weak central image, and a very bright first order spectrum 
on one side. This property makes the instrument probably 10 times as fast 
as a similar spectrograph with an ordinary grating. The mountings are of 
metal and the whole is enclosed in a constant temperature room. Theoretically, 
lines 0*08 A. apart are just resolved at Ha, where the dispersion is 3*83 A./mm, 

Eastman panchromatic plates were used ; some were sensitized immediately 
before exposure by dipping in a weak ammonia solution and drying. 

* 1 Proo, Boy. Soo.,’ A, vol. 114, p. 47 (1927), 
t * SoL Papers U.S. Bureau of Standards,* voL 18, p. 185 (1922). 
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Results. 

Displacements.—At first attempts were made to observe details which depend 
upon polarisation effects in the region of field strengths below 5000 v*/cm. 
A double image prism was used to separate the n and a components. No lines 
could be clearly resolved hero, and hence more attention was paid to the 
predicted asymmetric displacements at higher field strengths. For this 
investigation the double image prism was removed. 

An asymmetry in the positions of the strong components was immediately 
found and proved to be common to all the plates obtained. Components 
±8, ±6 and ±5 do not appear, since they have very low intensities.* 

The plates which have been selected for measurement were obtained under 
the experimental conditions shown in Table I. 


Table I.—Conditions in Discharge Tube. 



Pressure in 

Current 

Potential 


Plat®. 

millimetres of 

in 

in 

Oae. 

1 

mercury. 

1 

milUamperes. 

volts. 


a 

20 

11 

i 3200 

Hydrogen, 

b 

e 

1-9 

1*8 

5 

4 

9400 

8400 

70 per cent. Ne, 30 per cent. H R . 
Hydrogen. 

d 

€ 

2-5 

19 

6-10 

S-10 

9200 

9000 

60 per cent. Ne, 60 per cent. H* 
Hydrogen. 


Table II shows the results of measurements which have been made on these 
plates. The numbers shown have been obtained by taking the average values 
of the observed readings in 10 sets of measurements made on the positions of 
the components at a given field strength. The position of the central com¬ 
ponent is taken as the origin; the numbers are the displacements in milli¬ 
metres of the components on either side of it. The probable errors of these 
numbers are between 0*001 and 0-002 mm. 

For brevity, let (43), e.g., mean the distance between components +4 
and +3, and ( 32 ) the distance between components —3 and —2. It is found 
that for a given field strength these quantities are not equal as predicted in 
the original theory, but rather for all or nearly all field strengths at which 
observations have been made (43) is greater than ( 43 ), ( 32 ) is greater than (32)> 
etc. The difference between these separations is represented thus* (43)— ( 45 ). 


* Kiuti, 4 Soi. Papers, LP.C.R., Tokyo,* vol. 9, p. 1 (1928). 
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Table II.—Displacements in millim etres of the Components from the Central 

Line. 


Plate. 

Field 

ill 

kv, /cm. 

Component. 

4 

3 

2 

1 

-1 

-2 

—3 

—4 

a 

19'5 

0*349 

0*408 

0*291 



0*275 

0-421 

0-545 


22-8 

0*643 

0-480 

0*334 

— 

— 

0-322 

0*495 

0*655 


262 

0-715 

0*534 

0 363 

—. 

— 

0-357 

0*547 

0*722 


291 

0-825 

0*618 

0*421 

— 

— 

0-419 

0-630 

0*836 


19*5 

—«• 


— 

0*137 

0*123 

__ 

— 

_ 


23 *8 

— 

.— 

— 

0*160 

0*153 

— 

_ 

_ 


26*9 

--- 

.— 

— 

0*192 

0*175 


-_ 



296 

— 

— 

— 

0*211 

0*202 

— 

— 

— 

b 

36*0 

1023 

0*775 

0-522 

0-283 

0*247 

0*518 

0*785 

1-032 


37*7 

1-078 

0*804 

0*567 

0*285 

0*254 

0-518 

0*817 

1-077 


39*2 

1 117 

0*838 

0*578 

0-290 

0*270 

0*551 

0-850 

1*128 

c 

32*0 

0-896 

0-673 

0*408 



0*401 

0*704 

0-900 


36*6 

1*036 

0*770 

0*522 

—- 

—- 

0-534 

0-808 

1050 


44*8 

1*275 

0*957 

0-048 

— 

—. 

0*058 

0*983 

1*273 


24*0 

—- 

— 

— 

0*173 

0*150 

— 

— 

_ 


33 2 

— 

— 

— 

0*235 

0*234 

._ 

— 

—, 


39*2 

— 


— 

0*283 

0*280 

— 


_ 


45*0 

— 

— 

— 

0*328 

0*323 

— 

— 

— 

d 

48*9 

1*403 

! 1*043 

0*723 


_ 

0*699 

1*000 

1*408 


32*8 

1*516 

1*138 

0*782 


— 

0*752 

1 -140 

1*510 


55*0 

1*559 

1*174 

0*807 

— 

—. 

0*800 

1*202 

1-580 


33 5 

— 

— 

-- 

0*244 

0*228 



— 


40*6 

— 

— 

— 

0*295 

0*285 

— 

— 

— 


48*6 

— 

— 

— 

0*300 

0*342 

— 

— 

— 


34*4 


—. 

— 

0*400 

0*399 

—, 

— 

— 


36*2 

— 

— 

— 

0*413 

0-414 

— 

—* 

— 

• 

65-6 

1-882 

1*403 

— 

0*408 

0*477 

— 

1*420 

1*875 


A graphical representation of the differences may be seen in fig. 2. The ordi¬ 
nates are the field strengths at which the displacements have been measured, 
the abscisses the magnitudes of the differences. The positions of the com¬ 
ponents, as has been noted above, have probable errors ranging from O’001 
to 0‘002 mm. The quantities plotted in fig. 2 are second differences of these 
numbers and have probable errors from 0-004 to 0-008 mm., or 0-015 to 
0*030A. This is shown by the scattering of the points on the graph. There is no 
definite evidenoe that the differences change in magnitude with the field strength. 
Theoretically they remain constant. Their average is, therefore, taken. The 
solid lines in the graphs in fig. 2 represent these values. The theoretical 
magnitudes of the differences are shown by the broken lines. The observed 
positions of components ±3 and ±1 are taken to be the centre of the theoretical 




262 


D. R. McRae. 



o oi A o o-i A o o-i o-zA 

M3>-(32) <52)-m3) . 

10. 2.—Showing the observed and theoretical differences in the separations of the Stark 

components of H„. 

doublets, which are of equal intensity (see fig. 3). The position of com¬ 
ponent 0 is taken at the mid-position of the stronger pair of lines. The 
comparison between experiment and theory may be seen also in Table III. 


Table III. 


.Difference. 

(10)—(10). 

(32>— (32). 

(43)— (IS). 

(43)—(32). 

(32)—(O). 

Experimental . 

Theoretical . 

1 

0 042 

O'080 

L 

0115 

0* 092 

JL 

0*045 

0*068 

JL 

0*065 

0 080 

X 

0*088 

0*080 


The agreement in the cases of (43)—(32) and (32)—(55) is reasonably dose. 
The other values show larger discrepancies, which may have some significance. 
The divergence between the results and theory is more strongly shown if one 
considers (12)— (42). The experimental value is 0-073 A., the theoretical 
difference is 0*024 A. The difference (12)— (12) is not given because the 
images of the perpendicular and parallel components were separated on most 
of the plates used for measurement. 
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The second order Stark effect for the field strengths used in this experiment 
has been calculated from the expression given by Waller.* It is too small to 
be considered. 

Intensities .—All the plates resulting from exposures to a discharge in pure 
hydrogen show the same marked asymmetry in the intensities of the com¬ 
ponents. This may be seen in Plate 10 (a) and (6), and also from the Moll 
photometer graph of plate (6), shown in the lower part of Plate 10. The features 
of note are the great difference in the intensity ratios of components 
and “3/—4, and the fact that the intensity ratioB of components —1/+1 and 
+3/—3 are both greater than one. 

If the intensities be calculated to a first approximation instead of to the null 
approximation, as Sclilapp had done, the asymmetry introduced at fields of 
30,000 v./cm, is less than 2 per cent, of the total intensity, and this decreases 
with increasing field strengths. These considerations, it seems, do not enter 
into the above observations. 

The exposures resulting from a mixture of neon and hydrogen show a greater 
tendency toward symmetry, as seen in Plate 10 (c). Foster and Chalk,f who 
used traces of hydrogen in neon or helium, found the intensities to be symmetri¬ 
cal, and in agreement with Schrodinger’s calculations. Quite recently Mr. 
J. F. Heard, working in this laboratory on the Stark effect in xenon, has 
obtained photographs showing Ha with symmetrical intensities. Only traces 
of hydrogen were present in the discharge tube. 

It is becoming increasingly evident that the relative intensities of spectral 
lines cannot be represented accurately by the probability of transitions alone, 
and that experimental conditions, such as those which control the distribution 
of atoms among the different states, must also be considered. In the above 
observations it is interesting to note that the factor which most readily changed 
the relative intensities is the proportion of neon. However, lower gas pressures 
(from 2*0 to 1*3 mm. of mercury) in pure hydrogen also appear to cause a 
more symmetrical distribution of intensities.! The theoretical intensities 
given in fig. 3 are based on the assumption that they are identical with the 
probabilities of transition; this implies, according to wave mechanics, that 

* 1 Z. Physik,’ vol. 38, p. 635 (1926). 

t • Proo. Roy. Soc., A, vol. 123, p. 108 (1929). 

% Mark and Wierl, ‘ Z. Physik,* vol. 55, pp. 156, 526 (1929), vol. 57, p. 494 (1929), have 
carried out extensive investigations on the effect of different experimental conditions on 
the relative intensities of the Stark components in the Balmer lines. It is difficult to 
compare the results with the above, since a different form of discharge tube, much lower 
gas pressures, and higher field strengths were used. 
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the number of atoms in the different states is the same. Experimentally, it 
seems that such a distribution is more likely when a trace of hydrogen is present 
in the rare gases mentioned above than when the same pressure of hydrogen 
alone is used. In this connection it is to be noted that the later members of 
the Balmer series are more easily obtained by having traces of hydrogen in a 
rare gas. Recent experiments of Takamine and Suga* show this well. 



In an attempt to find an explanation for the observed asymmetry of the 
intensities by assuming an excess of atoms in certain energy states, a surprising 
point appeared. The initial levels of the lines in components +3 and —3 are 
the same as those in components +1 and —1 respectively. Hence any increase 
in the number of atoms in the initial states of +3 over those in —3 (in order to 
give +3 the observed greater intensity) will at the same time make 4-1 more 
intense than —I, which is contrary to the observations. 

A reasonable conclusion which one may draw from photographs made with 
a trace of hydrogen in a rare gas is that (1) the atoms are equally numerous in 
the different initial states, and (2) that the probabilities as calculated by 

* 1 Soi. Papers I.P.C.R., 1 Tokyo, vol. U, p. 117 (1930). 
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Schrodinger apply. The first condition is to be expected from the fact that 
rare gases allow a large proportion of the excited atoms to occupy states with 
high principal quantum numbers. The second point indicates that the near¬ 
ness of rare gas atoms does not change the probabilities. 

In pure hydrogen the intensities depart from theory, and this might be 
attributed to changes in the relative numbers of atoms in the initial states, 
were it not for the fact that no shifting of these numbers can meet the observa¬ 
tions. The numbers may still be unequal; but an apparent modification of 
the probabilities of transition is also needed. If this change in probabilities 
be real, then one would expect the displacements to be different from the 
theoretical values. There are small departures from the theoretical positions, 
but they have no systematic connection with the observed intensity changes. 
The modification is only apparent if some foreign action, such as collisions of 
the second kind, can enter in an effective way ; but it is difficult to see how 
this could be carried out in the selective manner required to explain the 
observations. 

Summary . 

(1) A special grating having a very intense first order spectrum on one side 
has been used to reBolve the Stark components of H„. 

(2) Asymmetry is observed in the displacements of the components. 

(3) This asymmetry is found to be in general qualitative agreement with the 
calculations of Schlapp. There are certain discrepancies, however, which have 
not been explained. 

(4) An asymmetry in the relative intensities of the components has been 
observed. It is shown that altering the number of atoms in the initial states 
does not explain completely this asymmetry. 

(5) Under the conditions of this experiment, the intensities of the com¬ 
ponents become symmetrical if the discharge is through helium, neon, or xenon 
in which traces of hydrogen exist. 

In conclusion, the writer wishes to thank Dr. J. S. Foster for suggesting the 
problem, and for valuable discussions throughout the course of this work. 
His thanks are also due to the National Research Council of Canada for an 
award, under which the experimental work was performed. 
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The Apparent Hemihedrism of Crystals of Lead Chloride and some 

other Salts . 

By F, D. Miles, The Nobel Laboratories, Ardeer. 

(Communicated by Sir William Bragg, F.R.S.—Received March 27, 1931.) 

[Plates 11, 12J 

One of the most interesting problems of crystal structure is found in the 
contradiction between the evidence obtained by X-ray methods and that 
derived from superficial measurement or from observations of the action of 
etching reagents. It is well known, for instance, that if the cube faces of 
sylvine are etched, square figures may appear, the sides of which are not 
parallel to the edges of the crystal cube, and are referable only to holoaxial 
symmetry. There are two ways of accounting for this. In the first place the 
structure may be really hemihedral. The faces having the general indices 
(hkl) and (hid) will then contain different arrangements of atoms and the planes 
in which these atoms are placed, parallel to the two faces, will follow each other 
in different order in the two cases. On the other hand, the symmetry of the 
structure may be holohedral. The two faces will then be mirroT images of each 
other and the growth of one in preference to another can be due only to a 
selective agent which itself has only axial, if any, symmetry. 

The first view only of the matter was held until 1926. In that year Herzfeld 
und Hettich* came to the conclusion that the second was correct, for the 
figures were symmetrical when precautions were taken to secure purity of the 
surface and of the reagent. They ascribed the unsymmetrioal figures therefore 
to the action of an optically active impurity. Objections raised by Valetonf 
were answered by the two authors named. Lowry and Vernon^ found, 
however, that unsymmetrical figures need not be produced even when traces 
of optically active reagents were dissolved in the etching liquid. More recently 
Royer§ has shown that the etch-figures produoed on calcite, dolomite and 
calamine by optically active or inactive organic acids have a symmetry which is 
dependent on the molecular configuration of the acid. The figures produced 
on calcite by d tartaric acid, for example, have no reference to the planes of 

* * Z. Physik/ vol. 38, p. 1 (1926) and vol. 40, p. 327 (1927), 

t ‘ Z. Phyrik,* vol, 39, p. 69 (1926). 

% * Trans. Faraday Soc.,’ vol. 26, p. 286 (1929). 

S 4 C. R. Acad. Sci. Paris,* vol. 188, pp. 1176, 1303 (1929), and voL 189, p, 932 (1989). 
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symmetry of the oalcite structure, and are enantiomorphous to those produced 
by the l acid* In a later paper* Eoyer has described similar results from 
experiments on the etching of sulphur and oalcite by impure natural hydro¬ 
carbons and has concluded that many crystallised minerals, which, judging 
from external characteristics, belong to a low class of symmetry, owe this low 
symmetry to the influence of the surrounding medium. 

In the course of an investigation of the development of some of the less 
soluble salts of lead and mercury, it was found that under the influence of 
certain organic colloids, lead chloride, lead bromide and mercuric bromide 
could form in small crystals, the external symmetry of which was in each case 
less than that usually attributed to the substance. Lead chloride showed 
phenomena which were particularly striking and definite. If the conditions 
are suitable this salt can be deposited in crystals which appear to be developed 
in a single enantiomorphous form. In this and in the other cases the growth 
of the crystals was continuous and comparatively rapid, so that solution can 
have played no part. 

Lead chloride crystallises in the orthorhombic system and has axial ratios : 
a : b : o = 0*5952 : 1 : l*1872f—which approximate to those which might be 
derived from the goniometric examination of either a hexagonal or a tetragonal 
crystal. It has always been accepted that the crystal belongs to the holohedral 
class. Lead bromide and mercuric bromide both appear to be holohedral— 
orthorhombic also. 

To give an account of these observations (Section 1) and of an X-ray examina¬ 
tion of pure lead chloride (Section 2), which was made in the hope of evidence of 
its structural symmetry, are the main objects of this paper. In Section 3 the 
arrangement of the lead atoms in the structure, which has certain interesting 
features, is discussed. 

Section 1 .—Crystallisation from Solutions containing Colloid . 

Lead Chloride .—When a saturated solution of lead chloride containing from 
0*5 to 1*0 per cent, of dextrine is cooled slowly, irregular rounded aggregates 
are deposited, the internal structure of which can be seen to be more or less 
confused by examining the crystals between crossed Nicols. If the precipitation 
is carried out rapidly at a higher temperature with rapid stirring, the crystals 
are much smaller and have the form of simple bisphenoids* 

The dextrine used was a white commercial variety containing 12*6 per cent* 

* ‘ 0. R. Acad. Sch Paris,* vol. 190, p. 503 (1930). 
t Qwth, 4 Chemisohe KrystaUographie/ vol, 1, p. 218 (1906). 
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of moisture and 4*3 per cent, of reducing sugars. It had a rotation fa]© of 
182° and yielded 0*28 per cent, of ash. In one experiment 100 o.c. of an 
aqueous solution containing 0*10 per cent, of this dextrine were saturated with 
recrystallised pure chloride at 90° in a special apparatus, filtered from 
undissolved material at the same temperature and then cooled to 80° at the 
uniform rate of 1 • 5° a second in a glass vessel about 1J inches wide, the liquid 
being stirred meanwhile by a glass stirrer revolving at 750 revolutions per 
minute. Almost exactly the same result was obtained, but with a larger yield 
of material, when 30 c.c. of a 9 per cent, potassium chloride solution were run, 
at 60°, into 70 c.c. of a solution containing the equivalent amount of lead 
nitrate, the dextrine being distributed between the two solutions in proportion 
to their volumes. The rate of addition—3 c.c. a minute—was kept constant 
by forcing the potassium chloride solution through a jet under a constant 
head. The precipitate was rapidly filtered without ohange of temperature at 
the instant the precipitation ended. Some representative crystals from the 
second experiment are shown in fig. 1 (Plate 11) under a magnification of 150. 

By mounting these crystals for microscopic examination in the viscous 
gum-resin styrax and manipulating the cover glass, any one could be moved 
into any orientation. The faoes had a slight ourvature, but that the only form 
present was a single bisphenoid allowed of no doubt. The three extinction 
directions of the crystal between crossed Niools corresponded with this 
statement. Both optic axes could occasionally be observed. By observations 
of this kind it was made certain that each of the four faoes was inclined, 
and—as far as could be determined—equally inclined to each of the three 
crystallographic axes. Attempts were made to decide what form was present 
by measuring angles under the microscope. On account of the difficulty of 
such work with small crystals, and of the curvature of the faces, the results 
were not very reliable, but showed nevertheless a close correspondence 
of the observed faces, in angle and position, to those of the form {ill}. 

If the proportion of dextrine in the reaction liquid was reduced the form 
apparent in fig. 1 was gradually replaoed, first of all by the basal plane (001), 
which is the predominant face of all microscopio crystals of lead chloride 
formed in aqueous solutions free from colloidal matter, and then by other forms. 
Kg. 2 (Plate 11) shows the product of a precipitation at 60° with 0*075 per oent. 
of dextrine present. The bisphenoids are truncated by the plane (001), the 
normal to which makes a small angle with the plane of the paper. Further 
reduction of the dextrine percentage to 0*050 per cent, gave rise to a prismatic 
development, extended along [100] on (001) and (Oil), which was so far similar 
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to that usually seen when no colloid is present, but differed from it by the 
presence of small facets at diagonally opposite comers, and by the more regular 
shape of the crystals. The presence of the basal planes made it possible to 
distinguish the right- from the left-handed bisphenoids, and examination of 
numerous crystals showed that the bisphenoid was always of the same hand. 
The relation of these three modifications to each other is made clear by the 
sketches of fig. 6 (a and 6) which are drawn in the conventional perspective. 

Analysis of a range of specimens to which these remarks apply showed that 
they contained from 99*5 to 99*8 per cent, of lead chloride, so that the 
adsorption of dextrine during growth was very small. It may be mentioned 
in passing that at lower temperatures, especially when growths of confused 
structure occur, the adsorption is much higher. That the new material was 
physically identical with ordinary lead chloride was confirmed by comparison 
of powder X-ray diagrams taken from the two. The correspondence in position 
and intensity of each one of the large number of lines was exact. 

The recrystallisation of lead bromide by the methods described gave rise 
to a number of exceptional forms. Of these two showed marked asymmetry. 
In one instance a solution saturated with lead bromide at 80°, and containing 
sufficient nitric acid to prevent precipitation of basic bromide (0*013 gm./lOO 
c.c.) in addition to 0*25 per cent, of gum-arabic, was heated to 100° to ensure 
complete solution and was then cooled rapidly. Some of the crystals from the 
precipitate are shown in fig. 3 (Plate 11). The bisphenoidal character appears 
in the photograph and was confirmed by microscopic examination. The 
crystals had cavities in their ends, but were optically homogeneous, and the 
three crystallographic axes could be distinguished by optical means. The axis 
of elongation was [001] ; the other two axes lay in the angles between the faces. 

In the other instance the face-development was quite symmetrical, but 
marked asy mm etry was shown by the growth-cavities at the ends of the crystals. 
A solution containing 14*4 gm. of potassium bromide in 100 c.c. was run 
into an equal volume of an equivalent one of lead nitrate to which 0*5 per cent, 
of dextrine had been added. The temperature was 90° and the other conditions 
as in the corresponding note for lead chloride. Fig. 4 (Plate 11) illustrates the 
result. These crystals were prisms of square cross-section. The principal 
faces, on which each crystal is shown to lie in fig. 4, were of the form {Oil}, 
the axis of elongation being [100]. The illustration shows the cavities at the 
ends, but incompletely. It is clear that they have no relation to a plane of 
symmetry parallel to (100). Manipulation of the crystals under the microscope 
revealed that the cavities were not simple in shape and were referable as a whole 
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to no plane of symmetry, but to three diagonal axes. It was not found possible 
to repeat this experiment. 

Mercuric bromide gave a result of an interesting kind. Crystallisation of this 
salt from water yields very thin plates, which often have a rhomboidal outline 
as in fig. 6 (c). The rhomboidal face is (001) and the longer diagonal [010]. A 
2 per oent. solution containing 0-25 per cent, of dextrine was cooled from 100 6 
to the ordinary temperature during 10 hours. The crystals were obtained in 
large rectangular aggregations of which fig. 5 (Plate 12) shows an example. 
The extinction directions and optic axes could be found readily in both cases, 
and it was established that the principal face of the new form in which the 
crystal invariably lay was (110). Fig. 6 (c and d) shows the relation between 




the two. The difference in the extension of (110) and the faces normally 
related to it by two symmetry planes is fairly shown by this diagram and was 
the same for every crystal. The planes of cleavage (001) were a prominent 
feature of the second modification and gave rise to a marked striation of the 
(110) faces. 

In all these instances the essential identity of the anhydrous normal crystal 
and of the modification was confirmed by chemical analyses and by X-ray 
powder diagrams, as for lead chloride. 
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Section 2 .—The X-ray Examination and the Symmetry of Pure Lead Chloride. 

Crystalliaation from Aqueous Hydrochloric Add ,—Crystals obtained from 
water are always extended along [100] and on (001), are irregular and unsuitable 
for analysis. Concentrated hydrochloric acid, as was found by Schabus,* gives 
better results. The best material was obtained by using a device consisting 
of two glass tubes of about 1 inch bore, joined to each other at each end by cross 
pieces to form a thermosiphon. Fused lead chloride was placed in one limb 
just above a constriction which allowed free passage to the liquid. The tube 
was then filled with saturated solution and a difference of temperature of from 
7° to 10° between the two limbs was maintained for several weeks, A crop 
of excellent crystals of pyramidal habit, the largest of which were 2-0 mm, 
long, were then found adherent to the surface of the cooler parts of the tube. The 
predominant forms of these crystals were {112}, {111} and {001}. Faces of 
other forms—chiefly {011} and {012}—were present but were very small. The 
development was not always quite regular, for in many cases the tendency to 
elongation in one of the zones [110] and [llo] at the expense of the other, was 
very marked. It was noticed by Schabus that this irregular growth might 
actually produce acicular crystals. 

Another method was also employed. Water was allowed to diffuse down¬ 
wards through an intermediate layer of concentrated hydrochloric acid into 
a lower layer of the same acid which had been saturated with the salt. In 
about 10 days the greater part of the salt was precipitated in the form of clear 
rhomboidal plates, developed on (001) and from 1*0 to 1*5 mm. long. The 
tabular rhomboidal material from these diffusion experiments showed, in 
addition to the principal faces of {001} small faces of {112} and still smaller 
ones of {111} and {010}. It is of interest that in the majority of these crystals 
the faces of {112} were distributed in a way which clearly suggests hemihedral 
symmetry. Fig, 7 illustrates this point. 



Fxg. 7. 

Crystals were also grown by the slow cooling of hot saturated solution con¬ 
taining sodium or ammonium aoetate. When a 20 per cent, solution of 


* Groth, loc . cit . 



272 


F. D. Miles. 


ammonium chloride was used in this way it yielded crystals which were shown 
by analysis to consist not of the simple chloride but of a double salt 2PbClg, 
NH 4 C1, the existence of which was indicated by Wells and Johnson * The 
crystals were found to be orthorhombic and to have axes : a = 8*03,6 = 8'76, 
c — 12'11 A. The density was determined to be 4'68 at 30°. Calculation 
from these figures gave the number of molecules in the cell to be four (3*96)* 

The X-ray Investigation.— The information which is obtainable in regard to 
the symmetry of a crystal by X-ray methods is li m i t ed by considerations 
which are well known. The symmetry exhibited by Laue diagrams is the same 
for all three classes of the orthorhombic system. By the analysis of rotation 
or oscillation diagrams, the absence of the first order reflections from a set of 
planes parallel to a crystallographic axis may reveal a glide-plane of symmetry 
in the structure. The presence of one such plane would be proof that the 
crystal could not be hemihedral, but to prove it holohedral three such sets of 
systematic halvings would be required. In the absence of any glide plane 
the possible information is still more limited. The structure of lead chloride 
has been investigated by Briikken and Harang,f according to whom the space- 
group is Q,, 16 . This space-group is indicated by the absence of the first order 
reflections from two sets of planes. The planes (AO l) are halved when (A-fd) 
is odd, and the planes (AAO) when k is odd.J Such a result would be 
sufficient to establish that lead chloride could not have hemihedral symmetry, 
if it could be accepted without reserve. The investigation made by Brakken 
and Harang, however, was based only on diagrams of complete rotation 
about the three principal axes of the crystal, and on a powder photograph. 
It is now well recognised that the analysis of a structure of orthorhombic 
or of lower symmetry by such methods alone is a very unsafe proceeding. 
Further work was clearly desirable. 

A transformer-actuated Shearer tube was used. The tube was fitted with a 
thin nickel window. It was found that from this and other crystals of lead 
salts diagrams could be obtained with dense spots on a very light background, 
if copper radiation was employed, whereas molybdenum radiation, even when 
suitable screens were used, was very inferior. The crystals were set by optical 
means on an instrument which was at once a complete single circle goniometer 
and X-ray spectrometer, and had an accessory fitting by means of which a face 

* ‘ Z. Anorg. Chem.,’ vol. 4, p. 117 (1893). 

t ‘ Z. Krist.,’ vol. 68, p. 123 (1928). 

t Astbury and Yardley, ‘ Phil. Trana.,’ A, vol. 224, p. 221 (1924), 
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could be ground on the crystal in any plane parallel to the axis of rotation. 
The reciprocal lattice methods of Bernal* were used throughout. 

The values of the cell sides deduced from rotation photographs agreed with 
those given by Brakken and Harang (be.. cit.) and show that the axial ratios 
previously assigned (Groth, be, cit,) were correct. Numerous oscillation 
diagrams on all three axes (to be noticed later) yielded no evidence that the 
cell so determined should be enlarged. The three axes were redetermined 
more accurately by one of the methods used by Siegbalin.f In each case a 
crystal with a ground face was used, 10 era. from a narrow slit and from the 
plate. The small distance separating the two K ttl lines of copper, obtained 
by reflection to right and left hand, could be precisely measured on the plate. 
The results are given below with the axial ratios deduced from them and those 
given by Groth. 

Spacing used. | Axial length. j Axial ratios. 

4-523 ±0*002 From X-ray data 0*5938 : 1 : 11858 

7018 f0-004 — 

9*037 | 0*005 From Groth 0-5952 : 1 : M872 

, ;; .i... 

There are four molecules in the unit cell and the calculated density is 5*892. 
Baxter and Harkins’ direct determinations give 5*888 at 20°. % The structure 
is based on the simple orthorhombic lattice (T 0 ). 

Rotation and oscillation diagrams taken from such crytals as these are only 
of limited use, for in many cases the path of the reflected ray from the principal 
surface of a crystal developed rnainlv in one form may lie within the crystal, 
and in others, where several forms are present, the ray may emerge only from 
some of the faces, or from none. Faces can, of course, be ground on in desirable 
positions, but the grinding of crystals of several lead salts has been found to 
leave a disturbed surface layer which gives spots extended along the Debye 
circles. The best method of removing this layer, in the case of lead chloride, 
seems to be to wash the ground face, after removing the oil with alcohol, with 
a fine jet of water, but the treatment roughens the surface so much that it is 
of doubtful value for the detection of the weakest reflections. 

It is of great use to have a ready method of finding out whether any given 
reflection can emerge from any particular face of the crystal. This can be 

* 4 Proc, Roy. Soc.,’ A, vol. 113, p. 117 (1926). 

f “ The Spectroscopy of X-rays, London,” p. 60 (1925). 

X ‘ J. Amer. Chem. Soc.,’ vol. 38, p. 266 (1916.) 
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done by means of Bernal’s charts (he. tit., p. 163) in a very simple way. The 
circles corresponding to the intersection of the sphere of reflection by the basal 
and by the 1st, 2nd, ..., nth layers of the reciprocal lattice (to which the axis 
of oscillation is supposed to be normal) are set out on drawing paper as usual, 
and in addition, as in fig. 6, corresponding circles with radii twice those of the 



first set are described from centre 0. A strip of transparent paper or celluloid 
along which is drawn a single line 0 1 P gfl is pivoted at O x . On the reciprocal 
lattice net, prepared as usual on tracing paper, are drawn straight lines repre¬ 
senting the intersections with the basal plane, and with the 2nd, 4th, ... and 
nth lattice layers, of planes which pass through the origin and are parallel to 
the face or faces of the crystal from which reflection is possible. The net is 
placed above the fixed paper bearing the circles and the pivoted strip, and is 
pinned through the origin to the point 0, If now the net is rotated until, as 
in fig. 8, the lattice point P„, considered to be on the nth layer, lies on the 
circle C„ the projection of the path of the reflected ray will be found by joining 
0 to the point of intersection P a „ of OjP,, produced and the circle C'„, for 0P„ 
is always at right angles to O^P^ and it is easy to see that 0P„ and P„P Ja 
are always equal. The point P a „ must lie on the 2nth layer of the lattice. 
The reflection will therefore be emergent if the line through P„ and O a inter¬ 
sects the trace F gn F a „ ouside the circle C'„. In the same way the equatorial 
reflection corresponding to any point P 0 on the basal plane will emerge only 
when OjPq drawn through any point P 0 on the circle C 0 , intersects FjF 0 
outside the circle C' fl . 

There was no doubt, when indices were assigned to the planes registered in 
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a series of diagrams, eacli representing an oscillation of the crystal through an 
arc of 10°, that all sets of planes parallel to only one crystal axis reflected in 
the first order, with the possible exceptions of these having the indices (a) 
(AOJ), (k+l) being odd, and (6) (hk0)> k being odd. In these two cases con¬ 
tradictory results were obtained at first and special procedure was found 
necessary. It was established by trial with screens of known absorption that 
a reflection of 1 /800th the intensity given by (004)—one of the strongest planes 
of all—could be detected by oscillating for 40 minutes over an arc of 3°, using 
a short slit of 0 ■ 3 mm. opening, about 4 cm. from the crystal. Further exposure 
was of no advantage. Such oscillations over a small arc, with powerful 
illumination for a long time, were found to require great care, for spurious 
lines may very easily result from the radiation omitted by minute amounts of 
impurity in the target or from irregularity of rotation of the cam. Even a 
small departure of the edge from the correct contour is harmful and a cam 
should not be used unless it gives rise, with general radiation, to a blackened 
strip on the plate free from all unevenness. 

A careful search was made in this way for the odd orders of (00 1) from (001) 
to (0011) inclusive, and of (OK)) from (010) to (090) inclusive; for the first orders 
of reflection from the planes (102), (104), (106), (108), (203), (205), (207) and 
from (130), (150), (170), (210), (230), (250) and (410). In each case the possi¬ 
bility of emergence was confirmed by the method already given. Although 
weak reflections seemed to be given by certain of these planes, none survived 
the test of a search with two different crystals, each set in the reflecting 
position on two different axes successively. The conclusion of Brakken and 
Harang appears, therefore, to be correct. 

The Symmetry of Lead Chloride .—Since two glide planes of symmetry are 
present, the symmetry of lead chloride cannot be hemihedral. It is not possible, 
on the present evidence, to decide between holohedry (space group Q* w ) 
and hemimorphy (space group C 2v 9 ) but of the two the first is much the more 
probable. The bisphenoidal form discussed at the outset must be due to the 
growth of one set of faces in preference to another, the two possible sets being 
related to one another by a plane of symmetry, Such an effect might readily 
result from a crystal of class Q v A crystal of class C 8v might possibly assume 
an apparently regular bisphenoidal form, but such an occurrence is improbable, 
for two of the four faces of the crystal would be different from the other two 
and would be unrelated to them by any element of symmetry. 

The growth of lead chloride of obviously lower symmetry than crystals of 
this substance normally possess is in accordance with the principle put 

T 2 
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forward by Herzfeld and Hettieh—that crystal faces related to each other by 
a plane of symmetry will in general possess opposed cyclic arrangements of 
atoms and may behave differently to optically active reagents. Royer (loc. 
dt.)> in an interesting series of papers, has reported many cases of the depend¬ 
ence of the etch-figures of minerals on the molecular configuration of the optically 
active etching agent and has taken the view* that apparent hemihedry 
is often to be attributed to the presence of such a reagent in the natural 
environment of the mineral Hitherto the formation of a hemihedraJ crystal 
of a substance of demonstrably higher symmetry seems not to have been 
accomplished by artificial means. The observations on lead chloride, sup¬ 
ported by those on the other substances examined, provide an example of such 
a formation and indicate that apparently hemihedral crystals of minerals and 
other substances may be primary products of crystallisation, not due to any 
secondary process of solution. 

Section 3.—The Arrangement of Lead Atoms in the Structure of Lead Chloride . 

Several series of oscillation diagrams were made and examined by the 
methods which have been indicated. As a sufficient example of the data, a 
list is given of the planes recorded on the most reliable series—that obtained 
from a crystal having a natural (001) face, set up on the [100] axis. The 
oscillations were made 10° at a time in a camera of 4 cm. radius, the film extend¬ 
ing through 140° on each side of the beam. The limiting positions of the 
reflecting face were at 10° and 90° from the beam. The list is complete, i.e., 
it includes all planes which might be expected to give emergent reflections 
from the (001) face with copper radiation and to be recorded on a film of the 
stated dimensions, The indices of planes which did not reflect are given in 
italics. 


* * C. R. Acad. Bci, Paris/ voL 190, p. 503 (1930). 
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Indices of Planes giving Emergent Reflection from (001) with Cu. Radiation. 

Axis of rotation [100]. 


001 

036 w 

: 103 v« 

m 

176 vvw 

235 vvw 

002 b 

037 vvw 

104 

126 w 


236 w 

003 

038 b 

lOOin 

127 s 

185 vw 

238 vs 

004 vr 

039 vw 

! m 

128 vw 




0330 w 

1 107 vft 

129 m 



m 


10S 

1210 


246 m 

000 a 

046 m 

| 109 A 


213 w 

247 vw 

007 

047 vw 

mo 

m 

214 b 

248 vw 

008 vw 

048 vw 


137 m 

215 vw 


009 

049 vvw 

204 m 

138 

216 m 

256 vw 

0010 ro 

0410 ft 

m 

139 m 

217 w 

257 vw 

oon 


206 vft 

mo 

218 VB 




207 


219 

266 a 


050 m 

208 vvw 





057 vvw 

209 

146 w 



014 s 

058 ft 


147 b 

224 « 


015 vw 

05V 


148 vvw 

225 w 


016 m 



149 h 

226 b 


017 w 




227 vw 


018 s 

006 8 

114 vw 


228 vw 


019 vvw 

067 

115 Vft 

156 

229 w 


0110 vvw 

068 vw 

116 vvw 

157 m 





117 w 

US 



025 vw 

076 w 

118 vw 

159 w 



026 vh 

077 w 

119 m 




027 vw 

085 vvw 

mo ww 

166 vvw 



028 vw 



167 b 



029 vw 



m 



0210 s 







The data of all the observations may be summarised as follows:— 

(a) General Planes .—The lattice is the simple orthorhombic lattice, but of 
the planes for which (A+i) was odd only a few gave spot intense enough to 
be classed as medium; the great majority were either very weak or absent. 

(b) Planes Parallel to One Axis.— If (h+l) is odd (hOl) is halved ; if k is 
odd (MO) is halved. The structure being in all probability holohedral, the 
space group may be taken to be Q,, 19 . In addition (hkO) was found to reflect 
Btrongly only when h was even. Planes (0 kl) showed no systematic weakening. 

(c) Planes Parallel to Two Axes. —It has already been soon (Section 2) that 
the odd orders of (001) and (0A0) were absent, in accordance with (6). The odd 
orders of (A00) up to and including (700) could not be found. 

(d) Rotation diagrams taken on [100], [010], [001], [110], [011] and [012] 
showed normal development of odd and even layer lines, but that on [101], 
reproduced in fig. 9 (Plate 12), showed first and third layer lines which were 
very weak compared with the seoond and fourth. The Laue diagram taken on 
[001] showed the planes of the zone [101] to be exceptionally strong. 




278 


F. D. Miles* 

A structure having the symmetry elements of Q h 18 can be built up of four 
equivalent PbCl 2 groups only if (i) each group contains one of the structural 
centres of symmetry, or if (ii) a plane of simple symmetry, in this case parallel 
to (100), passes through each group. The co-ordinates of the four equivalent 
positions derived on the assumption of (1) can be written, by adopting suitable 
axes: 000, £00, lij, 0JJ.* This set of points would represent the relative 
position of the lead atoms, but cannot correspond to the data for many reasons, 
chief of which may be placed the absence of any weakening of odd layer lines 
on the [100] rotation diagram, the general weakening of all planes (hid) when 
(h+l) is odd and the absence of any general weakening of the (OH) planes, 
(k+l) being odd. 

All four groups must therefore lie on the (100) plane of simple symmetry and 
the co-ordinates of the lead atoms may be written : O, u, v ; £ £ — tt, v ; 
£, w, v+j ; 0, «+£* £— 1 >. See also fig. 10. In this set the third and fourth 
points are derived from the first and second by the operation of the gliding 
plane of symmetry (010), the translation accompanying reflection being a/2 + 
c/2. The remarkable absence of any strong planes of any type for which 
(h~\~l) is odd, and the weakening of the odd layer lines on the [101] rotation 
diagram, coupled with the prominence of the [101] zone on the Laue diagram 
on [001], make it very probable that atoms (1) and (3) (or (2) and (4)) lie in 
the same (010) plane, and certain that they cannot be far from such a position. 
In other words u is probably zero, and certainly small. 

Estimations of the relative intensities of the reflections from axial spacing* 
were made from ground faces. Spots of nearly the same size and shape 
were obtained by using a small slit system such that the whole of the beam 
could be received on the face. For each series a scale was made on a piece of 
the same film by recording the strongest reflection for various times, or by 
using copper or aluminium screens of known absorption values. The two 
pieces of film were then developed together. The crystal was oscillated over 
3° in every case. 


Plane.| 

(200) 

(400) 

(000) 

(800) 

(020) 

(040) 

(060) 

(080) 

(002) 

(004) 

(006) 

(008) 

(0010) 

Relative 

Intensity/ 

100 

40 

10 

24 

i 

100 

47 

4 

4 

80 

100 

60 

0*4 

n 


The very feeble reflection from (008) suggests that the distance of atom (4) 

from atom (1) or of (2) from (3), measured along the [001] axis, must be 

* Wyokoff, “ The Analytical Expression of the Results of the Theory of Spaoe-Groups," 
1922. 
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(£ — 2tf)c } with £ — 2v « « 1/16,3/16, 5/16 or 7/16. It would be possible for 
the chlorine atoms to lie in such positions that the intensity of (008) was very 
small on their account alone, but reflections from other planes show that this 
cannot be the cause. The structure factor of four lead atoms which, since u is 
very small, may be taken to lie in pairs in the (010) and (020) planes, will be 
proportional to cos n (A + l)/2 cos tc (kf 2 + af). From the table it can be seen 
that not only the planes (0&8), but also the planes (hkS) in which A is even, 
reflect strongly when k is odd and feebly when k is even. If a has one of the 
suggested values these facts are accounted for. 

By calculating the expected intensities from the F values for lead and 
chlorine given in the literature,* the intensity being taken proportional to the 
square of the composite structure factor (properly corrected for angle), it may 
be shown that since (004) is appreciably stronger than (002), a cannot be either 
1/16 or 7/16, wherever the chlorine atoms may be. For either of the two 
remaining values of a the calculated intensities of the four lead atoms, neglect- 
ing the chlorines, were found to be as follows :— 


Plane. (002) (004) (006) (008) (0010) 

Calculated .... 76 100 80 0 55 

Found . 85 100 60 0*45 11 


By means of the planes (AOf) it is possible to decide between a = 3/16 and 
a = 5/16. Five of these were examined, a face being ground on a crystal 
parallel to each one. The order of intensity was found to be: (103) (very 
strong); (101); (107) and (109); (105) (weak). The value of ot must be 5/16, 
for if it were 3/16 the intensities would be almost in the reverse order. The 
calculated relative intensities for the lead atoms alone (a — 5/16) were found 
to be (103)-100, (101) -60, (107) -17, (109)-14, and (105) -2*0. Additional 
evidence can be drawn from the strength of (115), the weakness of (113), and 
the general correspondence of the intensities of the planes in the table with the 
values of the structure factor, in which a * 5/16. 

The only arrangement of lead atoms which corresponds to the data can 
therefore be given approximately by the set of co-ordinates 0, 0, v ; $, v ; 

0, </+$ ; 0, v, in which v = 3/32. From fig. 10 it can be seen that the 
arrangement has a strong resemblance to hexagonal close packing with [010] 
as principal axis, although, since the radius of the lead atoms is not likely 
to be greater than 1*2 A., it is impossible that any of them should touch each 

* James and Wood, * Proc. Roy. Soo,,* A, vol. 109, p, 607 (1926); Bragg, James and 
Boftaaquet, 4 Phil. Mag.,* vol 44, p, 488 (1922). 
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other. On account of the axial ratio cju being 2'0 instead of l - 73 as in a 
structure that Is really hexagonal, the distances of the atoms from each other 


tr JL-. 



Fxo. 10. 


vary considerably. These distances are : atom 1 to atom 1, 4-52 ; 1 to 3, 
5*05; 1 to 2, 4*75; 1 to 4, 4*74. 

On account of their large diameter (3*6 A.U.) the chlorine atoms will 
probably also lie in the (100) and (200) planes of symmetry. By trial it has 
been found possible to insert two sets of four chlorine atoms into the structure 
of lead atoms given, if the distance between the centres of two atoms of different 
kinds in contact does not exceed 2*7 A. From the data available for lead 
iodide and for chlorine and iodine atoms an interatomic distance of 2*8 A. 
might be expected for lead chloride. To determine the position of the chlorines 
would require, on account of the preponderance of the diffraction from lead, 
accurate intensity measurements from crystals larger than any it has so far 
been possible to grow. 


Summary. 

It is well known that etch-figures on the faces of a crystal may point to a 
symmetry lower than that usually ascribed to the crystal. The subject is 
reviewed and the probable dependence of the phenomenon on the asymmetric 
molecular configuration of the etching agent is discussed. 

(1) It is shown that lead chloride, which normally shows holohedral ortho¬ 
rhombic symmetry can, under certain specified conditions, be obtained from 
hot solutions containing dextrine in microscopic crystals consisting of a single 
form (a bisphenoid), which can have only axial symmetry. By reducing the 
concentration of dextrine this form can be gradually repressed. Lead bromide 
and mercuric bromide provide subsidiary examples of the same phenomenon ; 
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the modifications produced in three separate oases differ less widely from the 
normal than before, but are all incompatible with the accepted holohedry. 

(2) Normal crystals of lead chloride were grown and investigated by X-ray 
methods. A simple method is given for finding whether any given reflection 
will emerge from any crystal face. It was established that the structure 
contains two glide planes of symmetry. The symmetry is, therefore, in all 
probability holodedral The idea that crystal faces lying opposite to each 
other across a plane of symmetry may behave differently to an optically-active 
reagent is supported. The oases described appear to be the first to demonstrate 
that the presence of optically-active material may induce the growth of a 
hemihedral crystal of a substance, the normal symmetry of which is certainly 
higher. 

(3) The four lead atoms in the lead chloride structure all lie on the planes 
of simple symmetry (100) and (200), in an approximation to hexagonal close 
packing. Their co-ordinates are, very nearly :— 

0, 0 , v ; i, u. £, 0, v + 0, \ — v. 

v being 3/32. 

I am indebted to Messrs. Imperial Chemical Industries, Ltd., for permission 
to publish this paper, to Sir William Bragg for the encouraging interest he has 
taken in the work and the valuable criticisms he has made, and to Mrs. K. 
Lonsdale for her helpful comments on the last section of the paper. 


Effect of Chemical Combination on the X-ray Spectra of Copper . 

By Professor E. A. Owen, M.A., D.Sc., and T. E. Williams, FLD,, University 
College of North Wales, Bangor. 

(Communicated by Sir William Bragg, F.R.S.—Received February 26, 1931.) 

[Plate 13.] 

The effect of the chemical combination of an element upon its emission and 
absorption spectra has been the subject of many investigations by different 
authors.* The results lead to the conclusion that the X-ray spectrum of an 
element is not a purely atomic phenomenon ; it varies according to the state 
of chemical combination of the element. The effect appears to be more marked, 
and therefore more easily investigated, in the absorption than in the emission 
spectrum. Both spectra have, however, been examined and the effect in the 
K series measured for a number of the lighter elements from phosphorus to 
potassium ; more recently the work has been extended to heavier elements 
such as iron. 

The present investigation deals with the K series spectra of copper, and was 
undertaken mainly with a view to obtaining, if possible, further information 
as to the nature of the chemical bond existing between elements in inter- 
metallic compounds. 

It is generally accepted that the metallic elements are able to form compounds 
among themselves and many such compounds have been found to exist in 
alloy systems. Their existence is deduced from the form of equilibrium 
diagrams constructed from thermal, microscopic and other data* Further 
evidence is gained from a study of the physical properties of alloys, including 
density, hardness, thermal and electrical conductivity and magnetic sus¬ 
ceptibility. When there is no compound present in an alloy series, the physical 
properties of the alloys vary continuously, but the occurrence of discontinuities 
indicates, in general, the formation of a compound. 

Investigations carried out on inorganic compounds show that valency is 
an important factor in determining the displacement of the lines in the emission 
X-ray spectrum or the edge in the absorption spectrum of an element; and 
one striking feature of intermetalhc compounds is that they do not fall in with 

♦ See Siegbahn’s M Spectroscopy of X-rays,” and later papers by Siegbahn and bis 
oolleagues. 
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the generally accepted rules of valency. It would appear, therefore, that an 
investigation of the emission and absorption spectra of an element entering 
into a series of intermetallic compounds might lead to useful information regard¬ 
ing the nature of these compounds. 

The first part of the work included measurements on the K oc* a 2 doublet in 
the emission spectrum of copper in a number of intermetallic compounds, 
solid solutions and the two oxides of copper. The second part of the work was 
devoted to the study of the edges of absorption bands in several inorganic 
compounds and in a few typical intermetallic compounds and solid solutions 
of copper. 

Emission Spectra. 

In the investigation of the position of the K a x a 2 doublet of copper in various 
compounds, attention was paid not only to the actual position of the doublet 
but to the separation of the lines, since previous investigations have shown that 
in addition to the shift of lines in the spectrum, there may be observed a con¬ 
traction or a resolution of a doublet. 

The apparatus employed in the investigation consisted of a porcelain Shearer 
tube* operated by a Schall transformer capable of a continuous output of 30 m.a. 
at 100 K.V. The Muller camera used had been carefully calibrated although 
the method adopted in the actual measurements, as will be seen later, was, 
more or less, independent of the calibration. But owing to the fact that the 
method depended for its accuracy on the exact replacement of one target by 
another in the tube, it was important to know that the special targets made 
for the purpose of the experiment yielded results which were reliable. As a 
first step, it was therefore decided to examine the spectrum of an element— 
tantalum was actually chosen—which had been mounted on the target in the 
manner it was proposed to adopt with the compounds under investigation. 
If this experiment yielded results which satisfactorily corroborated well- 
established data obtained by other observers, the photographs taken in the 
actual experiment could be relied upon to supply accurate information. 

The (111) face of a well-formed carborundum crystal, which had been 
previously used for the determination of wave-lengths, was set up as reflector. 

Several attempts were made at constructing a suitable target to investigate 
the K lines of tantalum. The body of the target was of copper. As tantalum 
will not solder, other means of fixing it to the target had to be sought. In the 
first attempt a recess was made in the face of the target and the tantalum sheet 

* See Owen and Preston, * J. Sci. Instr,,’ vol. 4, p. 1 (1926). 
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inserted and kept in position by burring over the edge of the recess. The 
exciting potential for the K series spectrum of tantalum is about 67 K.V. 
When the tube was operated at this voltage excessive local heating took place 
causing the thin sheet of tantalum—the only specimen of the material available 
—to crumble and fall off the target; this caused the evolution of gaB and an 
unsteady discharge, with the result that the tube was rendered useless for 
the purpose. 

In the second method a number of holes were made with a hard point in 
the face of the copper target so that it resembled a rasp. Small pieces of the 
metal were then inserted in the holes and secured in position by hammering 
down the irregularities until the surface was again even. This was an improve¬ 
ment on the previous method, but still the tube was unsteady and became 
excessively hot when operated at the required voltage. The K spectral lines 
could be obtained, but they were too indistinct for accurate measurement. 
Attention was therefore diverted to the L series lines which should appear at 
an operating voltage of about 50 K.V. With a current of 10 to 12 m.a. at 
this voltage, the L series lines could readily be obtained, an exposure of about 
20 minutes being sufficient for the purpose. The K series lines of copper were 
also registered on the plate ; these Were used as reference lines, and their wave¬ 
lengths were assumed to have the following values:— 

= 1541-2 ; oq » 1537-4 ; » 1389-3 X.U. 

Taking the distance between the planes parallel to the (111) face of carborun¬ 
dum to be 2-49 A., the results shown in Table I were obtained, x being the 
distance from the line to the centre of the plate. The mean distance of the 
crystal to the plate, calculated from the position of the K series copper lines and 
a knowledge of their wave-lengths, was 3*863 cm. 


Table I. 


X. 

e . 

A. 

A (Siegbahn). 

Lino. 

cm. 

o t H 

X.U. 

X.U. 


2’782 

17 52 52 

1529-1 

1629*4 

T&. La* 

2 *755 

17 45 3 

1518-3 

1618*26 

Ta. La x 

2*626 

17 0 53 

1465-6 

1465*5 

To*. hn 

2*340 

15 33 21 

1342-5 

1342-2 

Ta. L& 

2-306 

15 24 47 

1323-6 

1323*64 

Ta. Lft 

2-262 

15 10 34 

1303-7 

1303-3 

Ta.Lfc, 

2-213 

14 54 21 

1281-1 

1281-0 

Ta. L ft 
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Siegbahn’g values of the wave-lengths are included in the table for com¬ 
parison ; the agreement between the two sets of figures shows that the above 
method of mounting the material on the target is capable of yielding accurate 
results, so that there is no reason to doubt that if a flat plate of the material 
were soldered on the target equally reliable results would be obtained. 

A separate target body, made of iron, was constructed for each specimen 
of intermetallic compound and solid solution, so that once mounted the speci¬ 
men could be used over and over again for checking purposes. In every case 
a thin sheet of the material, 1 mm. thick, was prepared; as in most cases the 
alloys were very hard and brittle, some difficulty was experienced in producing 
suitable sheets. To fix the material on the target, a groove about 1 mm. deep, 
with two undercut edges, was machined across the face and filled with solder. 
A plate of the material cut to size and shape, was introduced into the groove 
while the solder was hot, and when cold was ground down to the general 
level of the iron on both sides of the groove. To ensure efficient cooling the 
soldering process was carefully carried out; in some instances, a hole was, 
by accident, made right through the target in cutting the groove, in which 
case the water cooling of the target was as effective as it possibly could be. 
Care was taken that the face of each target inserted in the tube took up the 
same position relative to the window. The target was suitably marked to 
enable this to be done. 

To secure an accurate comparison between the Ka lines from pure copper 
and from copper in the materials under examination, it was arranged for both 
spectra to be registered on the same film. This was done in the following 
manner. The upper half of the film was covered with lead sheet about 1 mm. 
thick, and the Ka doublet from a copper target photographed on the lower 
half. The upper half of the film was uncovered and lead sheet placed over the 
already exposed lower half. A photograph of the doublet from the material 
mounted on an iron target was then taken on the upper half of the film. This 
procedure justified the use of films for this part of the work. 

The doublet was photographed in the third order spectrum from the (111) 
face of carborundum, the angle of reflection of the Ka t lino in this spectrum 
being approximately 67° 48'. The crystal was set at this angle and rotated 
through about 2'5° on either side of the setting. With all the materials 
examined, lines of sufficient intensity for accurate measurement were obtained 
with an exposure of from 5 to 10 minutes at 40 K.V. and 10 m.a. When 
longer exposures were made, fogging of the plates occurred owing to stray 
radiation, and the lines beoame broadened and ill-defined and were difficult 



286 


E. A. Owen and T. B. Williams. 


to measure with accuracy* The fogging was also as marked when al umin iu m 
was substituted for the lead shield covering half the film. For these reasons 
all the exposures were made as short as possible. 

The width of slit was 0 • 6 mm. The lines which appeared in the spectra were 
very fine (see fig. 1, Plate 13), and the position of each could be measured to 
within 0*02 mm. The distance between the lines of the doublet in the third 
order was 0*35 mm., which corresponded to a difference of about 23' in angle of 
reflection, since OKo^ ~~ 68° 48' and 0Ka 2 = 68° 11'. The wave-length 
difference of the doublet taking the values given in Siegbahn’s ‘ Spectroscopy 
of X-rays' is 3-86 X.U. Hence a difference of 0*01 mm. in the position of 
a line in this region of the plate is equivalent to a wave-length difference of 
about 0 *15 X.U. 

Two or three photographs of the CuKa lines from each intermetallic com¬ 
pound and alloy were taken and each was measured in two different settings, 
so that each final result is the mean of eight to twelve measurements. The 
distance between the Ka lines emitted from the copper target and that between 
the K« lines from the material were measured and the corresponding wave¬ 
lengths calculated. The separation of the doublet was also measured on both 
sides of the centre of the film for each spectrum, thus each film when measured 
in three different positions gave twelve distinct readings for the width of the 
doublet. 

The summary of the results obtained are included in Table II. 


Table II. 


Material. 

Wave-length of CuKa*. 

4# 

(separation of lines). 

From Cu. 

! From material. 

From Cu. 

From material. 

♦Cu,A* . 

X.U. 

X.V. 

mm. 

mm. 

3537 1 

1536-9 

0-34, 

0-35! 

Ou a &n .. ; 

1537'0 

1537-3 

0-35, 

0-34 7 

Ou,8b . ,J 

1637'6 

1637-4 

0-34* 

0 • 34* 

0u8n . 

1537-2 

1537*4 

0-34,1 

0*34, 

. 

CuZn (a -f j8) . 

1637-5 

1837-3 

0-34i 

0*34; 

1537-5 

1537-4 1 

0*34* 

0*36 0 

£0uZn («) . 

1637*2 

1537-1 

0- 84* 

0-34* 

Mean . 3. 

1537-3 

1537-2 

0-34, 

0-34, 


* Very brittle and found to fracture under-the action of the cathode beam, thus causing the 
tube to become unsteady. * 

t PwtimjJwiy brittle, small piece* of the material freely driven from target. 

^ ? wt fix ^ upe In tie tube for about 10 minutes its colour 

resembled that of the CuZn « phase. 
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Ail the materials investigated show but slight changes in the wave-length of 
the CuKoti line, changes which are within experimental error, so that it may 
be definitely concluded that there is no change in the wave-length of the Kjx x 
line of copper when the copper atom is present in the above materials. Like- 
wise the variations in the width of the CuKa 1 a a doublet are so small that they 
may be put down to experimental error. 

The two oxides of copper were subsequently studied. These were ground 
into fine powder and pressed well into scratches or small holes made on the 
face of an iron target. Every effort was made to get the powder into good 
contact with the target so as to avoid local heating and consequent decomposi¬ 
tion. With each of the compounds definite indication was obtained, however, 
that the oxide had been reduced to the metallic state during the exposure. 
This was the case, particularly with cuprous oxide, after short exposures of 
a few minutes. Ten photographs of each compound were taken with varying 
times of exposure, the cooling of the target being as vigorous as possible in 
each case. No photograph showed any broadening of the lines which seems to 
indicate that decomposition of the powder took place rapidly. The following 
results are the mean obtained from the 10 films taken with each compound. 


Table III. 


Material 

Wave-length of CuKa*. 

A*. 

From Cu. 

1 

From material. 

From Cu. 

From material. 

! 

X.U. 

X.U. 

mm. 

mm. 

CaO . 

1637-6 

1537-2 

0-34* 

0*34* 

Cu g O . 

1 

1537-1 

1536-9 

0»34 4 

0*34, 


There is no definite change in the wave-length corresponding to the copper 
line in these photographs. It is likely that any change that may occur is 
masked by the decomposition that takes place. A more definite statement 
can be made, however, regarding this after the absorption edges have been 
investigated ; in the latter case no discrepancies due to decomposition of the 
material examined are likely to arise. 

Absorption Spectra. 

Preparation of the Absorbing Screens ,—In obtaining the absorption spectrum 
of electrolytic copper the absorption screen was a piece of thin foil weighing 
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0*0073 gins, per square centimetre. It had been fotwd in the laboratory 
that there was no difference in the observed parameter of copper whether it 
was examined iu foil or in powder form. 

The other materials investigated were reduced to fine powder if they were 
not already in that form. Fine filings of the intermetallic compounds were 
usually produced and these were subsequently powdered further in a mortar. 
The powder was thoroughly mixed with a solution of celluloid in amyl acetate 
and the resulting preparation poured on to a glass plate and allowed to dry, 
The film thus formed was removed from the glass with a razor blade. By 
varying the amount of powder used, and controlling the area covered by the 
mixture, screens of any desired density could be made in this way. 

There is an optimum thickness of screen which gives the best contrast on 
the photographic plate. If (j^ and \i 2 are the absorption coefficients just above 
and just below the absorption edge respectively, the optimum thickness is 
given by (log p 2 — log |i x )/(p a — p t ). It is, however, essential that the 
absorbing screen should be uniform, otherwise it is difficult to obtain a well- 
defined edge ; for it is clear that a screen, the average thickness of which agrees 
with the value of the optimum thickness deduced from the above expression, 
but which has some parts thick and other parts with little or no absorbing 
material, will not give a good edge, because the radiation is directly transmitted 
through those parts where there is little or no absorber, and this will tend to 
mask the edge produced by the thicker parts of the screen. Thus the best 
screen for the purpose depends on uniformity rather than on average density. 

The screens were placed on the slit block system on the side nearer the window 
of the X-ray tube. When the screens were placed between the slit and the 
reflecting crystal, secondary radiation emitted by the screen caused undue 
blackening of the plate. 

For the production of “ white ” radiation, the X-ray tube was fitted with 
an iron target, into a recess on the surface of which a disc of platinum was 
soldered. 

To obtain a good absorption edge, the maximum of the curve showing the 
relation between the intensity and the wave-length of the radiation emitted 
by the tube should be at the wave-length corresponding to that of the absorption 
edge sought. For the copper K edge the maximum should correspond to the 
wave-length 1378 X.U., so that the limiting wave-length should be about 1034 
X.U. which corresponds to a voltage of 12 K.V. 

All the photographs of the CuK absorption edge were taken with a voltage 
a little over 12 K.V. applied to the tube. The tube seems well suited for this 
























land of work; when operated at 12 ILV.and 15 to 20 nna.it could be left for 


several hours without needing attention. It was also found to work for about 
8 hours daily for several weeks without requiring to be cleaned. When 
working under these conditions and when once the tube had attained a steady 
state, the required degree of vacuum could be maintained by the oil 
pump alone. 

In taking photographs of emission lines it is essential to have the tube in 
good focus, but with absorption edges this is not so important and very sharp 
edges can be obtained without a well-defined focal spot. If the focus is very 
bad, however, longer exposures are needed. 

The time of exposure depends upon the density of the absorbing screen. 
With copper foil the edge was obtained in about 4 hours, but with the inter- 
metallic compounds the time varied from about 5 hours for Cu,P to about 
8 hours for Cu 8 Sn. As several of the compounds were very hard and brittle 
it was difficult to obtain a fine powder; in these cases more material was 
required to produce a uniform screen, but variations, within limits, in the 
amount pf the material in the screen did not seem to have any effect on the 
appearance of the absorption edge, so long as the material was uniformly 
distributed. 

It is possible that the absorbing screens undergo a change under prolonged 
irradiation. To eliminate the possibility of a discrepancy on this account 
the soreens were moved so that the absorption took place in different parts 
of the screen during each consecutive hour. New screens were made for 
eaoh exposure. 

The absorption spectrum was registered on a straight plate (12 cm. X 2 cm.), 
wrapped in a sheet of thin black paper and inserted in the plate holder of the 


camera. 


The L series lines of platinum were used for reference lines. It happens that 
these lines are very conveniently situated on the plate to serve as reference 
lines; the La x and LI lines, having wave-lengths of 1310*1 and 1497*2 X.U. 
respectively, are situated one on either side of the CuK absorption edge which 
has a wave-length of about 1378 X.U. In view of the positions of these lines 
very accurate measurements of the wave-length of the edge can be made. 

In some previous investigations reference lines have been produced by piaoing 
chemical compounds on the target. This is open to serious objection, as the 
compounds may undergo chemical ohange with possible changes resulting in 
the positions of the reference lines. 


vot. CXXXII.— A. 


u 
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Measurement of (he Plates. 

The plates were measured with a Hilger travelling microscope, the readings 
of which could be estimated to 0*001 mm. The lines and edges were sharply 
defined and their positions could be measured to within O’01 mm. Each 
plate was carefully measured in ten different positions, the lines and edges 
being approached from two directions; the final result then represents a 
mean of 20 separate readings each of which differed from the mean by less 
than 0*02 mm. 

The wave-length of any line or absorption edge can readily be calculated if the 
separation of two lines of known wave-lengths is measured on the plate. If the 
distance from crystal to plate is s, and the separation of lines of wave-lengths 
X x and X 2 is l, then if x is the distance of the line of shortest wave-length from 
the point where the direct beam meets the plate, we have x/s = tan 20 x , and 
l/$ ~ (tan 20 a — tan 20 x ), where 0 X and 0 a are the angles of reflection. Hence 
we determine x and s which can be used to calculate the wave-length of the 
copper absorption edge. Each plate was separately calibrated in this way. 

The width of the slit was 0*08 mm., and the carborundum crystal was 
rotated between 14° and 18° with the direction of the X-ray beam. 

Before inserting the screen in the X-ray beam a photograph was taken of 
that part of the spectrum containing the CuK edge. When the screen was in 
position any additional detail found on the photographic plate was then known 
to have come from the screen. 

Results. 

The values of the wave-lengths corresponding to the reference lines Pt Lot* 
and Pt LI were respectively 1310*1 and 1497*2 X.U. The spacing of the (111) 
planes of carborundum was taken to be 2*490 A. Let us take as an example 
the copper edge obtained when using copper foil; suppose 0 X and 0 # are the 
glancing angles of PtLa x and PtL? respectively, then 0j = 15° 15' 8" and 
0 2 = 17° 29' 36". Hence we have xjs = 0*3892 and I/s *= 0*1110. The mean 
distance (I) between PtLa x and PtLI on the plates was 4*74 mm., so that 
s = 4*276 cm. and x = 2*519 cm. The distance of the Cu edge from the 
ttn e i® I mm.; hence the distance of the edge from the point where 
the direct beam meets the plate is 2*684 cm. If 0* is the glancing angle 
corresponding to the wave-length of the Cu edge, then tan 20, = 2*684/4*276, 
whence 0, « 16° 3' 23", so that X, = 1377*4 X.U. 

Table IV contains a summary of the results obtained in the above manner 
with different materials. 
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Table IV. 


Material. 

Time of 
oxposure. 

Wave-length 
of CuK edge. 

AX 

(separation of edge 
from the edge for pure 
copper). 

I 

Cu (foil) . 

hours 

4 

X.U. 

1377*4 

X.U. 

Cu,0 . 1 

6 

1377-3 

-0*1 

CuO . 1 

6 

1376-5 

—0*9 

Cu,P . 

5 

1377*5 

0*1 

Cu 9 Sn . 

8 

1377-3 

-0*1 

CuAL . 

6 

1377*4 

0*0 

Cu,Sb . 

8 

1377*3 

-0*1 

Ou s A# . 


1377*3 

—01 

CuZn (t) . 


1377*2 

—0*2 

C nZn (a /?). 

7 

1377*4 

0*0 




The results show that there is no difference between the position of the edge 
in pure copper and its position in cuprous oxide, the intermetallic compounds 
or the two solid solutions investigated. Cupric oxide is unique in that the 
edge corresponds to a wave-length of 1376-5 X.U. and is thus 0-9 X.U. shorter 
than the edge in pure copper, which lias a wave-length of 1377-4 X.U. 

Since the compound CuO was the only material hitherto examined, which 
showed a definite shift of the copper K edge, it was decided to extend the 
investigation to cover a number of inorganio compounds of oopper. Screens 
of these Bubstanoes, powdered, were prepared as already described and placed 
in the X-ray beam. The results obtained are collected in Table V. 


Table V. 


Suhstanoe, 

Time of 
exposure. 

Wave-length 
of CuK edge. 

AX 

(separation of edge 
from the edge for pure 

C« . 

hours 

4 

X.U. 

1377*4 

X.U. 

CuOl.•.. 1 

7 

1877-4 

±0*0 

Cu,0 . 

6 

1377*3 

-0*1 

cu&.:.... 

0 

1376*5 

-0*9 

CttSOa . 

7 

1376*3 

-1-1 

CuiNOaK. 

8 

1376*2 

-1-2 

CuCO* . 

8 

1376*1 

— 1*8 

CuCl # . 

8 

1376*5 

—0*9 




In all the cupric compounds there is a change of about 1 X.U. in the position 
of the edge, the edge having moved towards the shorter wave-lengths, but 
in the cuprous compounds no ohange is indicated. The ohange is quite definite 

u 2 
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and is well outside tho limits of experimental error. The actual photographs 
taken are shown in figs. 2 and 3 (Plate 13). The intermetallic compounds all 
behave like the cuprous salts—not a single one examined showed the shift 
in the absorption edge found in the cupric salts. 

Discussion of Results . 

The fact that the K absorption edge of copper is shifted in cupric oxide, 
whereas no indication of a shift was observed in the emission spectrum, seems 
to indicate that chemical changes take place rapidly in materials placed on the 
anticathode of an X-ray tube. Actually, the emission spectrum from copper 
in cuprous or cupric oxide examined in the earlier part of the work was not 
registered owing to the rapid reduction of the oxides under cathodic bombard¬ 
ment. In the particular tube employed the focus was good, and iron, which 
is a comparatively poor conductor, was used for the target; both of these 
factors would help to produce intense local heating of the compound resulting 
in its decomposition. This rapid decomposition of a salt placed on a target 
is a serious drawback to the examination of emission spectra by this method. 

The intermetallic compounds, however, were soldered to and therefore made 
good contact with the target which was vigorously cooled, thus making an 
appreciable rise of temperature unlikely. It may reasonably be expected that 
jn these circumstances the intermetallic compounds were not decomposed, 
and that actually the emission spectra of copper, in the states in which the 
copper existed in the compounds, were registered. If we may assume this, 
the information supplied by the emission spectra agrees with that supplied 
by the absorption spectra, namely, that the energy of the K electrons of the 
copper atom is not affected when the atom is held in combination with other 
metallic atoms as in intermetallic compounds. 

All the inorganic salts which were examined show that the X-ray line and 
absorption spectra of copper in free copper and in the cuprous salts are identical, 
whilst the absorption edge of copper in the cupric salts is shifted on the average 
by 1-1 X.U. (which corresponds to 7*1 volts) to a lower wave-length. The 
reason lor this is readily obtained from the consideration of the configuration 
of the copper atom. The electrons in the copper atom are located in the 
various orbits as follows :— 
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There is only one electron in the N group; this electron takes part in the 
formation of the cuprous compounds. Since copper may be divalent as in 
cupric oxide, another electron from the interior of the atom takes part in 
chemical combination. When this electron is removed a re-arrangement of 
the remaining electrons takes place, which causes a change in the energy of 
electrons in all the orbits, including those of the K group. Since the nucleus 
has now fewer electrons to hold, the intensity of the forces binding the electrons 
to the nucleus is increased. Thus the energy necessary to eject a K electron 
is increased, causing the K absorption edge to move to a shorter wave-length. 

Turning to the intermetallic compounds, it is found that the wave-length 
of the absorption edge is the same as in pure copper or in the inorganic cuprous 
compounds. This indicates that if a chemical bond exists between the elements 
in the intermetallic compounds considered, not more than one electron is 
supplied in each case by the copper atom ; if two electrons were involved as in 
inorganic cupric salts a shift in the absorption edge would be expected. Hence 
the chemical forces called into play in intermetallic compounds are not such 
as to cause the removal of an electron from the M group. 

The intermetallic compounds examined were chosen at random from a 
collection of specimens which had been submitted at some time or other to 
X-ray examination. They were typical compounds; for instance, Cu a Sb 
had a striking purple colour and was exceedingly brittle ; moreover, the 
actual specimen used to determine the absorption edge was found on analysis 
to possess a tetragonal structure.* Addition of more antimony revealed the 
same Cu 2 Sb structure with lines of antimony superposed. Similarly, CuAl a 
has been found to possess a definite structure and is a typical intermetallic 
compound. But there is some ground for stating, in the light of recent work, 
that some of the other materials examined are not intermetallic compounds, 
although they are generally regarded as such. 

It may happen that an intermetallic compound is in solution in or mixed 
with one of its constituents. If this were the case in any of the materials used 
here, the results would not be affected. Taking, for example, Cu 3 Sn, the atomic 
proportions may correspond to the formula Cu 8 Sn, but actually the material 
may be (CuSn ~f Cu) or (Cu 8 Sn + Cu). In either case we should expect to 
find two edges in the spectrum if the copper in the compound were in the cupric 
state—one due to the free copper and one at a shorter wave-length due to the 
copper in the compound. Similarly, if the compound CuSn were dissolved 
in or mixed with tin, the presence of the tin would not alter the copper spectrum 
* This will be published in a separate paper. 
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emitted by the copper in CuSn. So that if the formation of an intermetallio 
compound, either in solution or isolated, involved two copper electrons as in 
cupric oxide, it would be revealed by a shift in the absorption edge. We 
therefore conclude that whatever be the nature of the union between copper 
and other atoms in these intermetallio compounds, the binding foroes do not 
affect the energy of the K electrons of the copper atom as in the formation of 
inorganic cupric compounds. In other words, the copper atom in intermetallic 
compounds must be in the cuprous state; this distinguishes a compound 
from a solid solution in which the copper atom is in the free state. 

The above result is in agreement with the work of Padoa,* who concludes 
from the results of an experimental investigation of the form of combination 
under which intermetallic compounds are anodically dissolved, that in these 
compounds only secondary valencies are active. 

The result is also in agreement with the theory of the constitution of inter¬ 
metallic compounds suggested by Hume-Rothery.f The valency rules in 
ordinary chemical compounds are based on the fact that the whole of the 
available valency electrons may be used up and bound into stable configurations. 
Hume-Rothery assumes that in intermetallic compounds all the valency 
electrons are not used up, and that stable arrangements are possible under 
these conditions. The evidence now deduced from emission and absorption 
spectra that the copper atom loses or shares one and only one electron in inter¬ 
metallic compounds is in harmony with this view. 


Summary, 

The Ka x a 2 doublet of copper in copper and its oxides and in a number of 
intermetallic compounds and solid solutions has been investigated. In all 
cases there was no change found in the wave-length of the Koc* line, or in the 
separation of the lines in the doublet. It is pointed out that whereas these 
results are probably true for the intermetallic compounds and solid solutions, 
they do not hold for the oxides of copper owing to the decomposition that takes 
place when the latter are placed on the target of an X-ray tube. 

The positions of the K absorption edges of copper in the same substances 
together with a number of inorganic compounds of copper were determined. 
The edge in copper and in the cuprous salts corresponds to the wave-length 
1377*4 X.U. and was the same as that obtained with the intermetallic com- 

* * Gaza. Chimioa Italian*,* vol. 52, pp. 189-202 (1922). 
t * Inst. Metal*/ vol. 1, p, 295 (1926). 
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pounds and solid solutions. But in all the inorganic cupric salts the edge had 
moved towards the shorter wave-lengths ; the shift amounted on the average 
to 1 * 1 X.U., which corresponds to 7 * 1 volts. 

The bearing of the results on the constitution of intermetallic compounds is 
briefly discussed. 

We have much pleasure in recording our indebtedness and thanks to the 
Royal Society for a grant which enabled us to carry out the work. 


The Use of Thyratrom for High Speed Automatic Counting of 
Physical Phenomena . 

By C. E. Wynn-Wiultams, Ph.D,, Exhibition of 1851 Senior Student. 

(Communicated by Lord Rutherford, F.R.S.—Received March 31, 1931— 
Revised May 9, 1931.) 

Introduction. 

It is sometimes necessary to count physical events which are repeated very 
rapidly. An example of this occurs in problems connected with radio-activity, 
where it is desired to count the number of a-particles entering a collecting 
chamber. One method of doing this is to amplify (by means of thermionic 
valves) the minute ionisation currents produced in the chamber by single 
a-particles, and to pass the amplified currents—which take the form of impul¬ 
sive surges of about 10 milliamperes—through telephones, counting the 
** clicks ** by ear. For more rapid working, the currents are passed through 
an oscillograph, and a photographic record is obtained, which can be analysed 
at leisure after development. It is often neoessary, however, in addition to 
recording the particles rapidly, to know the result immediately, so that further 
observations may be made on points of special interest. In a recent paper* 
it has been shown that it is possible to use a mechanical relay and a counting 
meter (similar to a cyclometer) in conjunction with a valve amplifier for auto¬ 
matic numerical counting of a-partioles. Each 10 milliampere current surge 
(corresponding to a particle) passes through the relay windings and closes the 
contacts momentarily, thus completing a local circuit containing the counting 
meter. Such a method of counting, while extremely simple and convenient, 
♦ Wynn-Williams and Ward, 1 Proc. Roy. Soc., f A, vol. 181, p, 891 (1931). 
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suffers from one great drawback. However sensitive the relay and counting 
meter mechanism may be, a small but finite time is required by their armatures 
to move to and fro in the process of counting* If, therefore, a second particle 
arrives before the recording of the first has been completed, it will be missed. 
Thus, this simple method of counting is unsuitable when the counting speed is 
such that there is a probability of a second particle arriving within the recording 
period. While it is true that a probability correction could be applied, it is 
evidently preferable to endeavour to make the system record all particles, 
however rapidly they may arrive. 

In the present paper it will be shown how this defect may be overcome by 
the use of thyratron valves in place of mechanical relays. Such valves are 
employed in the present work as direct current relays, and can be regarded 
as having negligible inertia, and no moving parts. Further, they are much 
more certain in action than mechanical relays, and can control larger currents 
for operating counting meters than could be safely carried by the contacts of 
delicately adjusted mechanical relays. The principle underlying the circuits 
which are described in the paper is that the process of counting is shared by a 
group of inter-connected thyratrons, which automatically switch one another 
into operation as need arises, so that however rapidly particles are arriving, 
there is always a thyratron available for each particle. The switching process 
is entirely electrical , and, as it involves no mechanical operations of any kind, 
it can be made to function extremely rapidly. The auxiliary mechanical 
apparatus which may be employed ( e.g counting meter) is given an oppor¬ 
tunity of operating comparatively slowly, and is not necessarily the governing 
factor which imposes a limit to the counting speed. A suggestion is also made 
at the end of the paper as to the possibility of constructing a “ counting meter/* 
the dials of which consist entirely of thyratrons, and contain no moving parts 
of any description. 

While those methods are of special interest in research connected with the 
counting of a-particles, they should also be applicable to other problems where 
repeatable phenomena may have to be counted rapidly. In the descriptions 
that follow, the phenomenon which is being counted is referred to as a “ voltage 
impulse/* by which is meant a sharp positive rise of potential of a few volts, 
followed immediately by a rapid return to zero. When a-particles are being 
counted, such impulses can be obtained from the secondary winding of a 
transformer, through the primary of which are passed the 10 milliampere 
current impulses from the amplifier corresponding to the entry of a-particles 
into the counting chamber. 
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Action of a Thyratron . 

An account of the characteristics, mode of action, design, and numerous 
applications of thyratrons has been given in an article on the subject by Hull, 1 * 
in the 4 General Electrical Review.’ A brief description, however, is given 
below, which will suffice to make it clear how the circuits described in the 
present paper operate. 

For the present purpose, a thyratron can be regarded as a three-electrode 
valve containing the usual hot cathodef or filament, grid, and anode. Instead 
of the bulb being completely exhausted, however, it contains a trace of mercury 
vapour, or inert gas such as argon, at low pressure, which, when ionised, reduces 
the space-charge, A heavy anode current, or luminous arc, will pass between 
the cathode and anode, a current of half an ampere being passed by thyratrons 
of the type used for these experiments, accompanied by a potential drop across 
the valve of only about 15 volts. The arc can be prevented from striking, 
however, if the grid potential is less (i.e., more negative) than a certain critical 
negative value — e g . In this way, a small negative voltage on the grid can 
“hold back” a much larger positive voltage on the anode; the relation 
between the critical negative grid potential — e g and the positive anode potential 
+V a which it can control is linear; the ratio VJe g is termed the “ control 
ratio ” of the thyratron. 

If the grid be made very slightly more positive than the critical negative 
voltage—even for a time only of the order of micro-seconds—the anode current 
or arc immediately starts in the thyratron. A positive ion sheath immediately 
forms around the grid, which can then exert no further control over the arc. 
Once started, the arc thus continues independently of further grid potential 
changes until the anode circuit is broken for a fraction of a second (about 
liT* second or less will suffice), or until the potential drop across the thyratron 
is reduced or reversed by some means for a time long enough to allow the 
positive ions to diffuse to the walls. The arc being extinguished, the thyratron 
is “ reset ” to its original state. 

Thus, one might compare the thyratron with a very delicate inertialess 
mechanical relay, which can be “ tripped ” or “ locked ” by practically a 
negligible current of extremely short duration, and which, with the thyratrons 
used for these experiments, can control a current of about half an ampere at 
a potential of about 200 volts. It must be noted, however, that the field of 


* Hull, * Gen. Elec. Bov.,’ vol. 32, pp. 213 and 390 (1929). 
t Cold mercury pool cathodes are also employed in some thyratrons. 
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application of thyratrons is not limited to <e relay ” operations. Extensive 
use can be made of sucli valves in all branches of D.C. and A.C. work, and the 
paper by Hull illustrates numerous applications which are of interest to the 
physicist. 

Single Thyratron Counter . 

A single thyratron and a mechanical recording meter can be used for auto¬ 
matic counting. An arrangement similar to fig. 1 has been suggested by Hull* 
for counting voltage impulses, and the application of the method to the counting 
of oc-particles has been described by de Bruyne and Webster, f The thyratron 
is used as a simple relay. The output current of the amplifier is passed through 


fRtwOUTPl'T r ,c 
orAKPLIHFR r? 



the primary, P, of the transformer ; a-partioles entering the counting chamber 
thus give rise to voltage impulses which are applied to the grid of the thyratron. 
The grid potential of the latter is momentarily raised above the critical value 
(below which it is normally maintained by the battery B and grid leak GJ), 
and the arc is started, the anode current passing through the coil M of the 
counting meter. The armature A is attracted, causing the ratchet to move the 
indicating mechanism I one tooth on, and at the end of its travel the armature 
opens the contacts K, thus extinguishing the arc and resetting the thyratron. 
This method of counting is exceedingly simple and satisfactory in practice, 
and is very useful and convenient provided the counting speed is not too high. 


* Hull, ‘ Gen, Elec. Rev.,’ voi. 32, p. 397, fig. 39 (1029). 
t de Bruyne and Webster, ‘ Proo. Camb. Phil. Soc.,* vol, 27, p. 113 (1931). 
t In this particular arrangement, the grid condenser 0 and the leak G can be omitted 
if B is connected in series with the transformer secondary winding. For uniformity with 
other diagrams, however, the condenser and leak are included in the diagram. 





Thyratrons for High Speed Automatic Counting . 


299 


Multiple Thyratron Counter . 

In the above arrangement, the resetting is carried out mechanically by the 
meter. While this system has the advantages of certainty of operation, and 
groat l< power amplification, 5 * it is open to the same objection as a mechanical 
relay counting circuit, viz., that a second particle arriving during the process 
of recording will be missed. As the resulting limitation of the counting speed 
is imposed only by the mechanical apparatus, and as the times required to 
u strike ” and “ extinguish ” the thyratron arc may be regarded almost as 
infinitesimal, it occurred to the writer that the “ inertialess relay ” character¬ 
istic of the thyratron might be used to far greater advantage by means of special 
circuits. The principle of the method by which this can be effected is as follows. 
Several thyratrons, P, Q, R, S, T, are interconnected in such a way 
that the same voltage impulse is applied simultaneously to all their grids; 
only one thyratron, however (suppose Q) can respond (or arc) at a time. The 
arcing of Q immediately “ primes ” the next thyratron in the group (R) 
without mechanical aid so that a second impulse can, if necessary, be registered 
immediately by R, even before any mechanical counting device associated 
with Q has commenced to operate. Similarly, subsequent impulses are 
registered by S, T, and so on. The great advantage of such an arrange¬ 
ment is that the switching can be effected entirely electrically and independently 
of mecftanical relays , thus enabling high operating speeds to be attained. This 
is done simply by making the arc current of one thyratron alter the grid bias 
potential of the next in the group. The circuit used is shown in fig. 2. 


Potential* +• V 



P, Q, R, S, T are five thyratrons whose anodes are oonneoted to the positive 
pole of the high tension battery (at a potential of +V), and whose cathodes 
are connected through cathode resistances By, Rq, R a , etc., to the negative 
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pole of the battery, supposed to be at zero potential. For obvious reasons, 
the cathodes must be heated separately, as, for instance, from separate wind¬ 
ings on a transformer. Positive voltage impulses of magnitude +E from the 
secondary of the transformer are applied, through the condensers Cp, Cq, Cja, 
etc., to all the grids simultaneously. Negative grid bias is applied through the 
grid leaks G P , Gq, Gh, etc., by separate grid bias batteries Bq, B&, etc., the 
positive pole of the battery being connected, in each case, to a tapping point 
on the preceding cathode resistance. The value of the negative bias voltage 
applied is considerably in excess of that required to prevent the thyratrons 
from arcing, even when the maximum voltage surges of -j-E are applied to the 
grids , i.e the bias potential is more negative than — (E + critical voltage, e ff ), 
so that an impulse of +13 does not raise the grid potential above the critical 
arcing voltage, and no thyratron will strike an arc. 

Suppose, however, that by some means* an arc has already been started in 
one thyratron, Q. A cathode current will be flowing through Rq, and there 
will be a potential drop along the resistance. The positive pole of the bias 
battery B K , which was previously connected to a point at zero potential will 
now be at some positive potential Accordingly, the grid bias of thyratron 

R will be raised (made less negative) by an amount depending upon the position 
of the tapping point on the resistance. By suitably choosing this point, it 
can be so arranged that the new negative bias of R is only a little more negative 
than the critical bias necessary to prevent the arc from starting in R. The 
next voltage impulse applied to all grids, therefore, will raise the grid potential 
of thyratron R above the critical voltage, and cause the arc to strike in R. 
Thyratrons S and T, however, which are still heavily biased (negatively), 
will not be affected. In turn, the establishment of the cathode current through 
Ra lowers the negative bias on the grid of thyratron S, thus priming it so that 
it will be the next thyratron to respond to another voltage impulse, and so on 
throughout the whole chain of thyratrons. Thus, successive voltage impulses 
cause », P, Q, R, S, T, - to arc in turn, and the number of impulses recorded 
can be counted by noting which thyratron in the chain was the last to arc. 

Extinction of Arc , or Resetting .—It is evident that with this arrangement 
as it stands, an extremely large number of thyratrons would be required, for 
those in which the arc has already struck play no further part in the counting 
process. By a simple arrangement, however, all but one—the last one to arc— 
may be extinguished, and so be u reset ” for further use. This extinction or 
resetting can be carried out quite easily by mechanical relays, as shown in 
* Such as momentarily earthing the grid of thyratron Q. 
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fig, 3, In series with each anode is the magnet winding Mp, M#, Mr, etc., of 
a relay, which, when excited opens contacts K?, Kr, K Q , etc., in series with the 



anode circuit of the preceding thyratron and extinguishes its arc. Thus, when 
thyratron R arcs, the relay Mr opens the contacts K Q and breaks the circuit 
of Q for as long as the arc persists in R, and so extinguishes the arc in Q. In 
turn, the arc in R is extinguished by the striking of the arc in S, and so on. 
It must be clearly understood that the mechanical relay Mr is used only for 
extinguishing or resetting thyratron Q, and that its inertia does not affect the 
time which must elapse before the next thyratron S is ready to record a voltage 
impulse. The priming of S depends upon the alteration of its grid bias potential, 
which, in turn is governed by the rate of formation of the arc in thyratron R. 
The self-inductance of the relay winding will retard the establishment of the 
full arc current slightly, but by suitably ehosing the values of the inductance 
and the cathode resistances this lag can be made small. 

Prevention of Double Arcs .—The priming of 8 must not be simultaneous with 
the commencement of the arc in R, otherwise, if the voltage impulse which 
caused R to arc has not died to zero, S may also be caused to arc. Thus, a 
single voltage impulse might cause two or more thyratrons to arc simul¬ 
taneously. To obviate this, a slight lag, such as is introduced by the relay 
self-inductance, is arranged to occur between the commencement of the arc in 
one thyratron and the priming of the next. This lag, however, need only be 
very small if the voltage impulse dies away rapidly, and can be made far 
smaller than the lags associated with the simple counting arrangement of 
fig. L 

Closed Ring Arrangement .—Instead of using a long chain of thyratrons, a 
closed ring arrangement can be employed by coupling the first and last 
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thyratrons together as shown in broken lines in fig. 3. When thyratron T is 
operated thyratron P is primed, and when P is operated, T is extinguished. 
In this way, successive voltage impulses cause the thyratron# to arc in the 
order - P, Q, K, 8 , T, P, Q, R, S, T, P, If, therefore, a counting 

mechanism be associated with any one thyratron, #ay P, every fifth impulse 
will be recorded. While the meter is still in the process of recording, four more 
impulses may be recorded by thyratrons Q, R, 8, T (which need have no meters). 
There is no need to restrict the number of thyratrons in the ring to five ; any 
convenient number may be employed greater than two, depending upon the 
desired maximum counting speed. Rings of three and four thyratron# have 
been tried out experimentally, and found to operate in the predicted manner. 

Substitution of Condensers for Mechanical Relays .—The necessity of using 
so many mechanical relays for extinguishing the arcs is a slight disadvantage. 
Another method, which is described by Hull, may be used for resetting the 
thyratrons. This consists of suddenly connecting a suitably charged con¬ 
denser across the anode and cathode of the thyratron. As stated by Hull, 
this switching can be carried out by means of another thyratron, i.e., entirely 
electrically. A counting ring employing this method of resetting is illustrated 
in fig. 4. 

Disregarding, for the present, thyratron X and its associated connections, 


n>t*tauu~+v 



the only difference between this circuit and that of fig. 3 is that condensers 
Kpq, Kqr, Krb, etc., link the various cathodes together, and the relays are 
omitted from the anode circuits. The priming operations take place exactly 
as before. Assuming, for the sake of argument, that thyratron Q is in operation, 
the extinction process is carried out as follows. 

The cathodes of all thyratrons except Q are at xero potential; that of Q, 


AHiUVffXH 
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in which there m an arc, is at some potential +t>, about 15 volte below the 
anode potential +V, Accordingly, a potential difference of v volts is set up 
across each of the two condensers connected to the cathode of Q. When a 
voltage impulse causes thyratron H to arc, its cathode potential will suddenly 
rise from zero to +v. A positive potential surge will therefore be trans¬ 
mitted by each of the two condensers connected to the cathode of R, which 
will have the effect of momentarily raising (positively) the potentials of the 
cathodes of thyratrons Q and 8 above their previous values, viz., + v in the 
case of thyratron Q, and zero in the case of thyratron S. Thus, the potential 
drop between the anode and cathode of thyratron Q is momentarily lowered 
below the normal value of (V — v) or 15 volts, and, provided the capacity of 
the condenser Kqr is large enough, the arc in Q is extinguished.* 

The momentary raising of the potential of the cathode of thyratron S from 
zero to + v has the effect of rendering this thyratron incapable of arcing for a 
short period, so that the same voltage impulse will not cause both R and S 
to arc simultaneously. In a circuit of this kind, therefore, there may be no 
need to include a self-inductance in the anode lead in order to introduce a lag 
to prevent the formation of double arcs, as already described. Circuits of 
the type illustrated in fig. 4 have been tried out experimentally with two, three 
and four thyratrons, and have been found to operate as predicted, without 
the need of self-inductances. 

Special Case of a Two-thyralron Ring.— -When the number of thyratrons in 
a ring of the type shown in fig. 4 is reduced to two (Fig. 5a) it is found, both 
theoretically and experimentally, that the crossed-over grid leak and bias 
battery connections to the cathode resistances are unnecessary. A circuit of 
the type shown in fig. 5 b behaves similarly to one of the type illustrated in 
fig. 5 a, which is a two-thyratron ring employing a condenser for resetting. 

* A numerical example in the case of the two-thyratron ring (fig. 5 a) will serve to 
illustrate the principle of the process of extinction. Assume that there is an are in P, 
and that V «*> + 70 volts, (V — v) =» 4*15 volts, and v a +55 volts. When the arc 
strikes in Q. its oathode potential suddenly rises from 0 to +v. The potential surge 
transmitted by momentarily raises the cathode potential of P from + v to + 2e. 
The anode-oathode potential drop in P is thus changed from (V — v) +15 volts to 
(V — 2t?) ■* —40 volts. The cathode potential of P then falls exponentially with time 
constant 1/RK as Kpq is discharged through Rp, and, provided the anode-cathode 
potential drop is maintained below +15 volts sufficiently long to allow positive ions to 
diffuse to the walls, the arc is extinguished. A similar sequence of events occurs in the 
extinction process in multiple thyratron rings. The magnitudes and durations of the 
potential surges, however, are modified by the presence of the additional condensers 
and oathode resistances. 
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Assuming that there is an arc in thyratron P initially, a voltage impulse applied 
to both grids causes the arc to strike in Q, and the arc in P is extinguished as 

That. BATTERY* 



described before. As there is only one thyratron (either P or Q) ready to 
receive a voltage impulse, no priming arrangement is needed. The same 
voltage impulse will not cause both thyratrons to arc simultaneously if there 
is initially an arc in one of them. It will be observed that there is no essential 
diSerence between the circuit of fig. 5 b and that of fig. 5c, in which the resis¬ 
tances R P and Rq are moved from the cathode leads to the anode leads. This 
circuit (fig. 5c) is of the same type as one which has been described in Hull's 
paper*. 

Contiection of Counting Meter .—In a circuit of the type shown in fig. 3, one 
of the relay armatures may be made to operate the counting mechanism. 
Alternatively, an extra pair of contacts may be fitted to one relay to close a 
local circuit containing the mechanical counting meter. In the case of circuits 
employing condensers for resetting (fig. 4) the introduction of the meter is not 
so simple. For if the symmetry of the system is disturbed by, say, including 
a relay or meter in series with one anode lead, the ring may become erratic 
in behaviour. A simple and satisfactory way of overcoming this difficulty is, 
however, available. This is illustrated in fig. 4, where an auxiliary thyratron 
(X) and meter circuit of the type shown in fig. 1 are employed. This is con¬ 
nected with thyratron T in such a manner that both P and X are primed 
simultaneously by the arc in thyratron T. The next voltage impulse causes 
both P and X to arc; the meter is then operated, and automatically extin- 

* Fig. 41, p.taa, Joe. eU. 
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guishes the are in X independently of what may be happening in the other 
five thyratrons P, Q, R, S, T, which may go on counting other impulses, until 
P and X are again simultaneously operated by a “ fifth >s impulse. 

Practical Tests. 

All the circuits described in figs. 1, 2, 3, 4 and 5 have been tried out experi¬ 
mentally, to verify that they are practicable. At the time the experiments 
were carried out, the writer had access only to thyratrons of the directly 
heated type ( i.e hot filament cathode), rated to operate at a filament current 
of 7 amperes at 2 volts, D.C. or A.C., and having a control ratio of about 100. 
The anode-cathode voltage drop was about 15 volts, and the maximum per¬ 
missible arc current, about 0*7 ampere. 

As the circuits necessitated the use of separately heated cathodes, several 
separate 2-volt windings were jjut on a transformer, and the cathodes heated 
from alternating current. When the centre point of each winding is used as 
the cathode terminal (to which the cathode resistance is connected) the critical 
grid potential has a periodic variation of 0 — V‘2 volts at double the supply 
frequency, due to the voltage drop along the filament. While this may be of 
no consequence in many thyratron arrangements where the grid potential 
changes are not more rapid than the supply frequency, its effect may be 
important when sharp impulsive voltages are applied to the grid at irregular 
intervals, as the magnitude of the impulse necessary to cause the thyratron 
to arc clearly depends upon what moment it is applied with respect to the A.C. 
cycle. In such cases, direct current from separate accumulators might have 
to be used for heating the cathodes ; alternatively, if A.C. is used for heating, 
indirectly heated cathode thyratrons might be employed. For convenience, 
however, the present experiments, being more in the nature of qualitative 
testa, were carried out with cathodes heated by alternating current, and the 
uncertainty introduced, while realised, was ignored. 

The cathode resistances consisted of 400 ohm potentiometers; the bias 
batteries, 30 volt dry cell batteries ; the grid leaks, 100,000 ohm wire wound 
resistances; the grid condensers, 0*01 jxfd. mica condensers. The counting 
meter* was^ an electrically operated numerical counter such as is used in tele¬ 
phone exchanges for recording the number of calls, and which was suitably 
modified for fast counting, and fitted with a “ break ” contact, 

* Described as a “ Message Recorder, type 4007 J,” made by the Standard Telephono 
and Cable Company. 
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The anode current was obtained from a wireless high tension accumulator 
to ensure steadiness. 

No mention need be made of trials of the circuits of fig. 1 and fig. 2 ; the 
former has already been used and described by other workers, while the latter 
represents the simplified “ chain ” arrangement of thyratrons, from which the 
more useful “ ring ” circuits of figs. 3, 4 and 5 were developed. 

The relay arrangement of fig. 3 was tried with rings of three and four thyra¬ 
trons. The relays* employed were of the standard type used in telephone 
exchanges, and were not specially designed for the present purpose. In both 
cases (i.e., with three and with four thyratrons) the circuit was found to behave 
as predicted. It was found, however, that the relay arrangement of fig. 3, 
in its simplest form, had one slight disadvantage, which, fortunately, is easily 
cured. Suppose (fig. 3) there is an arc in one thyratron, Q, and two voltage 
impulses are given in rapid succession, so that thyratrons R and S are made to 
arc. Owing to slight differences in construction, it is possible that the armature 
of relay Mu (in the anode circuit of R) may be rather slower in breaking the 
contact Kq than the armature of relay (in the anode circuit of S) in breaking 
the contact Kr. Consequently, the arc in thyratron R may be extinguished by 
the opening of Kr before relay Mr lias had time to open contacts Kq and to 
extinguish the arc in thyratron Q. Thus, the arc in Q continues while other 
thyratrons in the ring continue counting, until, eventually, the ring stops 
counting. It is a simple matter, however, to guard against this, by employing 
a second pair of “ make ” contacts on each of the relays (not shown in the 
figure in order to avoid confusion), which are connected in parallel with the 
" break ” contacts of the next relay but one in the ring. In this way, for 
example, the anode circuit of thyratron R cannot be interrupted by the opening 
of the “ break ” contacts Kr of relay M s , unless also the “ make M contacts 
(connected in parallel with Kr) of relay Mq are open, i.e., thyratron R cannot 
be reset by the arcing of thyratron S until the arc in thyratron Q has been 
extinguished by thyratron R. 

The alternative method of resetting, using condensers (shown in figs. 4 and 
5) has been tried for rings of two, three and four thyratrons. Condensers of 
two micro-farad capacity were used for K PQ , Kqr, K es , etc., the values of other 
components being as before. With smaller condensers, the extinguishing was 
uncertain. As before, the ring was found to operate satisfactorily with all 
the arrangements tried. Of the two methods, the one employing relays was 
found to be a little easier to adjust initially. 

* Described as Relay type 4030 A, made by the Standard Telephone and Cable Company. 



307 


Thyratrons for High Speed Automatic Counting . 

In all the trials, the adjustment of the bias voltage and tapping on the cathode 
resistance was carried out as follows. From the previously determined control- 
ratio curve of each of the thyratrons, the critical grid potential for the anode 
voltage used was read off. Calling this —e g> and assuming a voltage impulse 
of +E to be available for operating the thyratrons, a negative bias of about 
~~(e 0 + 2E) was applied by the bias battery. The slider on the cathode resis¬ 
tance, through which was passing the cathode current of the preceding thyratron 
was then moved until the grid potential rose to within a volt, or half a volt, 
of the critical grid potential, so that an impulse of about 1£ volts would cause 
the thyratron to arc. This procedure was carried out for each of the thyratrons 
in turn. The anode potential and grid bias voltages usually employed were 
about 70 and 30 respectively. In both types of circuit it was found necessary 
to shunt all contacts on relays or meters by small condensers (not shown) in 
order to reduce sparking, otherwise surges induced in the circuit caused pre¬ 
mature operation. 

Timing Tests .—Some rough timing tests showed the “ resolution ” (i.e., 
the smallest interval of time by which two impulses could be separated and 
still be separately recorded) of the relay ring (fig. 3) was between l/100th 
and l/200th second, while that of the condenser ring (such as figs. 4 and 5) 
was of the order of 1/600th to 1/700th second. As the voltage impulse itself 
had a duration of the order of 1 /2000th to 1 /1000th second, and no high 
accuracy was aimed at in this test, the times must be regarded as being 
approximate only, and as indicating roughly the order of magnitude of the 
resolution obtainable. It is interesting to note, for comparison, that the time 
constant (L/R) for the anode circuit of the relay system used was about 1/250th 
second, while that of the condenser arrangement (1/RK) was of the order of 
1/1000th second. It might be possible to improve the resolution by using 
components having lower time constants, and using sharper voltage 
impulses. 

It must be realised that the practical tests described here were not intended 
to be in the nature of exhaustive trials as to the best operating conditions. 
They served merely to show whether the circuits devised were practical 
possibilities, and if not, what modifications were necessary to make them operate 
successfully. Further, they indicated sets of values of components and experi¬ 
mental conditions for which the circuits were found to function correctly, 
and which would be useful data in designing counting rings for any particular 
purpose. 

Factors Determining Maximum Speed of Operation .—In a “chain” of 

x 2 
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thyratrons (fig. 2) the limit of counting speed is governed simply by the 
rapidity of the priming operation. In a “ ring,” however, such as fig, 3, the 
maximum counting speed is governed by the total time of pruning and re¬ 
setting, since it is necessary to “ clear ” the ring (by resetting thyratrons) 
at least as rapidly as impulses arrive, in order to ensure that a thyratron will 
always be available to register the next impulse. Further, for maximum 
efficiency, the auxiliary mechanical meter must carry out its mechanical 
operation well within the minimum time required for a complete “ cycle ” of 
the ring, otherwise the counting speed will also be modified by the time of 
operation of the meter. As suggested later, however, for high counting 
speeds, a mechanical meter might be replaced by a multiple thyratron ring 
arrangement. 

Counting of Impulses of Various Magnitudes .—The action of a thyratron 
is of the “ trigger ” type. If, therefore, voltage impulses of various magnitudes 
are applied to its grid, as occurs in a-particle counting, whether a given impulse 
will be recorded or not depends upon whether it exceeds a given value. With a 
circuit of the type shown in fig. 1, the cut-off is quite sharp. When a “ ring ” 
is employed, however, and a sharp cut-off is desired, it is better to arrange the 
cut-off independently of the ring, and not to depend upon all thyratrons being 
tripped by equal voltage impulses. For this purpose a biased diode rectifier, 
followed if necessary by a single stage of valve amplification, will make the 
cut-off quite sharp. By altering the bias on the rectifier, it is possible, very 
conveniently, to vary the cut-off level within wide limits. 

Suggested Non-mechanical u Meter” Using Multiple Thyratron Rings. 

It might be possible, by using two or more rings simultaneously, to dispense 
with mechanical meters altogether, thus raising the counting speed. Suppose, 
for simplicity, there are two rings, one containing four thyratrons, A, B, C, D, 
and the other three, P, Q, R. Assuming that the voltage impulses are applied 
simultaneously to both rings, one thyratron in each ring will be operated by 
each impulse. Thus, 13 successive impulses will cause thyratrons in the first 
ring to arc in the order ABCD ABC!) A BCD A, and in the second, P Q R 
PQR PQR PQR P. The two rings therefore “ come into phase ” at every 
twelfth impulse. Similarly, rings of 9 and 11 thyratrons would come into 
phase at every 99th impulse. The number of impulses recorded (between 
0 and 99) would be determined simply by the “ phase difference ” between the 
two rings at any moment. 

In another suggested multiple ring method, suppose that in each of two rings 
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there are, say, three thyratrons, A, B, C and P, Q, R, and that the voltage impulses 
are applied only to one ring, A, B, C. By means of some suitable coupling,* a 
single impulse is applied to the ring P, Q, R whenever thyratron C operate®, 
bo that the order of operation for successive impulses is :—A B (C + P), 
A B (C + Q), A B (C + R)< A, etc. In this way the second ring counts complete 
“ revolutions ” or cycles of the first. A third ring could be added to record 
revolutions of the second, and so on. Thus, a “ meter ” could be constructed, 
capable of operating extremely rapidly, and whose “ dial ” contained no 
moving parts, but consisted entirely of thyratrons. The “ scale of notation ” 
would depend upon the number of thyratrons available, and upon the desired 
counting speeds. 

Neither of these suggestions have been tried experimentally. They are 
put forward as modifications of the single ring method of counting, whereby 
aU mechanical apparatus might be entirely eliminated if necessary in order to 
attain very high counting speeds. 


Summary. 

In the present paper, several circuits are described whereby thyratron valves 
can be used for very high speed automatic counting of voltage impulses set 
up by physical phenomena which it is desired to record. An instance of this 
occurs in the automatic counting of oc-particles. While the ultimate mechanical 
counting is carried out by means of a comparatively slowly operating mechanism, 
the circuits employed are such that the counting speed can be made inde¬ 
pendent of, and greater than, that of the counting mechanism. This is done 
by distributing the task of counting among a number of thyratrons inter¬ 
connected in such a way that there is always a thyratron available for recording 
an impulse, however rapidly impulses follow one another. 

The circuits have been tested experimentally, and found to operate as 
predicted. Two impulses separated by as little as l/500th second could be 
separately recorded by the system. Data is given concerning the experi¬ 
mental conditions, which should be useful in designing counting systems for 
any particular purpose. 

A suggestion is also made as to how a high-speed “ meter ” might be con¬ 
structed, whose " dials ” consisted only of thyratrons, and contained no 
moving parts of any description. 

* Such as a triode, whose grid is coupled with that thyratron C, and so biased as to “ pass 
on ” an impulse to ring PQB when thyratron C arcs, but not when A and B are. 
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The Spectrum, of the Flame of Carbon Disulphide. 
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(Received May 14, 1931.) 

[Plates 14, 15.] 

Introductory . 

The present investigation of the spectrum of the flame of carbon disulphide 
was undertaken in the hope that further light might be thrown on the process 
of combustion of this substance. Extensive experiments have been made 
in the past, chiefly relating to explosions of mixtures of carbon disulphide and 
other gases, but a perusal of the literature suggests that the nature of the 
reactions which take place in such experiments, or in the ordinary flame itself, 
is still somewhat obscure.* 

In connection with such experiments as have been made by chemists, the 
only reference to observations with the spectroscope seems to be that made by 
Dixon and Russell,! who stated that when CS 3 was burnt in a SmithelTs flame 
separator, an apparently continuous spectrum was yielded by both the inner 
and outer cones. On the other hand, the spectrum of the CS 8 flame has been 
described by several spectroscopists, but the records have been incomplete 
and further observations seemed to be desirable. In particular, observations 
over a greater range of spectrum seemed to be necessary, as well as more exact 
measurements of the bands already known to be omitted. With such extended 
observations it appeared possible that our present knowledge of the band spectra 
associated with molecules of sulphur and carbon, and some of their compounds, 

• Bone and Townend, “ Flame and Combustion in Gases,” chap. 33 (1927). 
f 4 J. Chem. Soc./ vol. 75, p. 600 (1899). 
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might aid in tracing the reactions which precede the formation of the final 
products of combustion. 

The earlier observations have been summarised in Kayser’s ‘ Handbuch * * * § 
(vol. 6, p. 419, 1912). The spectrum of burning sulphur is there described 
as continuous, an increase in the supply of oxygen resulting in the appearance 
of a number of bands, apparently identical with those observed by Hartley, 
and by Eder and Valenta, when sulphur was burnt in the oxy-coal-gas flame, 
and by H. W. Vogel in a flame of mixed carbon disulphide and nitric oxide. 
Eder and Valenta* gave the wave-lengths of these bands as 4653, 4610, 4565, 
4525, 4485, 4433, 4193, 4160, 4080, 4044, 3938, 3833. These were at first con¬ 
sidered to be identical with bands which appear in the vacuum tube spectrum of 
sulphur, but it was afterwards recognised that there were important differences. 

It had also been discovered that the same spectrum of bands was given by 
sulphur, carbon disulphide, and sulphuretted hydrogen, whether burning 
singly in air, or mixed with hydrogen, oxygen or nitric oxide. It should be 
noted, however, that the observations in question were restricted to the blue 
and violet parts of the spectrum. 

Observations of the CS 2 flame in the infra-red by Ooblentzf revealed an 
emission band at 7*45 p, which was identical in position with an absorption 
band of sulphur dioxide ; while less intense bands at 2*7 p and 4*35 p were 
found to correspond with emission bands of carbon dioxide, arising, in part-, 
from the combustion of the lamp wick. 

In the course of their observations of substances excited by active nitrogen 
StruttJ and Fowler§ found that while the spectrum of sulphur vapour excited 
in this way appeared to have nothing in common with that of sulphur in a 
vacuum tube, it was closely related to that of the flame of carbon disulphide 
burning in air. The flame, however, gave a much stronger continuous 
spectrum than the active nitrogen source, and bands of the latter more 
refrangible than X 3400 were much less developed in the flame. The chief 
bands of the CS a flame were placed by Strutt and Fowler at about XX 4480, 
4440, 4310, 4275, 4200, 4160, 4080, 4050, 3940, 3835, 3740, 3680, 3645, 3590, 
3557, 3500, 3420 and 3370, in general agreement with Eder and Valenta in 
the region common to the two sets of observations. The origin of the flame 
bands was not then determined, but their occurrence in the flames of sulphur 

* * Atla* Typischer Spektren,’ p. 20 (1911). 

f 'Phy*. Rev.,’ vol. 24, p. 72 (J907), 

X Now Lord Rayleigh, 

§ • Proc. Roy. Soc.,’ A, voL 86, p. Ill (3912). 
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and sulphuretted hydrogen might have been taken as an indication that 
carbon was not involved in their production. 

The numerous experiments which have been made in the course of the 
present investigation have led to the conclusion that the characteristic flame 
bands mentioned above are due to molecular sulphur, S s . Many of the bands 
which have boon found in the ultra-violet are also due to S 2> while fainter 
bands in this region are to bo attributed to sulphur monoxide, SO. Sulphur 
dioxide reveals its presence in some of the experiments by strong absorption 
bands in the ultra-violet. The spectrum of the “ phosphorescent flame ” 
of C$ 2 has been found to include bands of sulphur, sulphur monoxide, and 
carbon monosulphide. 

Reference Spectra. 

It will facilitate description and interpretation of the various observations 
if reference be made first to the spectra with which comparisons have been 
necessary. 

The Vacuum Tube Spectrum of Sulphur. —The vacuum tube spectrum of 
sulphur consists of a succession of fairly close bands, fading towards the red, 
and extends from the red to about X 2829, at which point it usually terminates 
somewhat abruptly. An excellent photograph, taken with a 1-metre grating, 
has been given by Hagenbach and Konen,* and a list of corresponding wave¬ 
lengths by Konen is given in Kayser’a * Handbuch,’ vol. 6, p. 421 (1912). 
Photographs with moderate and large dispersion, over the range X4800 to 
X 3300, showing a large amount of detail, have also been published by Eder 
and Valenta,t who have tabulated a very large number of the component 
band lines. For convenience of reference, photographs of the vacuum tube 
spectrum with an uncondensed discharge, are reproduced in Plate 15, a 
and 6. It will be seen that the spectrum may be divided into three parts 

(1) Red to about X 4700 ; bands nearly evenly spaced. 

(2) X 4700 to X 3000 ; more complex band groups. 

(3) X 3000 to X 2829 ; evenly spaced bands. 

Absorption Spectrum of Sulphur Vapour. —The absorption speotrum of 
sulphur vapour has been studied by several observers. J. I. GraharaJ observed 
two groups of bands, which he distinguished as the A and B groups, extending 
respectively from X 4775 to X 3985 and X 3415 to X 2620. Bands of group A 

* * Atlas of Emiaaion Spectra,* Plates 25 and 26 (1905). 
t * Denks. Wien. Akad.,* voL 67, p. 97 (1898). 
t 1 Proo. Roy. 8oc.,* A, vol. 84, p, 311 (1910). 
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were attributed by Graham to the molecule S 8 and those of group B to the 
molecule S 2 » but it now appears that this interpretation is incorrect, all the 
bands being assignable to 8 r 

Observations of the absorption bands of sulphur vapour at different tempera¬ 
tures have also been recorded by Dobbie and Fox,* but their results do not 
appear to have any immediate bearing upon the present investigation. 

More detailed observations of the absorption of the vapour, in a tube 5 cm. 
in length, at temperatures ranging from 100 to 1000° C., were afterwards made 
by Henri and Teves.f According to these observers, at pressures less than 
10 mm. and temperatures below 250° 0., the vapour consists of S 8 and S e 
molecules, giving only continuous absorption, while above 250° S 3 appears 
with increasing proportion as the temperature is raised and yields a large 
number of bands. At a pressure of 0*05 mm., the bands extended from 
X 2927 to X 2713, and as the pressure was increased the number of bands 
increased very rapidly, extending to X 2475 on the ultra violet side, and to 
X 3700 towards the red with a pressure of 53 mm. 

A vibrational analysis of the system was made by Kosen,J as a result of the 
study of the spectra in absorption and in “ white-light fluorescence,’ 1 in 
conjunction with a study of the progressions of lines in the fluorescence excited 
with a quartz mercury lamp (the so-called “ resonance spectrum ”). Absorption 
bands were roughly measured over the range X 3565 to X 2548, and the 
fluorescence bands from X 5720 to X 2920. The fluorescence bands appear to 
have been, in the main, identical with bands which occur in the vacuum tube 
spectrum. 

The general appearance of the absorption bands may be gathered from 
Plate 14, jfc, which was taken with a quartz Bpectrograph of moderate dispersion, 
sufficient to show some of the fine structure. 

Absorption of Sulphur Dioxide (S0 a ).—80 a exerts a powerful absorption 
and exhibits three groups of bands in the ordinary range of observation with 
a quartz spectrograph. Garratt and Baly§ measured 20 bands between 
X 3182 and X2802, 21 between X2789 and X 2427, and 14 between X2334 
and X 2107. The first of these groups was afterwards observed with greater 
dispersion by Dr. Frances Lowater.|| Henri^ has placed the first and second 

* ‘ Proo. Roy. Soc.,’ A, vol. 95. p. 484 (1919). 
t ‘ Comptes Rendus/ vol. 179, p. 1156 (1924). 
t ‘ Z. Physik,’ vol. 43, p. 69 (1927) and vol. 48, p. 545 (1928). 
jj ‘ Phil. Mag./ vol. 31, pp. 505, 512 (1916). 

|j ‘ Astrophys. J./ vol. 23, p. 324 (1906). 

4 Nature/ February 22, 1030. 
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of Garratt and Baly’s groups in a single group, and has suggested the following 
division:— 

(1) X 3900 to X 3400; appears at 1 atmosphere or more in a tube of 
100 cm. 

(2) X 3370 to X 2450 ; begins to appear at pressure of 0* 1 mm, 

(3) X 2350 to X 2000 : appears at pressures of 0*02 to 10 mm. 

The first of these groups has not been of sufficient intensity to be noted in 
any of the experiments made during the present investigation, but the second 
(Plate 14, t, c, d) and third groups have appeared strongly as absorption bands 
in some cases. The second absorption group has also been observed sometimes 
in ordinary end-on vacuum tubes containing SO a .t 
Emission Bands of Sulphur Mo7ioxide (SO).—The well-marked bands which 
appear in vacuum tubes containing S0 2 have been measured, and a vibrational 
analysis given by Henri and Wolff4 The spectrum consists of bands fading 
towards the red, and extends from the violet end of the visible region to X 2400 
in the ultra-violet. Over this range there are more than 40 band-heads 
distributed regularly at intervals of 40 to 60 A. The structure of this spectrum 
shows that it originates in molecules of 80. The wave-lengths and intensities 
of the bands, compiled from Henri and Wolffs data, are as follows :— 


3941-6 (0) 

3428-1 (3) 

2877-4 (4) 

2622-2 (3) 

3903-6 (1) 

3383-2 (6) 

2827-8(8) 

2589-0(2) 

3862-7 (3) 

3314-8(1) 

2791 -0 (2) 

2581-1 (1) 

3811-8 (5) 

3271-0 (10) 

2779-9 (1) 

2555 -5 (0) 

3761-6 (2) 

3247-5 (1) 

2744-3 (6) 

2548-6 (2) 

3724-7 (3) 

3164-7 (10) 

2708-6 (1) 

2516-4 (1) 

3676-2 (7) 

3064-1 (10) 

2699-4 (4) 

2510-4 (1) 

3628-2 (3) 

3007-9 (2) 

2664-8 (5) 

2477-7 (1) 

3548-7 (6) 

2968-4 (5) 

2655-7 (1) 

2442-0 (1) 

3502-1 (4) 

2915-4 (4) 

2630-1 (1) 



Henri and Wolff have concluded that the triatomie S0 2 molecule is broken up 
by the discharge into an active molecule SO* and an atom of 0, the SO bands 
being emitted on the return of the SO* molecule to its normal state. 

t This absorption probably accounts for the group of bands observed in a vacuum tul>e 
of SO, by Johnson and Cameron {* Proc. Roy. Soc., 1 A, vol. 106, p. 208 (1924)) and 
described by them as an emission spectrum corresponding with SO, absorption as observed 
by Miss Lowater, 

t ‘ J. Physique, 1 voi. 10, p. 95 (1929), ¥ 
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Carbon Monosulphide (CS).—An ultra-violet band spectrum observed by 
L. C. Martinf in vacuum tubes containing CS 2 , and in the sulphur-carbon arc, 
was attributed by him to carbon monosulphide. This has since been confirmed 
by the analysis of the spectrum which has been made by W. Jevons.J The 
spectrum includes a considerable number of well-marked bands, fading towards 
the red and occupying the region X 2837 to X 2436. The strongest bands are 
at XX 2693, 2678, 2662, 2606, 2591 and 2579. 

Carbonyl Sulphide (COS).—Dixon and Russell included COS among the 
products of explosions of mixtures of CS 2 and 0 3 , and also as a constituent of 
the interconal gases when CS 2 was burnt in a SmithelPs separator. As no 
record of spectroscopic observations of this substance could be found, it was 
considered desirable to make experiments to ascertain if it gave any character¬ 
istic bands, by which its presence in, or absence from, the CS a flame might 
possibly be determined. The substance was prepared by the action of sulphuric 
acid on potassium thiocyanate in accordance with the method described by 
Roscoe and Schorlemmer,§ in which it was obtained as a white solid by con¬ 
densation at the temperature of liquid air. The boiling point of COS under 
atmospheric pressure is — 47° C. 

The COS vapour was introduced into a vacuum tube in the usual manner 
and was excited to luminosity by the use of a small induction coil. Photographs 
of the spectrum were taken over the range X 2000 to X 5700. 

With a fresh supply of COS the discharge was bright blue and the spectrum 
was a complicated one, consisting of strong bands of CS and S 2 , with bands of 
CO (Angstrom bands, etc.) of moderate intensity, while bands of SO were 
extremely faint or absent. In addition, there was a group of bands, fading 
towards the violet, which could not be identified and may provisionally be 
attributed to COS. These bands form a regular system, having the following 
roughly approximate wave-lengths and wave-numbers 


A. 

i - 

Jv. 

3077 | 

32490 

1 363 

3043 

32863 

1 371 

3009 

38224 

368 

[2976]* 

33592 

377 

2943 

33969 

373 

2911 

2880 

34342 

34712 

370 


* Falls in a CO group. 


t ‘ Proc. Roy. Soc.,’ A vol. 89, p. 127 (1913), 

J ‘ Proc. Roy. Soc./ A, vol. 117, p. 361 (1927). 
jj ‘ Treatise on Chemistry,’ yoL 1, p. 831 (1811). 
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The spectrum of S 2 observed in the blue discharge through 008, especially 
in the wider parts of the tube, was somewhat less complex than that of the S 2 
vacuum tube, and the characteristic flame bands were more prominently 
displayed. Sulphur was copiously deposited on the walls of the tube. 

When the discharge had passed for some time the glow became much whiter. 
The bands of CS remained strong, but those of S 2 were much reduoed in intensity; 
bands of CO were much strengthened and bands of SO wfcfce also observed, 
though they were not at all conspicuous. The absence, under these conditions, 
of the bands provisionally assigned to COS gives support to the origin suggested 
for them. 

From these experiments it appears possible that the above group of bands 
would serve for the detection of COS in the CS 2 flame if it were present. 

Spectrographs Employed . 

Most of the photographs for the present investigation were taken with one of 
Hilger's small quartz spectrographs (E31). Though the dispersion is small, 
it is quite adequate for the comparison of the spectra of the various sources, 
and the use of such an instrument results in a great saving of time. Most of 
the measurements, however, were made on photographs taken with a larger 
quartz spectrograph (E2), using the copper or iron arc as a reference spectrum. 
Photographs of the CS 2 flame and S 2 vacuum tube spectra with greater dis¬ 
persion and resolution, covering the region X 3200 to X 6100, were also obtained 
in the first order of a 1-metre concave grating. These served to give good 
measures of many of the bands, but in some cases the increased resolution 
made it impossible to determine the precise positions of the heads of the 
bands. 

CS a supported by 0 a . 

The experimental results are not here presented in the order in which they 
were obtained, but in the order which it is believed 
will make them most clearly understood. For this 
reason it will be convenient to begin by describing 
the results obtained with a CS 2 flame into which 
oxygen was blown through a small jet near the base 
of the flame, as indicated in the figure. For produ¬ 
cing the flame it was found sufficient to put the 
liquid CS 2 into the bowl of an ordinary spirit lamp 
provided with a cotton wick. 

Observations in Direction A ,—When oxygen was blown into the flame, and 
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observations made in the direction A, the spectrum obtained—-apart from the 
bright continuous spectrum—consisted wholly of emission bands fading towards 
the red, and extending from the red to the limit of the range of observation 
about X 2200. From the red to about X 4700 (Plate 15, d), the bands appeared 
to be identical with the corresponding part of the vacuum tube spectrum 
(Plate 16, a). From X 4700 to about X 3100 (Plate 14, a), the spectrum was 
much simpler than that of the vacuum tube (Plate 15, 6), consisting of the 
most characteristic flame bands which have already been specified. Several 
strong tube bands do not appear in the flame spectrum, and some of the 
flame bands are either absent from or very feeble in the tube spectrum. 
Beyond X 3100 the flame and tube spectra are practically identical as far as 
X 2829. From X 2829 downwards the flame bands are identical with sulphur 
bands observed in absorption (group B of Graham), but beyond X 2700 these 
bands are blended with bands of SO previously tabulated, and observed as 
far as X 2442. 

It will be seen that the most characteristic part- of the spectrum of the CS # 
flame, when observed in the above way, lies in the blue and violet between 
X 4700 and X 3100, in which region the spectrum is quite different in appearance 
from the tube spectrum, although some bands are common to the two sources 
(Plate 15, c, c')* The vibrational analysis which is given later, however, shows 
quite clearly that these characteristic flame bands can be arranged in a single 
system with the less refrangible and more refrangible groups of bands as 
constituent parts, and since the latter are undoubtedly due to S 2 , it follows that 
the characteristic flame bands arc also due to S a molecules. 

All the bands of the flame spectrum as observed in this way are thus accounted 
for by S 2 and SO. There are no indications of Martin’s bands of CS, nor of the 
group of bands which have been provisionally attributed to COS. The presence 
of SOj as a product of combustion, however, is shown in some of the experiments 
described later. 

Observations in Direction B .—When the oxygen-fed flame was observed in 
the direction marked B in fig. I, the spectrum as a whole remained the same, 
but the sulphur bands extending from X 3291 to X 2570 appeared as strong 
absorption bands, the maximum intensity occurring about X2770 {Plate 14, 
g , k). All of these bands showed rotational fine structure with the dispersion 
of Hilger’s E2 quartz spectrograph. Between X 3291 and X 3500 the bands 
observed in direction B were very feeble, as if emission and absorption were 
mutually destructive. Photographs showing the reversed bonds have been 
very helpful in distinguishing the S 8 bands from those of SO in the region 
where they overlap when the flame is observed in direction A. 
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The Flame in an Atmosphere of 0 2 .—In the first instance, the experiments 
on the CS a flame supported by oxygen were made with the flame enclosed in a 
glass chimney, into which a slow stream of oxygen was passed. The chimney 
was provided with a side tube closed with a quartz window, so as to permit 
observations in the ultra-violet. 

Under these conditions, the spectrum from the visible to r the near ultra¬ 
violet was the same as that already described, but the predominant feature 
in the ultra-violet was the absorption spectrum of S0 2 , arising from the 
accumulation of this gas in the chimney (Plate 14, c). The second group of 
bands described by Henri, extending from X 3370 to X 2450, appeared very 
strongly, and the third group, below X2350 also appeared when sufficiently 
long exposures were given. In the range of spectrum investigated, these and 
similar observations provide the only spectroscopic evidence of the production 
of S0 2 in the process of combustion of CS a . 

Carbon, Disulphide burning in Nitrous Oxide . 

Experiments similar to those made with oxygen were repeated with the 
substitution of N 2 0 as the supporter of combustion. When burnt in a chimney, 
the spectrum was similar to that observed with oxygen, but the continuous 
spectrum was possibly less intense relatively to the bands in the blue (Plate 
14, 6). Under these conditions, bands of SO also appeared in the region X 2600 
to X 2400. When a jet of nitrous oxide was directed on to the flame, absorption 
bands of S 2 were observed as in the corresponding experiment with oxygen. 

CS 2 burning in Air . 

The flame of CS 2 when burning in the ordinary way in air showed a spectrum 
(Plate 14, e) very similar to that of the flame when oxygen was blown in and 
observations made in the direction B of fig. I. That is, the S 2 bands in the 
green, yellow and red, and the more characteristic flame bands of S a in the 
blue and violet, appeared as emission bands, while the more refrangible bands 
appeared in absorption. To bring out the latter feature, exposures of the 
photographic plates were somewhat prolonged. Beyond the absorption bands 
there were faint indications of the emission bands of SO which occurred in the 
oxygen-fed flame. No indications of the OS or “ COS ” bands were found in 
these observations. 

It would thuB appear that with the restricted supply of oxygen provided by 
ordinary air, the sulphur vapour arising from the decomposition of CS 2 in 
the flame was not quickly consumed to form S0 2 , but acc umula ted in sufficient 
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quantity around the flame to produce the observed absorption of S 2 bands in 
the ultra-violet. As previously noted by others, a heavy deposit of sulphur 
was obtained when a cold surface was inserted in the flame, but no deposit 
of carbon. 

When the CS a was burnt in air, inside a chimney, the spectrum (Plate 14, d) 
showed the usual flame bands from the visible to the near ultra-violet, but the 
S0 2 absorption bands of Henri’s second group came out very strongly, oblitera¬ 
ting the S 2 absorption bands and the remainder of the ultra-violet. 

Further experiments on the CS 2 flame in air were made with a SmithelTs 
separator, which permitted independent observations of the inner and outer 
cones. In place of the usual two concentric tubes with the inner one fixed 
on a burner, it was found convenient to use the burner itself for the inner 
cone, so that only one tube was necessary. This tube was of silica glass, 7 cm, 
in length and 1*5 cm. in diameter, and the burner was of the “ micro-burner ” 
type, giving only a small flame. By means of a water pump and a large jar, 
air under a small pressure was bubbled gently through carbon disulphide, heated 
to 27° C., and thence to the micro-burner. With suitable adjustment of the air 
regulator and of the height of the silica tube, the flame was readily separated 
into two cones, which burned very steadily. With this arrangement, the outer 
cone was about 4 cm. in length and the inner one 2 cm. To avoid undue 
accumulation of S0 2 in the space surrounding the inner cone, the silica tube 
was provided with a short side tube in the direction of the spectrograph, this 
tube being left open to the air. There was a striking difference in the appear¬ 
ance of the two cones, the outer one being pale blue and not very luminous, 
while the inner one was of a lilac colour and considerably brighter than in 
the ordinary flame in air. 

The outer cone gave a spectrum which was not distinguishable from that of 
the normal flame in air. That is, it showed the characteristic emission bands 
of S 2 in the blue and near ultra-violet, absorption bands of S 2 in the ultra¬ 
violet, feeble indications of 80 bands, and a fairly strong continuous spectrum. 

The inner cone also showed the characteristic flame bands, but differed 
from the outer cone in showing the S 2 bands in the ultra-violet in emission, 
as in the flame fed with oxygen and viewed in the direction A of fig. 1. The 
emission bands were traced as far as X 2900, and beyond this there were feeble 
indications of SO bands. The continuous spectrum was fairly strong and 
appeared to be relatively stronger in the visible spectrum as compared with 
the continuous spectrum given by the outer cone. 
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Other Sources of Flame Bands . 

Sulphur Arc in Air ,—In his investigations of the bands of carbon mono¬ 
sulphide, Martin included observations of the spectrum of sulphur in the 
carbon arc. Successful results were obtained by using a hollow carbon well 
charged with sulphur as the upper (positive) pole, which secured a steady flow 
of sulphur into the arc. In addition to bands of carbon and cyanogen, the 
spectrum showed faint bands of sulphur and the bands of carbon mono¬ 
sulphide. By surrounding the arc with sulphur vapour from a test-tube in 
which sulphur was boiled, the intensity of the monosulphide bands was 
increased, and sulphur bands from X 2800 towards the red appeared as absorp¬ 
tion bands. 

A further examination of Martin’s photographs, which were taken at the 
Imperial College, has revealed the additional fact that the characteristic CS 2 
flame bands in the region X 4700 to X 3400 were quite prominent in the arc 
speotrum, so far as they were not obscured by bands of carbon and cyanogen. 
The reversed bands of sulphur extended considerably further towards the red 
than those which appear in the flame, namely, to the band X 3417. The 
sulphur bands on the red side of the more characteristic flame bands were also 
fairly well developed in the arc. 

Thus, the spectrum of sulphur produced in the arc is essentially identical 
with that of the CS 2 flame in air, or with that of the flame fed with oxygen and 
observed in the directfon B shown in fig. 1. The greater encroachment of 
the ultra-violet absorption bands towards the red is probably to be attributed 
to the higher temperature of the arc. 

The Flame of Burning Sulphur .—The pale blue flame of sulphur burning in 
air shows the characteristic bands of the CS 2 flame in the blue and violet, but 
they are somewhat indistinct on account of the greater brightness of the 
continuous spectrum. In addition, as noted by Strutt and Fowler {he. cit., 
p. 112), there is another group of bands in the region X 3200 to X 3000, which 
there is now no difficulty in identifying with absorption bands of SO a . The 
continuous spectrum extends far beyond X 3200 and shows feeble indications 
of the emission bands of SO. 

When the sulphur flame was intensified by burning in a chimney supplied 
with oxygen, the spectrum only appeared to differ from that of the flame in 
air in the greater intensity of the SO a absorption. 

Flame of Hydrogen Sulphide (HjS).—In addition to the characteristic flame 
bands of CS a , the flame of HgS showed the band of HO at X 8064. Otherwise, 
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mrlew developed. 

> Sulphur in Aotive Nitrogen .—The blue glow of sulphur vapour in active 
nitrogen was found by Strutt and Fowler to give a spectrum oloeely related 
to that of CS, burning in air. But whereas bands more refrangible than A 3400 
were very feeble in the flame, they were well developed in active nitrogen a* 
far as A 2800, whore the spectrum ended abruptly, as in the vacuum tube. 
The aotive nitrogen source was also remarkable for the practically complete 
absence of continuous spectrum. One of the photographs, taken with small 
dispersion, is reproduced in Plate 14, k. 

A re-examination of the photograph has confirmed the foregoing description. 
Except for the feebler continuous spectrum, the active nitrogen source iB similar 
to that of the CS, flame fed with a jet of oxygen and viewed in the direction A 
of fig. 1. That iB, the spectrum consists of a continuous succession of emission 
bands of sulphur. Strutt and Fowler’s statement that this spectrum has 
nothing in common with that of the sulphur vacuum tube, however, requires 
amendment. Beyond A 8400 the bands are all present in the vacuum tube 
spectrum, and some of those between A 3400 and A 4700 are also observed in 
the tube. The general appearanoe of the spectrum in the latter region, 
however, is very different from that of the vacuum tube (compare o and o', 
Plate 15). 

CS, in Active Nitrogen .—Two groups of bands were observed by Strutt and 
Fowkr in the spectrum given by CS, in active nitrogen. The first consisted 
of the characteristic flame bands, which, however, were only well developed 
on tile red side of A 3700. The seoond group consisted of bands, also degraded 
to the red, occurring in the region A 2920 to A 2550. These bands also appeared 
in the vacuum tube spectrum of impure SO, and it is now perfectly clear that 
they were identical with SO bands tabulated by Henri and Wolff. Thisjwill 
appear from the following comparison of wave-lengths :— 


A (8. a F.). 

X so. 

A (8. a F.). 

A SO. 

mo 

8018-41 

4) 

2665 

2664-6(6) 

mo 

283TMI 

8 

2620 

2622*2 (3) 

8788 

8779-01 

1 

2592 

2569*0 (2) 

8748 

2744*31 

8 

2550 

2646*6(2) 

8700 

2393-4j 

4) 




The wave-lengths given by Strutt and Fowler were only considered as rough 
approximations, so that the agreement is satisfactory. Further,fdirect 
von. cxxxn.— a. t 
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photographic comparisons of the spectrum with that of the SO a tube have left 
no doubt as to the identity of the two sets of bands. Beyond X 3837 the 
intensity of the sulphur bands falls off very rapidly in the active nitrogen 
source, and the spectrum then consists almost entirely of the bands of SO. 

It should perhaps be recalled that traces of oxygen or some other substance 
are necessary for the production of the afterglow of nitrogen,* * * § so that there 
is no difficulty in accounting for the presence of SO molecules in the reaction 
of the nitrogen with carbon disulphide. 

It may be further noted that in this source the only spectroscopic evidence 
of the presence of carbon is that afforded by a weak band of CN at X 3888. 

The Phosphorescent Combustion of CS fl . 

As first recorded by 6. S. Turpin,f the vapour of CS a may be made to glow 
without bursting into flame by passing the vapour into a heated flask. Under 
these conditions Turpin observed that a reddish-brown volatile substance 
containing carbon and sulphur was deposited and that SO a was produced in 
abundance, while there was little, if any, CO or C0 a . Dixon and RussellJ 
afterwards found that the glow could be maintained indefinitely by passing 
a stream of air and oxygen over the liquid CS a and through a tube heated to 
200° C. Extensive experiments on the slow combustion of 0S a and other 
substances, by the heated tube method, have also been made by Gill, Mardles 
and Tett§ in the Air Ministry Laboratory, but no spectrosoopic observations 
appear to have been attempted. 

The first records of the spectrum of the phosphorescent glow were obtained 
by H. J. Emel6us|| in Professor Baker's laboratory at the Imperial College. 
Even with small dispersion and rapid plates, very long exposures, ranging 
from 40 to 250 hours, were found necessary to give photographs of sufficient 
density. 

Further investigations of this spectrum have been commenced, but it seems 
desirable meanwhile to state the general results of a re-examination of EmelAus’s 
plates, which have been kindly placed at our disposal by Professor Baker. 
As described by EmelSus, the spectrum of the CS a glow consists of two groups 
of bands shaded to the red, one in the blue and violet extending from X 4530 

* R. J. Strutt, *Proc. Roy. Soo., 1 A vol, 01, p. 303 (1018). 

t 4 Brit. Awoo. Rep.,’ 1890, p. 776. 

t * J. Chem. Soo.’ vol. 75, p. 600 (1890). 

§ * Tram. Faraday Soo./ vol. 24, p. 574 (1928). 

|| * J. Chem. Soo./ vol. 128, p. 2948 (1926). 
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to X 3400, and the other in the ultra-violet, occupying the range X 3100 to 
X 2485. The region intermediate between the two groups is apparently 
continuous. 

The first group was observed by EmeI4us to be closely related to the corre¬ 
sponding part of the spectrum of the normal CS a flame. This has been con¬ 
firmed by direct comparison of photographs of the two sources. It has been 
noted, however, that certain bands which occur in the flame are relatively 
weaker in the glow, the bands which retain their intensity being chiefly those 
which fall in the uppermost row (v r = 0) of the table showing the vibrational 
analysis of the flame bands which is given later (Table II). This simplification 
is presumably associated with the lower temperature of the phosphorescent 
glow. 

The second group of bands, as appears from the photographs reproduced by 
Emel6us, is not much less intense in the glow than the first group, whereas 
it is very feeble in the ordinary flame. From re-measurements of the plates, 
and by direct comparison with the SO spectrum as given by a vacuum tube 
containing SO a , it resulted that many of the bands of the second group were 
identical with Henri and Wolff’s bands of SO. This conclusion, as was after¬ 
wards found, had already been reached by V. Kondratjew,* in a comparison 
of the observations of EmeI4us with those made by himself on the glow of 
sulphur vapour in a heated flask containing oxygen at a low pressure. Some of 
Kondratjew’s identifications with bands of SO, however, were based only upon 
calculations from Henri and Wolff’s formula for the SO bands, and are probably 
incorrect. Emel6us’s second group actually consists of bands of SO, fading 
out considerably after X 2800, with bands of CS superposed upon them. The 
latter naturally do not occur in Kondratjew’s photographs of the sulphur 
glow and their approximate agreement with calculated bands, not actually 
observed in the SO spectrum, can only be considered as accidental. 

Numerical details are reserved until additional photographs of the glow 
spectrum have been obtained, but this preliminary investigation appears to us 
to have established the presence of bands of S a , SO and CS in addition to a 
continuous spectrum of moderate intensity. 

Wave-lengths of CS B Flame Bands. 

The wave-lengths, intensities (maximum =*= 6) and wave-numbers of the 
heads of bands occurring in the CS f flame spectrum are given in Table L 
The vibrational quantum numbers, v\ v" t of the bands are also indicated. 

* < Z. Phy«V vol, 63, p« S22 (1930). 

Y 2 
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Table I.—S, Banda in Flame of C8 a + 0 t . 


<✓*"). 

A Int. 

a 

(v'v"). 


■ 

Bi 

A Int. 


p. 

(9,30) 

6165*7(1) 

10214 

(0,14) 

4523*6 (2) 

22101 

(2.2) 

3216-1(2,2) 

31085 

(8,29) 

0102*0(2) 

16382 

(2,15) 

4478*8(4) 

22321 

(4,3) 

3203*2(2,2 


31210 

(7,28) 

0040*4 (2) 

10561 

(1.14) 

4433*0(0) 

22549 

(3,2) 

3171-6(2,8 


31522 

(8,27) 

5080*4(1) 

16717 

(0,13) 

4395 *0 (2) 

22747 

S3 

(4,2) 

3161*1 (1,1 


31026 

(9,29) 

6962-1 (3) 

16768 

(2,H> 

4366 -0 (2) 

22950 

3143*7(1,1 


31800 

(8,28) 

5901 *0(4) 

10942 

(1,13) 

4311*0 (6) 

23190 

3132*4(3,4 


31915 

(7,27) 

6840*2 (4) 

17118 

(0,12) 

4274*4(3) 

23389 

(3,1) 

3101*5(1,3 


32233 

(6,20) 

5782*1 (2) 

17290 

(1,12) 

4193*8(6) 

23838 

(5,2) 

3091*7(6,4 


32335 

(9,28) 

5769*7(3) 

17327 

(0,11) 

*4157*2(6) 

24048 

(4,1) 

3083-6(3,4 


32632 

(8.27) 

5709*0(4) 

17610 

(1,11) 

4081*0 (3) 

24497 

(6,2) 

3064-9(3,8 


32725 

(7,26) 

5051*7(4) 

17089 

(0,10) 

•4045*8(0) 

24710 

(3,0) 

3033*1 (1,2) 

32960 

(6,26) 

5590*1 (3) 

17805 

(1,10) 

3973(1) 

26160 

(6,1) 

3024-8(4,5 


33050 

(8,20) 

6630-1 (3) 

18079 

(0,9) 

•8939*1 (0) 

26379 

(7,2) 

3018*0(2,1 

• 

33125 

7,25) 

5472*6(4) 

18268 

(2,10) 

3900-6(1) 

26671 

(4,0) 

2097*0 (1,2) 

33357 

(6,24) 

5418*7(4) 

18449 

(0.8) 

•3837-3(6) 

26053 

(6.1) 

♦2989*7(4,4) 

33438 

(6,28) 

5369*7(3) 

18663 

<2,9 

3811(1) 

26232 

(6,0) 

2960-1(2,3) 

83773 

(4,22) 

5309*9(3) 

18828 

(0,7) 

•3740*0 (6) 

26730 

(7.1) 

•2954*2(4,4) 

33840 

(8,23) 

6249*8(5) 

19043 

(1.7) 

3077*0(3) 

27184 

(6,01 

2926*0(2,5) 

34169 

(5.22) 

5193*7(5) 

19249 

(0,6) 

•8045*2 (5) 

27426 

(8.1) 

•2920*4(4,2) 

34232 

(4.21) 

6145*5(4) 

19429 

(1.6) 

3687*4(5) 

27867 

(1,0) 

2892-6(4,6) 

34502 

(8,20) V 
(6,22) y 

5090*9(6) 

19637 

(0,6) 

(1,6) 

3556*8(3) 
i 3500*6(5) 

28115 

28659 

(9,1) 

(8,0) 

2888-1 (4,2) 
•2860-2(8,6) 

34015 

34952 

(6.21) 

5036*8(0) 

19848 

(0,4) 

1 3409*6(2) 

28814 

(9.0) 

•2829-8 13, 6) 

35334 

(4.20) 

4990*1 (0) 

20034 

(2,6) 

3461*0(2) 

28969 

(10,0) 

2799*0 (3,6 


36717 

(8,19) 

4937*2 (6) 

20249 

(1,4) 

3417*0(4) 

29257 

(11,0) 

2769-6(3,6 


30090 

(8,18) 

4893*8(5) 

20428 

(0,3) 

1 3387*0 (1) 

29516 

(12,0) 

2741*0 (-,6 


36472 

(4,19) 

4842*2 (0) 

20646 

(2,4) 

! 3369*6(4) 

29609 

(13,0) 

2712 *9 (-,« 

i 

36850 

(S, 18) 

4790*8(6) 

20808 

(1.3) 

3336*7(2) 

29901 

(14,0) 

2080*2 0) 

87210 

(8.17) 

4747*0 (5) 

21057 

(3,4) 

3321*2(1) 

30101 

(16,0) 

2002*0 (-,0) 

37556 

a, 16 

4099*0 (3) 

21276 

(2,3) 

f3290*7(3,2) 

30380 


2038*0 5) 

87890 

(8,17) 

4051*3(4) 

21493 

(1,2) 

3259*9(2,1) 

30607 

(17|0) 

2016*1(-,4) 

38228 

(8.16) 

(1,15) 

4010 *0 (5) 
4563-2 (4) 

21680 

21908 

(3,3) 

3244*7 (3,3) 

30811 

(18,0) 

2593 *0 (-,3) 

38554 


* Eaoh of those bands has & fainter head on the more refrangible side. 

t The two intensities refer to flame emission and flame absorption as respectively observed in directions A and 
B of fig, 1. r 

JVds.—Bands of 80 are superposed on the S t bands from about A 2700 and extend further into the ultra-violet 
than the sulphur bands. 


In the course of the measurements it was announced that the measurement 
and analysis of the sulphur bands was in progress in other laboratories, J and 
laborious determinations of high precision were accordingly not undertaken. 
It is believed, however, that the wave-numbers are sufficiently accurate for 
a vibrational analysis, and for the present purpose of demonstrating that the 
most characteristic flame bands in the blue and violet form part of the same 
system as the bands in the visible spectrum and those in the ultra-violet, both 
of which are undoubtedly due to S a molecules. 


% Naud6 and Christy, * Phys. Rev./ voL 30, p. 1800 (1930) j and vol. 37, p. 490 (1931); 
P. Huber, 1 Phys. Rev./ vol. 37, p. 23 (1931). 
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The wave-lengths from X 4700 to the limit in the ultra-violet are from measure¬ 
ments of photographs taken with Hilger’s E2 quartz spectrograph, using iron 
and copper arcs as comparison spectra. The resolution of this instrument is 
not too great to obscure the heads in most of the bands, while the scale is 
sufficient for the purpose in view. Vacuum tube spectra were used for bands 
which appeared to be identical in tube and flame. In the region X 4700 to 
X 6165, the bands were measured on plates taken with a 1-metre grating 
(14438 lines per inch), with the sulphur vacuum tube as source ; comparisons 
of the two sources as photographed with the smaller dispersion of the quartz 
spectrograph indicated that in this region the tube bands may be confidently 
taken to represent the flame bands. While many of the band heads are sharply 
defined in the grating plates, others are less definitely indicated, and in such 
cases the parts selected for measurement were those suggested by the structure 
of the band system which is given in the next section. 

The intensities are ordinary estimates referring to the emission spectrum, 
as obtained when oxygen was blown into the CS 2 flame and observations made 
in the direction A of fig. 1. As already pointed out, when such a flame was 
observed in direction B, or when the source was an ordinary flame of CS a 
burning in open air, many ultra-violet bands appeared in absorption, although 
in the blue and violet only emission bands were observed. As the relative 
intensities in emission and absorption were markedly different for some of the 
bands, it has been thought desirable to give estimates of intensity for both. 
Thus, from X 3290 onwards, two intensity numbers are given, the first repre¬ 
senting emission and the second absorption. Beyond X2769 the emission 
bands are less distinct and are superposed on bands of SO, and for these only 
the intensities in absorption are stated. Among the bands which are distinctly 
stronger in emission than in absorption are XX 2920 and 2888, while XX 2997, 
2960 and 2926 may be noted as examples of bands which are relatively stronger 
in absorption than in emission. 

Vibrational Analysis of the Flame Bands . 

Prom the general appearance and conditions of occurrence of the most 
characteristic flame bands in the blue and violet there was a strong presumption 
that they originated in the same molecules as those which gave rise to the 
associated bands in the visible and ultra-violet regions. There was apparently 
no place for several of the flame bands, however, in the scheme for S a band 
heads which had been given by Rosen, and it became necessary to ascertain 
if the scheme could be extended or modified so as to include them. 
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It was soon found that all the flame bands could be arranged in a single 
scheme, which was in general agreement with that of Rosen as regards the 
ultra-violet bands, but differed from it very considerably for the less refrangible 
bands. In particular, the new scheme introduces an additional (0, t/') 
progression, which includes some of the strongest flame bands, and thus 
requires that Rosen's v' values should be increased by unity throughout. 
As a further result of the present work, the scheme has been extended con* 
siderably towards the red. 

The band system is so much extended in the v” direction that it cannot 
conveniently be printed in every detail. The main features, however, are 
exhibited in Table II, which indicates the intensities of the observed bands 
in relation to the values. With the aid of Table I, which includes the 
v'v" for the bands, a complete table may readily be constructed by anyone who 
requires it. 

It will be seen that the flame bands, as arranged in Table II, trace out in a 
very satisfactory manner a wide-open Condon parabola of intensity distribution, 
such as would be expected where and differ bo markedly as they do in 
the present instance. 

As Naud6 and Christy* have pointed out, but without giving details, there 
are several perturbations among the vibrational energy levels of the upper 
(t/) states. This will be seen from Table II, which includes the Av of successive 
bands in the progressions; means have been taken where the observations 
gave more than one value. On account of these perturbations it is not possible 
to represent the whole system accurately by a simple formula, but the following 
may be taken as a fair approximation: 

v**a * 31659 + (432 • 3v' - 2-63t>' 2 ) - (722* It/' - 2*82t/' a ), 

where v' and v" are the vibrational quantum numbers for the energy levels in 
the upper (excited) and lower (ground) states of the molecule respectively. 

The analysis of Naud<$ and Christy has further shown that the S 2 system 
under consideration is due to a 3 2 3 E transition, and is therefore the 
counterpart of the well-known Schumann-Runge system of O a . By analogy 
with O a , the spectrum of S a would be expected to include another system of 
bands corresponding with the atmospheric absorption bands of oxygen in the 
solar spectrum, and representing the transition l E ^ This, however, 
would be a faint system and would fall far in the infra-red. 

The main result of the analysis, for our present purpose, is the demonstration 
* Loo. cit., and 1 Phys. Rev./ vol 37, p. 490 (1931). 
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that the characteristic flame bands of carbon disulphide in the blue and violet 
form part of the system which includes the visible and ultra-violet bands of 
8 a and must, therefore, also be attributed to S a molecules. 

Discussion. 

The foregoing observations may bo of interest as giving information relating 
to some of the reactions which precede the formation of the well-known products 
of combustion, but it seems unlikely that they will give complete answers 
to all the questions which arise. The observations do not furnish any direct 
evidence, for example, of the formation, in the first stages, of such complex 
molecules as are required by the peroxidation theory of combustion. 

The simplest flame which has been investigated is that of sulphur. It is 
possible that in this case the first stages involve molecules of S 8> but unless 
these are associated in some way with the continuous spectrum, there is no 
spectroscopic indication of their existence. The spectrum definitely indicates 
the presence of S g molecules, and shows that there is no dissociation into 
sulphur atoms, which would exhibit a line spectrum. The S a molecules are 
thus merely raised to higher energy levels, and emit their characteristic bands 
on returning to the normal state. The final product is SO*, but the spectrum 
gives indications of SO as an intermediate stage. It does not seem possible, 
however, to decide from these observations alone whether it is the excited 
or unexcited S 8 molecules which combine with oxygen to form SO and SO*. 

According to the peroxidation theory, the successive reactions might be 
expressed as f oIIowb : 

S a + 0 2 -*■ S a O a •** 2SO 
2SO + 0* = 2SO a . 

Even in the case of sulphur burning in the open air, SO a surrounds the flame 
in sufficient quantity to reveal its presence by absorption bands peculiar to 
this gas. 

In the low-temperature phosphorescent flame of CS a there are spectroscopic 
indications of S a> SO and OS, the products of combustion being SO a and CO a . 
The observations might thus be accounted for by the simple equation 

4CS a + 30 a - 2S a + 2SO + 2CS + 2CO„ 

further combinations with oxygen resulting in SO a and additional OO a . 
According to Gill, Mardles and Tett (few, dt.) t however, the primary oxidation 
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product of CS g is an active peroxide, CS g O g . Assuming this, it may be supposed 
that the reactions would proceed somewhat as follows ; 

CS 2 O g + CS g -*■ 2CS g 0 
4C8 a O + 0 2 - 2S g + 2SO + 2CS + 2C0 g , 

the result being the same as that expressed by the simpler equation above. 
Under the higher temperature conditions of the flame in air or oxygen, the 
spectrum differs from that of the phosphorescent flame in the apparent absence 
of bands of CS and the relatively feebler representation of SO. If it be assumed 
that CS is not formed in this case, the spectroscopic observations, including 
Coblentz’s infra-red bands of C0 2 , would be satisfied by the equation 

2CS 2 + 30 2 » S 2 + 2S0 + 2CO a , 

or, if peroxidation occurs, by the following: 

CS 2 0 2 + CS a - 2CS 2 0 
2CS 2 0 + 20 2 = S 2 + 2S0 + 2C0 2 . 

The spectroscopic observations appear to give no evidence of the existence 
of these peroxides in the flames, but it might be unwise to regard this as 
furnishing a satisfactory proof of their absence. 

It is conceivable that CO might be formed as well as C0 2 , but the observations 
are not conclusive on this point. The spectrum of the CO flame consists of 
weak and ill-defined bands superposed on a bright continuous spectrum,* 
and it would scarcely be possible to detect its presence when involved in the 
sulphur bands and continuous spectrum of the CS a flame. All that can be said 
is that since the continuous spectrum is not more intense in the flame of CS g 
than in that of sulphur alone, it is improbable that CO is present in any con¬ 
siderable amount. 

Summary. 

It has been found that the most characteristic bands of the ordinary CS g 
flame, extending from the blue to the near ultra-violet, form part of the system 
already known to be due to S g molecules and must, therefore, also be attributed 
to S g . The ultra-violet bands of S 2 appeared in absorption, but they were 
obtained in emission when a stream of oxygen was directed on the flame* 
Emission bands of SO also appeared feebly in the flame spectrum. When the 
flame was enclosed in a chimney, absorption bands of SO g appeared in addition* 
Generally similar results were obtained in experiments on the flames of 
sulphur and hydrogen sulphide, the latter also showing bands of HO. 

* Of. Weston, 1 Proo. Roy. Soo./ A, voL 109, p. 182 (1925). 
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The spectrum of the phosphorescent flame of CS 2 , as photographed by 
Emel6us, has been re-examined and, in addition to the characteristic flame 
bands constituting Emel6us’s first group, it has been found that the second 
group includes bands of 80 and CS. The SO bands were relatively much 
stronger than in the normal flame. 

Preliminary investigations have been made of a group of bands in the ultra¬ 
violet which have been provisionally attributed to carbonyl sulphide, COS. 
These have not been observed in any of the experiments on flames. 

A vibrational analysis of the flame bands has been found to be in general 
agreement with Rosen’s scheme for S 2 as regards the ultra-violet bands, but 
to differ from it considerably for the less refrangible bands. In particular, 
the amended scheme introduces an additional v'v " progression, which includes 
the strongast flame bands, and thus requires that Rosen’s v values should be 
increased by unity throughout. 

The authors desire to express their thanks to Mr. C. V. Jackson for his 
valuable assistance in the preparation of carbonyl sulphide and in taking 
photographs with 1-metre grating. 

DESCRIPTION OF PLATES. 

Plate 14. 

а. CSj flame, showing characteristic bands from blue to near ultra-violet. Fe com¬ 

parison. 

б. Flame in N 2 0, with chimney ; showing SO, absorption X 9200-2800. 

e. Flame in 0,. with chimney; showing SO, absorption X 3200-2800. 

d. Flame in air. with chimney; showing SO, absorption X 3200-2800, 

«. Flame in open air; feeble S g absorption X 3000-2600. 

/. Flame with jet of O a , observed in direction A of fig. 1; S, emission from visible to 
ultra-violet. 

9’ Same as f but observed in direction B ; S, emission from blue to near ultra-violet, 
S, absorption in ultra-violet. 

A Sulphur in active nitrogen ; S, emission bands to X 2829. 

A S, absorption as in g with greater dispersion* 

Note,—a and k taken with spectrograph E2; b~h taken with spectrograph E31; 

6-e with Ou comparisons ; /, g> U with Fe comparisons. 

Plate 15. 

a. Vacuum tube spectrum of sulphur. X 6200-4400, 1 metre grating. 

5. Vacuum tube spectrum of sulphur, X 4800-2829 ; spectrograph E2. 

e, o'. Flame and tube spectra, X 4400-3800, showing fine structure; 1-metre grating, 

& Flame with jet of 0„ observed in direction A of fig. 1, showing S, emission bands. 

from red to ultra-violet; spectrograph E2. 

Fe arc comparisons throughout. 
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(May 14, 1931.) 

Professor H. Geiger : About 20 years ago we first noted tie presence of a 
y-type-radiation of high penetrability probably of cosmio origin passing 
through the atmosphere. The first fundamental experiments carried out by 
Hess and improved on by Kolhorster, in which an air-tight electrometer 
registered the ionisation-current at different altitudes, showed us that the 
current increased with the altitude ; at not more than a few thousand metres 
the current was several times larger than at sea-level. These results indicated 
the presence of an extremely penetrating radiation which seemed to be markedly 
absorbed by the atmosphere above us. Great difficulties wore met with in 
studying the nature of this remarkable radiation due principally to its extremely 
weak intensity, high penetrability and lack of properties affected by external 
influences. Our knowledge progressed slowly and only after many years of 
experiment were we able to say that the penetrability is about ten times 
greater than the hard y-rays of radium, and that the ionisation in air at sea- 
level is slightly more than 1 ion per second per cubic centimetre. We were 
able to add that in the explorable regions of the atmosphere the radiation was 
diffuse and, further, there seemed to be no relation to the daily movement of 
the sun. Even at the present time we cannot say with certainty that the 
variations observed in the intensity of the radiation are wholly of atmospheric 
origin or partly an intrinsic property. 

The doubtful origin and nature of this radiation continued to occupy our 
attention. The old experimental methods had been exhausted and new ones 
had to be evolved to insure a better understanding of the problem. In 
recent years we have progressed in two directions, namely, along electrometric 
lines by the improvement of the registration and the application of liigh 
pressure chambers, and by the method of electron counting. In the pressure 
chamber the degree of ionisation produced in the gas by the ultra-radiation is 
measured, while in the tube electron counter the high velocity electrons present 
with the ultra-radiation are singly registered. 

The results obtained with these methods, in so far as they promise to aid in 
solving the problem will be discussed in the following. Three experimental 
categories are apparent: absorption measurements and the determination 
from the absorption coefficient of the energy of the radiation quantum; 
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further, the coincidence measurements out of which range and other properties 
of such high energy electrons which are associated, if not identical, with ultra¬ 
radiation, can be studied ; the last, which on further development will probably 
give us the most important data, embraces those effects taking place at the 
boundary of two adjacent media. 

The principal aspect of the first of the above divisions is the hardest com¬ 
ponent of the complex ultra-radiation. Detailed knowledge is here necessary 
in order to analyse the complex absorption curve. With the aid of well- 
known formulee, a knowledge of the coefficient of absorption enables us to 
determine the highest energy quantum. The extremely thick layers of material 
necessary to reduce the intensity of the hard component of radiation to a small 
fraction thereof are hardly available, but we may well use the great depths of 
water in certain lakes. Regener has extended the noteworthy absorption 
experiment of Millikan and others by lowering his apparatus successively to 
depths of 236 m. in Lake Constance. The essentials of the apparatus are a 
pressure chamber with quartz-fibre-electrometer attached, where the deflections 
are photographically recorded every hour by the automatic illumination 
of the quartz-fibre. At the greatest depths where the ionisation was smallest, 
the successive hourly records were close to one another and the registration 
could, therefore, be continued for days at a time; but at the surface of the 
lake the ionisation was so large that the quartz-fibre completed its run in 
about 5 hours. By another series of experiments Regener replaced the ionisa¬ 
tion chamber by an electron counting tube, the record in this case being made 
by a small adding machine. The numbers registered were recorded every hour 
photographically on a slowly rotating plate. On the surface such a counter 
registered about 8000 electrons an hour, but at the depth of 235 m. only 13 ; 
the residual effect of 500 particles per hour is, of course, subtracted from the 
above. Both methods gave the same absorption curve, and showed especially 
for the hardest component, which is practically alone present at depths from 
80 to 235 m., an absorption coefficient of 0*020 per metre water. In other 
words a thickness of 35 m. water is necessary to absorb half of this radiation, 
which on the Klein-Nishina formula gives a wave-length of 0*63 x 10 “ 18 cm* 

A completely different aspect of the nature of ultra-radiation was the result 
of a second series of experiments in which the coincidences of two neighbouring 
tube counters were observed. In this fundamental work of Both© and Kol- 
horster, which was later extended by Rossi, two counters were mounted one 
about 5 cm, above the other. Simultaneous photographic registration showed 
that quite a number of impulses occurred in both co unt ers at the same time. 
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It is difficult not to explain this phenomenon other than by the presence of 
fast electrons which pass through both counters. In general one would expect 
the presence of fast electrons associated with such penetrating radiation; 
however, the penetrating power of these electrons was of a very high order, 
practically as high as of the ultra-radiation itself. This was observed by 
placing a block of gold 4 cm. thick between both counters ; in this block only 
about 2B per cent, of the radiation was absorbed. 

Regarding these experiments alone, one cannot help being prompted to say 
that ultra-radiation is not of a wave nature, but consists rather of high velocity 
electrons. This, indeed, was the general conclusion arrived at by Both© and 
Kolhorster. 

Be that as it may, it is necessary to intensify all experimental methods to 
determine further the nature and properties of such ultra-electrons. Heidecke, 
in Tubingen, took steps in this direction ; he measured the scattering of these 
electrons occurring in their passage through matter. With the aid of two 
counting tubes (A and C), 21 cm. apart vertically, he observed the coincidences 
which indicated the passage of ultra-electrons through the spherical angle 
defined by both tube counters. If a third tube counter B were so placed that 
the horizontal axes of all three were parallel and all in the same vertical plane, 
one should expect the middle tube to count simultaneously with the coinci¬ 
dences of the outer tubes (triple-coincidence). To a large extent this was 
observed. On moving the lowest tube C horizontally parallel to its original 
position, the expected reduction in the number of triple-coincidences was 
observed. In certain positions of C, an increase rather than a reduction in 
the number of triple-coincidences was observed when a 5-cm. lead plate was 
placed between B and C. This can be so explained that a number of electrons 
scattered by the lead were registered by the tube C in its new position ; this 
effect can hardly be accounted for without taking into consideration scattering 
effects. 

We can now discuss the third group of experiments which deal with tran¬ 
sition effects. Hoffmann, Steinke, Myssowaky and others have found that by 
the passage of ultra-radiation from one medium into another absorption 
anomalies take place. For example, on passing from a less dense, e.g. t 
aluminium, to a more dense medium, e.g lead, the radiation is more highly 
absorbed in the first stages of transition through the second medium. One is led 
to believe that the passage of the ultra-radiation through the lighter element 
results in the emission of soft secondary radiation. Steinke with an extremely 
sensitive compensation method, in which a Hoffmann electrometer served 
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as null instrument, could show that on placing an aluminium plate in 
the path of the rays the intensity of ionisation was increased instead of 
diminished. 

In the laboratory of the author similar experiments were also carried out, 
however with tube counters. In one of these studies a 5-cm. thickness of 
lead and an equal thickness of aluminium were so placed that the ultra¬ 
radiation first passed through the lead and then through the aluminium before 
entering the counter. After first determining the number of electrons in a 
given interval of time, the measurements were repeated with the plates reversed. 
By interchanging the plates the absorption should have been the same and a 
possible secondary radiation would have been noticed if it did not accidentally 
occur with equal intensity in both metals. The experiments in fact showed 
that with aluminium facing the tube counter, 5 per cent, more electrons were 
recorded than in the reverse case. A portion at least of the secondary radia¬ 
tion thus consists of fast electrons. By varying the plate thickness as well as 
material the penetrating power of such secondary electrons could be deter¬ 
mined. In the three investigated substances the range was approximately 
inversely proportional to the density and amounted in aluminium to about 
4 cm. These electrons, when compared with the ultra-electrons, are extremely 
weak, yet of greater energy than those inherent in radioactive processes. 

It is not simple to interpret the origin of these observed electrons. To take 
them for Compton-electrons is hardly permissible, for then their low and 
limited energy content could not be explained ; furthermore, the slow electrons 
actually observed would then need to travel nearly perpendicular to the 
direction of the ultra-radiation, which is contrary to experiment. On the other 
hand, should the nature of the ultra-radiation be electronic, we would be led to 
explain the secondary radiation as due to branching, the collision of ultra- 
electrons with the electrons of the filter substance. The argument against 
the second view is similar to that given previously. In both cases, whether 
of wave nature or electronic, we would expect the presence of electrons whose 
energy varies and reaches a maximum comparable to that of the ultra-particles 
themselves. 

We might further conceive the secondary radiation to be of nuclear origin, 
yet the principal difficulty therein is the experimental fact that the electrons 
emitted from paraffin, lead and aluminium have approximately the same 
energy content; in addition, observations indicate that the electrons travel 
chiefly in the forward direction. 

Only by regarding the ultra-radiation as made up of material particles such 
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as protons with the energy of an ultra quantum, does it seem possible to 
interpret the secondary radiation experiments. The secondary radiation 
corresponds to the 8-rays liberated by ot-rays. The observed range of the 
accelerated electrons is of the same order of magnitude as that expected from 
the theory of Rutherford. 

Summarising the three above types of experimental attack, one sees all too 
clearly how far we are from a clear understanding of the nature of ultra¬ 
radiation ; for each type leads us to consider the radiation in a different light, 
i.e., as waves, electrons or material particles. Even if we cannot yet draw 
any definite conclusions, the development of experimental methods indicates 
that the immediate future will afford us further insight. For the new methods 
are by no means exhausted and reveal many new possibilities of attacking 
the problem. 

Lord Rutherford : We are sorry not to have Professor Regener here in 
person; he has, however, sent the following contribution to the discussion. 

Professor E. Regener : A very strange result of experimental research on 
cosmic radiation is the extraordinarily great energy that must be attributed 
to the individual rays. The consequence of this was, that hitherto unknown 
elementary processes, such as the formation of helium atoms from hydrogen 
or even the decomposition of protons and electrons to radiation, have been 
tentatively suggested to account for the origin of cosmic rays. However, at 
the present time we have not the slightest clue that might inform us in what 
part of the universe known to us and under what conditions processes of this 
land might be expected to take place. On the contrary, it appears as if some¬ 
thing completely unknown were still concealed behind the problem of cosmic 
radiation. The idea that I should like to suggest here can be correct only 
under certain conditions. Moreover, it complicates the problem still further 
by shifting the question as to the origin of the rays to a department of science 
by no means completely explored. On the other hand, it is in good agreement 
with the exceptional position taken by all observations on cosmic rays, so that 
it need not appear superfluous to discuss the proposition in spite of possible 
modifications. 

If Einstein’s curved space is a closed system, the light from a neighbouring 
star can reach us in two ways: first of all directly, and secondly (roughly 
speaking) the other way round the universe sphere. XJp to the present no 
such second image of a star has ever been observed, and the conclusion drawn, 
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probably with some justification, from this result was that the time taken by 
light in travelling round the world is great compared with the period of 
development of a star. As matters stand, will it not be worth while to assume 
that what we observe as cosmic rays is the radiation emitted by the stellar 
system in our neighbourhood (possibly from the enlarged system of the Milky 
Way, which apparently shows a particular accumulation of matter) at a time 
one period of revolution back ? It would then appear quite intelligible that 
the processes giving rise to cosmic radiation have been sought in vain ; for in 
one period of revolution of the rays the physical conditions may have changed 
so completely that (at any rate in our vicinity of the universe) the state necessary 
for the origin of cosmic rays may no longer exist. However, cosmic radiation 
will inform us of occurrences in our stellar system at a time earlier by a period 
of the revolution of radiation, that is to say, in a hitherto unknown older epoch 
of the universe. It is quite conceivable that, at that time, the physical 
variables of state were of an order of magnitude which would permit of inter¬ 
action between matter and radiation to a far greater extent than we now perceive. 

As far as I can see, the known characteristics of cosmio radiation do not 
stand in contradiction to the hypothesis here developed. As to the periodic 
changes in cosmic radiation, scientists still disagree. Small changes occurring 
in the period of stellar time are upheld by some and refuted by others. Both 
cases would be in agreement with the hypothesis here propounded of radiation 
reaching us in a roundabout way. If oscillations in stellar time occur, it would 
mean that at the time of emission of the rays the centres of emission were 
distributed in a similarly irregular manner to that in which the stars axe dis¬ 
tributed in the sky at the present time. Oscillations of considerable magnitude 
could be obtained only by cutting out individual small spaces of the sky. This 
has not been done as yet, as it would give rise to great experimental difficulties. 
If, on the other hand, the smallest aperture were to yield only statistical 
oscillations, it would mean that the source of radiation was dis¬ 
tributed evenly in the space in our vicinity* Moreover it would not 
impair the correctness of our supposition, if part of the cosmic rays 
were shown to consist of corpuscular radiation (electrons) on entering our 
atmosphere. Corpuscular radiation of this kind might have appeared in the 
form of scattered radiation from matter passed by the cosmic rays on their 
way through the universe. An exceptional position as compared with light 
might be due to the extreme penetrating power of the rays. Whereas light 
may possibly be absorbed by material dust at ultratelescopic distances, 
absorption of cosmic rays should take place to a far smaller extent. 
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The first condition for the validity of this hypothesis is, of course, that our 
space be really a closed system. This depends, inter alia , on the assumptions 
made as to the distribution of matter in remote parts of the universe. If the 
distribution is fairly even, the hypothesis may be true ; if the extra-galactic 
nebula* have been moving outwards for a long period of time, it is false. A 
further condition is that an accumulation of matter subsisted in our vicinity 
at a very remote date. How far this vicinity must have extended is difficult 
to say. It may have been the enlarged system of the Milky Way or a space of 
still greater dimensions. At any rate this part of space must have had a 
privileged position if cosmic rays were emitted therefrom long ago and are now 
returning through an approximately spherical space. This would hardly be 
in keeping with the assumption that the universe is in equilibrium; for in a 
world that is in equilibrium all phases of development must be co-existent, 
i.e., sources of cosmic radiation must still be present in the space “ directly ” 
approachable. Of course, it is conceivable also that in a closed world cosmic 
rays could reach us directly as well as in a roundabout way. 

It is evident that the hypothesis suggested can be valid only if our ideas of 
the universe and its origin are correct in a very distinctive sense. That this 
be really the case may at the time appear rather improbable. However, our 
ideas on cosmology are still very unstable, and it may thus be of some use to 
draw conclusions from a particular form of the closed system of the universe 
concerning the strange phenomenon of cosmic radiation, more especially since, 
were the hypothesis here developed to prove correct, we should be faced with 
the enticing perspective of turning back a whole page in the history of the 
development of the universe. 

Lord Rutherford : First of all, 1 would like to express our thanks to 
Professor Geiger for his extraordinarily clear and modest account of these 
experiments. He is an old friend, and, if he will allow me to say it, an 
old pupil of mine, and I am glad to see he is following in the experimental 
path. 

He has given you the essential experimental facts which we know, and the 
rest is pure conjecture. We have seen one of the examples of conjecture 
from Professor E. Regener. The last time I spoke on this subject was at the 
Volta Congress at Como, where Professor Millikan and others gave an account 
of experiments on cosmical radiation; and I expressed then, somewhat 
brusquely, the opinion that what we wanted in reference to cosmic radiation 
was more work and less talk. We have now arrived at that stage when we 
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have reliable data. Thanks to the fine experiments of Professor Millikan, 
and the even more far-reaching experiments of Professor Regener, we have 
now got, for the first time, a curve of absorption of these radiations in water 
which we may safely rely upon. 

The question then comes, what interpretation can be put on these obser¬ 
vations ? Is it a radiation of the gamma type ? Is it due to electrons of 
energy of the order of a thousand million volts ? The evidence is incon¬ 
clusive, but there is one point I think it is important to bear in mind in 
considering the absorption results and the results of the coincidence method 
used by Professor Geiger, May I remark here that you would never gather 
from Professor Geiger’s address that the invention of that beautiful electron 
counter is due to himself. It is one of the most powerful detector methods 
developed in science, and he tells me there is no reason why you should not 
use a dozen counters in line, and register coincidences to the thousandth of a 
second without any difficulty. That is a fine experimental achievement. 

I pointed out in my Presidential Address before this Society five years ago— 
and it now just seems to be realised—that in considering the passage of very 
energetic radiations through matter you must take account not only of the 
ordinary electronic effects, but also remember that these radiations, of what¬ 
ever type, so great in energy, must pass through the nucleus, and, that the 
atom as a whole takes part in the absorption. The formula of Klein and 
Nishina includes only the absorption due to the outer electrons, but in 
dealing with 1,000-volt radiation the nuclear electrons must also take part. 

There is also the wider problem : Is it not possible that the passage of these 
energetic radiations through the nucleus may give rise to secondary types of 
radiation of a novel kind not known in the laboratory ? I will not press this 
point, because I hope later that Mr. Gray and Mr. Tarrant of my laboratory 
will give you a precis of experimental data to show that such nuclear effects 
are rays, and may be even more marked with the type of penetrating radiation 
we have to deal with. Therefore, as we do not know the factors of absorption 
it is difficult to interpret clearly the experimental results. Owing to this 
lack of knowledge, speculations as to the origin of the radiation must be 
received with caution. It has been suggested, for example, that the radiation 
may arise from the disappearance of a proton or a-particle or as a result of 
the formation of a complex nucleus like that of iron. 

The whole problem is one of great interest and every possible laboratory 
experiment should he made to test for a possible origin of the radiation. 

In a letter to * Nature * a few weeks ago, Sir James Jeans made a suggestion 
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of the origin of the radiation, namely, that you have only to suppose that the 
alpha particle disappears into radiation to account for the absorption curve 
obtained by Regener. The coincidence, on the surface, looks interesting. 
But, if this be the case, presumably this radiation arises from our atmosphere, 
or from matter in space, and we would anticipate that ordinary helium on 
the earth is disappearing and emitting a penetrating radiation. With the 
help of Mr. Gray and Mr, Tarrant a few weeks ago, I tried the experiment of 
placing all the helium I could obtain in the laboratory round their electroscope 
at 100 atmospheres pressure. We had the equivalent thickness of 13 metres 
of helium surrounding the electroscope, while all the helium in the atmosphere 
corresponds to between 2 and 10 cm. at atmospheric pressure. We ought 
to have got at least a hundred times the effect on the electroscope, due to the 
helium around it, as would be obtained from the helium in the atmosphere. 
But we could not detect any increased ionisation, and the effect, if any, was 
certainly less than that due to a one-hundredth of the penetrating radiation. 

It might be argued that the disappearance of helium would be a function of 
temperature and be much greater in the cold of outer space. This can be 
tested when sufficient liquid helium is available, It is important not to place 
too much credence on speculations that go beyond the experimental evidence. 
We have already had a great deal of speculation on this question. Such 
speculations are of value only in so far as they encourage experimental research 
on this difficult question. 

Having sufficiently stressed the dangers of speculation, I shall proceed to 
speculate myself. It seems to me that the penetrating radiation is of the 
y-ray type until we have definite evidence to the contrary. If we suppose that 
the radiation is corpuscular, whether consisting of swift electrons or massive 
charged particles, where does the energy come from ? As far as our evidence 
goes, it seems to me that it is impossible to obtain energy from a single nucleus 
corresponding to 2,000 million volts. Professor Wilson some years ago sug¬ 
gested that high-speed particles of the energy required might be obtained 
during thunderstorms, but we have no certain evidence on this point. I 
have often wondered whether it is not possible that there may be throughout 
space a very weak electric field extending over regions corresponding to 
hundreds or even thousands of light-years. A charged particle in traversing 
such a region could acquire great energy. The effect of collisions with the 
sparse matter in space would also set up a penetrating radiation of the y-ray 
type. It may be difficult theoretically to account for the origin of such a 
field, but it would be much too small to expect to observe it on a laboratory 
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scale. If the radiation were proved to be corpuscular, it seems some such 
hypothesis is necessary if the thunderstorm suggestion has to be excluded. 

I ask one question of Professor Geiger; I was not clear how he made sure of 
the penetrating power of the (3-rays which he examined in this counter; 
how was he sure they were only one speed ? 

Professor H. Geiger : The information was obtained by varying the thick¬ 
ness of the aluminium plate of the pair aluminium-lead, which were used in the 
way I have described. By using plates of 2, 3, 4 cm., etc., thick, we get a curve 
from which it appears that electrons do not come from a greater depth than 
about 4 cm. 

Professor F. A. Lindemann : I also would like to add a word of congratulation 
to Professor Geiger and to Professor Regener. 

Despite Lord Rutherford’s somewhat discouraging remarks about specula¬ 
tion, there seems to be one point in which it may be permissible. Very little 
has been said about the amount of cosmic radiation. It would seem that the 
total energy is of the order of one-tenth the total energy of the starlight. 
From this certain conclusions may be drawn. The solid angle subtended by 
the sun is of the order 5.10~ 5 of the total sphere. The solid angle subtended 
by the stars is about a hundred million times less. If cosmic radiation were 
produced in the heavenly bodies we should therefore expect an enormous 
diurnal effect which does not appear to exist. 

This is somewhat disappointing. The astronomers, in order to account 
for the long lives which they attribute to stars, insist upon some extremely 
powerful subatomic source of energy. This must correspond to primary 
radiation of enormous frequency which one might conveniently identify with 
cosmic rays. On the other hand, despite their high penetrating power, cosmic 
rays could scarcely escape through a greater mass than some 20 kgr. per cm. 2 , 
t.e., one would be obliged to assume that they emanated from the outermost 
layers of the stars from a depth corresponding to a mass of material of the order 
of 2.10* grammes per square centimetre. Taking into account the distance, 
in other words multiplying by the solid angle, this mass would amount to 
one-tenth of a gramme, which would correspond to a thickness round the source 
of 1 ram. of water. This is, of course, a negligible amount. 

On the other hand, it might be supposed that in certain circumstances 
collisions between particles lead to the annihilation of matter and the pro* 
duction of cosmic rays* If this were so, a region in winch one has large 
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numbers of collisions would be more efficient as a source of rays than a region 
in which the same number of atoms collide more rarely. In the stars, owing 
to the high density and temperature the number of collisions sustained by 
one partiole in unit time is enormously great, probably of the order 10 16 per 
second. Hence it would be conceivable that the small amount of material 
in the stellar surfaces, thanks to the high frequency of collisions, would produce 
the necessary phenomena. The absence of a diurnal variation negatives 
this view; it follows that the production of cosmic rays must take place in 
space and not in stellar surfaces, i.e., that production of cosmic rays cannot 
depend upon the number of collisions sustained by each particle. It would 
seem, therefore, that annihilation, if it takes place at all, occurs in ordinary 
atoms or perhaps nuclei where the particles are close together; its nature 
must be more of the radio-active type than of the type of artificial disintegration. 

Mr. Collie has pointed out to me that this may be connected with the fact 
that metastable states which are destroyed by ordinary collisions can persist 
for long periods in inter-stellar spaces and that this phenomenon might have 
some bearing upon the conclusion that atoms which are stable in ordinary 
circumstances might produce cosmic rays in inter-stellar space. That such 
states can exist is shown by the existence of the nebulium lines. If one 
assumed some sort of coupling between the electrons and the nucleus it 
might be that some of these metastable orbits might render the nucleus 
peculiarly unstable. 

That low densities favour instability can scarcely be an effect of temperature ; 
for reactions of such high energy the difference between 2° absolute and 20,000° 
does not come into play. For this reason it is extremely improbable that 
helium should break up at low temperatures if it does not do so at ordinary 
temperatures. 

With reference to Professor Regener’s suggestions, if one takes the Newtonian 
view tempered by the experimental results which are so beautifully subsumed 
in the theory of relativity, the finite universe is defined as the one from which 
light cannot escape, the gravitational potential being so large as to cause it 
to bend round and fall back in the same way as a projectile falls baok on the 
earth. Particles entering into such a universe from outside would, of course, 
obtain a velocity comparable with that of light and have many of the properties 
of cosmic rays, 

Professor Geiger's views on the production of protons from nuclei seem moat 
attractive. I am, however, not quite clear how one can distinguish between 
protons, electrons and photons when the energy is so h^h that its mass is 
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comparable with that of a hydrogen atom. When the mass bewmas large, 
magnetic effects become difficult to detect and it seems likely that in the 
limit all three types of particle would be indistinguishable. 

Professor C. T. R. Wilson: There is thus far no direct evidence that 
thunderstorms produce any appreciable amount of penetrating radiation. 
But I should like to draw attention to some reasons for not altogether ignoring 
thunderclouds as possible sources of such radiation. 

The thunderclouds in action at a given time over the whole earth are on the 
average expending in lightning discharges energy which exceeds by 100,000 
times that required to maintain the flow of ultra-penetrating radiation into 
the earth’s surface. 

While there hardly remained room for doubt that, in electric fields of the 
magnitude to be expected in thunderclouds, electrons which had originally 
quite moderate energy would be accelerated (the energy acquired from the 
field exceeding that lost in collisions) it seemed worth while to test the matter 
experimentally. Mr. P. 1. Dee and I have recently done this and find that the 
effect is readily demonstrated. 

Potential differences of the order of 10® volts almost certainly do occur in 
thunderclouds. Whether any considerable number of electrons acquire energy 
corresponding to the whole potential difference may be doubtful, but large 
numbers of electrons can hardly fail to acquire energies much exceeding those 
of the fastest beta particles from radioactive substances. For any primary 
beta particle which is accelerated by the field will from time to ti me eject as 
a result of a close collision a secondary beta particle which has itself the energy 
and direction of motion necessary for its continual acceleration by the field. 
If this should occur on the average once in every 10 metres of path, the number 
of fast beta particles arising from one original beta particle would amount to 
2** to more than 1000) if the accelerating field continued for 100 metres, 
and to more than 10* if it continued through 1 kilometre. These numbers at 
least suggest that many fast beta particles may be produced within a thunder¬ 
ed and that an appreciable fraction of the energy of the field may be spent 
in accelerating them. 

Dr. J. Chadwick : I wish to make a few remarks about the spec ulat io n s 
concerning the origin of the penetrating radiation. Assuming t hat the radia¬ 
tion is a y-radiation, Millikan concludes from an examination'of the absorption 
curve that it consists of four components of certain intensities and absorption 
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coefficients. From the absorption coefficients the energy of each of these 
components is deduced, assuming the Klein-Nishina formula, and, from a 
comparison with the energies set free in building atomic nuclei from their 
constituent protons and electrons, Millikan identifies the four components as 
radiations emitted in building (1) a helium nucleus, (2) carbon or oxygen 
nuclei, (3) a silicon nucleus, and (4) an iron nucleus. The criticism I have to 
make is that the agreement between the energies only holds for the softest 
component (1), and it seems to me almost impossible to get any agreement in 
the other cases. Further, the separation of the radiation into four components 
is a questionable proceeding, for other interpretations of the absorption curve 
are possible, and also it is unlikely from our present knowledge that the Klein- 
Nishina formula is valid for these penetrating radiations. We may safely 
assume that there is present a very hard radiation of which the energy is 
about 2,000 million volts on the Klein-Nishina formula, and is probably 
greater. The energy available from building up even a heavy nucleus such as 
mercury is only about 1,300 million volte. The energy of this hard component 
is indeed so large that no process of atom building seems able to account for it. 

The speculations of Jeans are concerned only with the two harder com¬ 
ponents of the four I have mentioned. These are supposed to bo due to the 
annihilation of a hydrogen atom and of a helium atom, with the emission of 
the energy as a quantum of radiation. The energies set free in these processes 
are about 1,000 and 4,000 million volte respectively. By assuming that the 
radiations are absorbed by the nuclear electrons as well as by the outer elec¬ 
trons, Jeans obtains a surprising agreement with the experimental absorption 
coefficients. It seems to me that in such a process of annihilation of matter 
momentum must be conserved as well as energy, and we most suppose that 
two quanta of radiation, not one, are emitted in the prooess. The agreement 
between the oaloulation and experiment is then no longer so good, but not 
unsatisfactory. As other speakers have said, there seems to be no adequate 
season why, if hydrogen or helium atoms oan transmute themselves into 
radiation in stars or outer space, they should not do so in the laboratory. A 
few years ago I made experiments to test this question for both these oases, 
more particularly for the case of the annihilation of hydrogen, by searching 
for the emission of a penetrating radiation. I found no evidenoe of it. 


Mr. L. H. Gray : With your permission, Mr. Tarrant wiU speak about 
certain results which we have obtained concerning the interaction between 
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y-rays and atomic nuclei. I believe these results may throw light on the 
“ transition phenomena ” referred to by ProfessorGeiger. The very beautiful 
measurements of Steinke have revealed certain characteristic changes in the 
shape of the absorption curve of penetrating radiation at the boundary of 
separation of a light and a heavy medium. In particular, he has shown that 
the radiation is abnormally strongly absorbed on entering the heavier medium. 
It was suggested a long time ago by Hoffmann that this might be due to the 
photo-electric absorption of the soft “ degraded ” radiations, which arise 
through the scattering of the primary quanta. Quantitatively, however, 
this explanation fails. It now appears that the nuclear absorption of the soft 
degraded radiations, which occurs to a different extent in light and heavy 
elements, is of the right order of magnitude to account for the observed pheno¬ 
mena. I think this explanation would also account quite naturally for the 
electrons, of range about 4 cm., in aluminium, observed by Professor Geiger 
in connection with the transition phenomena, but at present our data are 
rather inaccurate, and one can only say that an explanation along these lines 
seems possible. 

Mr. G. T. P. Tarrant : I want to .discuss the evidence for nuclear absorption, 
which rests on two sets of experiments. In the first case there are absorption 
experiments using thorium IT, giving y-rays of half a million volts. We 
performed absorption experiments on these and found that though the 
absorption coefficient of Ught elements agreed fairly well with that proposed 
for scattering, the absorption of the heavy elements was very much greater 
th*n was to be predicted on that theory and on our estimate of the photo¬ 
electric effect. It looks therefore as if there was some different type of 
absorption occurring with the heavy elements. As a rough guess, it appears 
that this additional nuclear absorption varies with the square of the atomic 
number, and is large in lead, amounting to about a quarter of the total 
absorption. 

The other experiments giving evidenoe for this nuolear absorption ore based 
on scattering. If these hard y-rays fall on to some lead they are scattered 
by the lead, with a change of wave-length. And we find that the change 
of wave-length is not that given by the Compton formula, muteu 
scattering as this is occurring in addition. The raya scattered by the atomic 
node* have an absorption curve which makes one conclude that the energies 
amociated with the scattered rays ore about a million volts and 0-5 nMog 
wits. The absolute intensity of the scattered components is not great enough 
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to aooount lor the total difference we observed in the absorption of the 
incident radiation, i.e., if we aasume one quantum of 2£ million volts energy 
of hard thorium C a rays, it gives only 1| million volts in nuclear soattered, 
and the remaining million is either soattered at very small angles or uf 
entirely absorbed in the atom. In addition, it looks as if four quanta of 
the hard radiation of 2| million volts from thorium give about one quantum 
of the hard component, and about eight quanta of the soft scattered com¬ 
ponent. It is not a question of one hard oomponent being scattered with 
change of wave-length ; it must sometimes produce more than one quantum 
of scattered rays. These rays have been measured up to a thickness of 4J cm. 
of lead at two angles, and the absorption curve is independent of the angle of 
scattering within the limits of experimental error. This seems to show that 
it cannot be any process such as Compton scattering. And, as a test of this, 
measurements have been carried out with radium rays. There it is found that 
the very hard component of these rays are also scattered by the nucleus of the 
heavy elements. And the total scattering by lead of the radium rays is about 
one-fifth of that which you would get from the thorium rayB. The absorption 
has been measured, and the rays which are responsible for the nuclear 
scattering in radium have a mean energy of about 2*2 to 2-5 million volts. 
The same experiments have been made with tin, which gives a different 
absorption curve and an intensity of the scattered component which is about 
that which you would expect from the absorption measurements from the 
thorium C 2 y-rays. 


Dr. G. M. B. Dobson : Professor Hess has recently suggested that the 
stars must be a source of this radiation since the work of Lindholm and 
others has indicated a small diurnal variation in its intensity. Professor 
Hess regards this as evidence that a part of the radiation comes from 
the sun, and that if the sun, then also the stars must contribute to the 
radiation. 

Since the amplitude indicated by Lindholm is only 2 per cent., the sun cannot 
contribute more than 2 per cent, of the total penetrating radiation received by 
the earth, and as the ratio of the penetrating radiation received from the sun 
and from the stars is likely to be very roughly the same as that of their total 
radiation, the amount of penetrating radiation received from the stars must be 
quite negligible. Further arguments against this view are Hie faots that the 
apparent maximum and minima of the penetrating radiation occur at 16 
hours told 8 hours (which oould hardly be the case if some of the radiation came 
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directly from the sun) and that the hardest components of the radiation show 
little, if any, diurnal variation. 

One initial difficulty in Lord Rutherford’s suggestion that there may be a 
small electric potential gradient in space which accelerates charged particles 
till they become penetrating radiation, is that the field would have to be roughly 
radial to the earth, since observation shows that there is little change in the 
intensity of the radiation throughout the day and over wide differences of 
latitude. 

It has been stated that if the penetrating radiation were due to either a or fJ 
particles they would be deflected by the earth’s magnetic field and reach its 
surface chiefly near the magnetic poles. It seems of great importance that 
this conclusion should be verified beyond all dispute, since, if it is true, the 
observed uniformity of the radiation over great differences in magnetic latitude 
would make it certain that it must be a y type of radiation. 

Sir William Bragg : Is it known that this cosmic radiation is moving equally 
in all directions in space ? Can you tell the direction in which it comes, or 
whether it comes all round ? 

Professor H. Geiger : 1 have made experiments only on the surface of the earth. 
If one places two counters in a horizontal plane the number of coincidences is 
about half the number observed when the counters are in a vertical plane. 
This experiment does not prove that the radiation enters the atmosphere from 
all directions. It is not inconsistent with the view that the radiation comes in 
a definite direction. The scattering in the air is considerable and may be 
sufficient to explain the distribution we find. One might distinguish between 
the two hypotheses by making absorption measurements with vertical and 
horizontal counters. 

Professor 0. W. Richardson : My recollection of the facts may be at fault, 
but I remember the observations by Schonland on penetrating radiations 
in thunderstorms, and my recollection of the matter is that 90 per cent, of the 
thunderstorms in South Africa, where he made these experiments, have an 
electric field which is so directed that it deflects positively charged particles 
away ; and he found a considerable reduction in the number of these penetrating 
rays underneath the thunderclouds. And this point, I think , supports the 
yiew of Professor Geiger, that they are positively-charged particles. An 
extended investigation along the lines initiated by Schonland might shed 



Discussion on ZfUm-Pmetrating Rays. 347 

much light on the nature of these rays. For the conditions are such as to 
admit of large scale deflection of charged particles by powerful and extensive 
electric fields. 

Professor C. T. R. Wilson : Schonland regarded his thundercloud observa¬ 
tions as indicating that if the penetrating radiation were corpuscular, it 
must consist of positively charged particles. I do not think the evidence 
was conclusive. 

Sir Arthur Eddington : With regard to the astronomical view, when I first 
heard of these cosmic rays, in 1923, one of the observational features was that 
they were travelling mainly in the galactic plane. That seemed to point 
to a definite connection with astronomy. But later observations have not 
borne that out. And one of the striking things is that they are of more 
or less uniform intensity in all directions; and if the source is to be 
astronomical, one of the required conditions is that it must be more or 
less symmetrical with respect to the earth. It is difficult to find an astronomical 
source which is not markedly unsymmetrical with regard to the earth. In 
the solar system there would be a relation to the plane of the ecliptic, and in 
the stellar system to the galactic plane. It looks as though you have to go 
beyond that, and if astronomers are asked for an explanation they must fall 
back on the whole universe. Dr. Regener goes further, but I think he is misled 
by the phrase “ the spherical universe.” When we think of a closed universe, 
we take the sphere as the simplest model, but I do not tbink it is an 
exact sphere. 

So, as far as I can see, the only reasonable astronomical source is to suppose 
that in the galaxies, or between them, there has been an outpouring of this 
radiation, and that this is running round and round in the universe. It 
could go round and round many times. We can prove that the total 
obstruction of a ray of light going round the spherical universe is considerably 
less than 1 cm. of water. Originally, in the earlier stages of evolution, the 
radius was about 1200 milli on light-years. As far as we can make out, that 
is the figure. If you take the whole of the universe as a source, the earliest 
radiation would have its wave-length displaced to the red, just as in the case of 
the spiral nebulae. And I think the same would apply to the corpuscular 
theory; the energy of the early corpuscles would be decreased. So any 
particular source, like the annihilation of the proton, would not give a sharp 
line, but a spectrum, including displacements of the earlier emissions 
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to the red. That is not a small quantity; it might be four or five times the 
wave-length. It would mean that the wave-length of the majority of the 
radiation would be very muoh greater, and the frequency very much leas than 
that which we calculate for the source. So that still adds to the danger of 
identifying the rays with a particular process by calculating the penetrating 
power, because we do not know how muoh to allow for displacement* All 
that, as I say, adds to the difficulty of an astronomical explanation. Bo that one 
would very much like to have the possible alternatives cleared up, one way or 
the other. 

Professor Geiger : As to the energy of the electrons, I meant to say that the 
energy is of a different order compared with the primary electrons, and of the 
order which you get for electrons from radio-active substances. You get 
electrons of extreme energy in very small amount. The electrons I find are 
about the same order of energy. 

Lord Rutherford : The range of the ordinary (3-rays is about 3 or 4 mm, in 
aluminium. Yours have a range of 3 or 4 cm. 

Professor F. Soddy : Beta rayB will go through 3 or 4 cm. of aluminium, 
and the limit with radium is about 12,000. 

Lord Rutherford : There are some experiments in which you find from 
radium a small amount of (3-radiation, of energy about 8 million volts. 
There is no doubt that under special conditions some of the electrons from 
radio-active substances are of very high speed, but very small in number. 

As Chairman, I express, on your behalf, our very cordial thanks to Professor 
Geiger for having taken all the trouble he has, and for coming over here and 
giving us a talk on this most interesting and fascinating problem. Though a 
difficult one, it is one of the most interesting problems in physical science to-day, 
and, fortunately, experimental methods have reached a degree of refinement 
and precision such as was unthought of 10 years ago. But I do not know that 
the degree of precision is not reaching a limit when we are able to detect the 
effect of individual electrons, and I do not think we can go beyond that But 
we have got some very powerful methods of attack, and it may be possible in 
a few years to be able to decide that very important question of the nature of 
this radiation: Is it a wave; is it an electron; is it a proton, or some other 
massive body ? And we may also be able to get some inform at ion on the 
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energies of particles. On these matters the evidence is a little uncertain at 
the moment. Did you consider the possibility of one quantum of radiation 
producing a coincidence by liberating a (3-ray in one counter, passing straight 
on and liberating another (3-rav in the second counter. Coincidences of this 
kind might possibly arise from interaction of the radiation with the nucleus. 
The difficulty is that your recoil radiation is mainly in the forward direction, 
while a radiation excited in the nucleus, from the experiments of Tarrant and 
Gray, is likely to be distributed in all directions. 

Professor S. Chapman, who was not present, communicated the following 
remarks : Dr. Millikan in a recent paper* has discussed the oauBe of an apparent 
daily variation in the cosmic ray intensities. After making due allowance for 
the variation of the barometer, so as to refer the readings to a common pressure 
(he. city p. 1598), it appears that maxima and minima of approximate amount 
30*02 and 29*66 ions per cubic centimetre second occur at about 6.15 p.m. 
and 7.45 a.m. respectively ; these differ by 0* 36, which, according to the system 
of correction used in Table I of his paper, would correspond to a barometric 
difference (beyond the real difference allowed for) of about 0*26 inch, or 1 per 
cent. He suggests that this difference of readings is due to a real corresponding 
difference (in the contrary sense) in the mass of the column of air lying above 
his station, at the two epochs, when the barometer registers the same pressure 
at each. He suggests that “ the as yet little developed science of meteorology ” 
may be advanced by the use of the cosmic ray electroscope, because, by indi¬ 
cating the superincumbent mass of air, it is “ a more fundamental instrument 
than the barometer/’ whose readings depend on “ a mixture of static and 
kinetic conditions.” It is in his view quite clear that as the sun rises and 
begins to heat the earth, the barometer begins to rise, not at first because there 
is any larger weight of atmosphere above it, but solely because the temperature 
of the air, partially confined by its viscosity and inertia, is rising. “ Before 
night the column of air over the heated area has expanded upward, flowed over 
at the top, and left a miniature ‘ sunspot ’ or hole in the atmosphere, through 
which the cosmic rays then reach the earth in greater intensity merely because 
the air blanket has been partially removed locally by the heated spot/’ 

Few meteorologists will agree that the barometer fails by so much as 1 per 
cent, in indicating the actual mass of air above it, but it is perhaps desirable to 
consider the possibility; if the air were divided into layers by horizontal per- 


* R. A, Millikan, * Phys. Rev,/ vol. 36, p. 1695 (1930). 
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forated plates, in static equilibrium it would be unaffected by them, and the 
barometer would register the overlying mass of air; but if the temperature 
in the lowest layer were quickly raised, at first there would be an increase of 
barometric pressure, until the whole mass of air, by flow through the per¬ 
forations, had attained a new equilibrium. In the actual atmosphere there 
are no such obstacles to the equilibrating flow, but upward flow in a limited 
column is certainly retarded to some extent by the viscous drag of the surround¬ 
ing air. 

Let z denote height measured upwards from the earth, and w the vertical 
velocity of the air at height z ; let g and p, p, ja denote gravity and the pressure, 
density and viscosity of the air. Consider the component equation of motion 
of a viscous medium* 


( 1 ) 






wherein DfDt denotes differentiation following a particular element of air, 
and V 3 has its usual meaning. If this equation is integrated with respect to 
z s from z = 0 to z =» oo , we have, for the ground pressure p 0 , 
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Here the first term on the right represents the total might of the air, or M</, 
if M is its total mass per cm. 2 column (ignoring the variation of g with height). 
The remaining terms are those which, it is suggested, produce a difference 
between p 0 and Mg equal in amount to 1 per cent, of either. 

The second term on the right of (1) is due to the vertical acceleration, and 
the two last are due to the viscous forces. 

The time-average of w for any element of air must be zero, and the daily 
variation can be represented by the sum of terms such as w x sin (at + ej), 
u 2 sin (2 at + e a ), where 2tc/o — 8*64.10 4 , the number of seconds in a day. 
Hence Jhv/Dt is of order aw, or 7 • 10~ 5 w. Thus, considering only the order of 
magnitude, 

r p ^*»7-io-» r i^5, 

Jo vt Jo g 

where 

w — pwdzjI 

* Lamb’* • Hydrodynamic*, 1 3rd cd., p. 638 (2), and p. 6 (3). 
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t\e., 5 is a “ weighted M mean value of the vertical velocity. At the ground 
w 0, and in the lower 12 km. of atmosphere, which includes four-fifths of the 
whole mass, its value, except in limited cyclonic areas, is certainly small, 
A systematic vertical velocity of 1 metre/sec. or 3*6 km./hour could not have 
escaped notice ; cloud observations, which extend up to 8 km. or more, do not 
show any large regular daily changes of height. Hence, taking the average 
between zero vertical velocity at the ground, and an upper limit of 100 cm./seo. 
at the top of the 12 km. layer, we may say that the average value of w in this 
layer, containing four-fifths the total mass, is less than 50 cm./sec. Hence 

to < £ X 50 + ~ I p wdz. 

M J kill. 

Even if w were supposed to increase uniformly above 12 km. to the very 
improbable value of 500 metres/sec. (comparable with the velocity of sound) 
at and above 50 km., w would not exceed 2200 cm./sec. The second term on 
the right of (2) would thus be of order 7.10~ 8 .2200 Mg or 1 *5.10~ 4 Mg, or far 
less than 1 per cent, of the first term. There can be practically no doubt that 
actually it is much smaller still; the hot ozone layer is at about 50 km. height, 
and if w for this layer varied between ± 300 metres/sec. in the course of a day 
the height of the ozone would vary by 1800 km. in the course of an hour, near 
the times of maximum w ; this illustrates the absurdities into which one is 
forced in trying to make the second term of (2) even as large as 1*5.10“ 4 Mg; 
probably 10*“® Mg is a generous estimate of this term. 

The third term involves Dp/Dt ; the variable part of p will be approximately 
represented by a term of the form p x sin (crt -f o^), so that Dp/D t is of order 
ap v and (l/p)Dp jDt is of order crp 1 /p; also pj/p, which is of order 10 s at the 
ground, is nowhere likely to exceed unity. Since the differentiation D/Di 
relates to a particular element, which will always be approximately at the same 
pressure, the variation of p must depend on the local temperature variation; 
hence p*/p will be of the same order of magnitude as T x /T, where T x denotes 
the daily range of absolute temperature T ; except possibly at very high levels 
which contribute little to the third term, this will always be small, as is known 
by actual measurements up to 12 km. or more. 

The value of p is unknown except near the ground, where (considering the 
eddy viscosity) it is less than 100. It seems likely to decrease with height, at 
least up to the ozone layer at 50 km. so that the third term is magnified by 

taking it as 100 


j cfa, or, performing the integration, 100a (p x /p) 
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ignoring the small value at z = 0. Taking (pi/p) as unity, this is 100 a or 
7 .10“ 8 . On the other hand, the first term in (2), M#, has the value 10® 
(dynes/cm. 2 ) approximately. Hence the effect of the third term on p 0 is 
completely negligible. 

The same is true of the last term ; we can replace by dhvjthP, since the 
other two terms are easily seen to be of lower magnitude. Assuming (x <C 100, 
as t>efore, 


< 100 P — dz = loof (^) 

dz a dz 



At the ground level dwjdz is certainly, on the average, very small, the velocity 
gradient being probably less than 1 metre/sec. in 10 km., or 10~ 4 ; nowhere is 
w likely to increase so rapidly as from zero to 500 metres/sec. in 10 km., so 
that {dwjdz) m will be less than 0*05. Hence the last term is less (probably 
much less) than 5, winch again is very small compared with p 0 or Mg. 

Thus it appears that in the daily adjustment of the height distribution of the 
air according to the varying temperature, neither the viscous drag on the rising 
or falling column, nor the vertical acceleration of the air, can affect the baro¬ 
metric pressure by so much ae 1 per cent. 

The suggested explanation of the daily variation of cosmic-ray intensity, 
after correction to a standard barometric pressure, must therefore be 
abandoned. 
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Bakbbian Lecture. —Some Phenomena of the Upper Atmosphere . 

By S. Chapman, F.R.S. 

(Lecture delivered June 25, 1931—MS. received June 26, 1931.) 

Introduction . 

1. Known facts relating to the upper atmosphere have increased rapidly 
in recent years, through observations of many kinds—concerning meteors, 
the absorption and emission of light by the atmosphere, the propagation of 
radio and sound waves, and the daily and irregular changes in the earth's 
magnetism. Among other things they indicate, more or less definitely, the 
existence, and some of the properties, of a layer containing a small but abnormal 
and important amount of ozone, the absolute density of which is greatest at 
about 50 km. height; this ozone absorbs 4 or 5 per cent, of the incident solar 
radiation, and the air is thereby heated to a temperature exceeding that of 
the air near the ground. The observations also indicate the presence of two 
strongly ionised layers, at altitudes of about 100 km. and 220 km.; and of a j 
region, of unknown height, where oxygen exists in a metastable atomic state, 
from which it passes to a state of less energy, with the emission of the green] 
auroral light. 

It is desirable to co-ordinate these facts, with the help of laboratory data, 
general physical theory, mathematical analysis, and intuition or speculation. 
The large gaps in our knowledge unfortunately leave much room for individual 
differences of opinion, but nevertheless real progress in co-ordination has been 
made, and the range of possible hypotheses is being steadily narrowed down. 
In this lecture I present a combined picture of many of the phenomena, in 
the form that now seems to me most probable, though without concealing the 
uncertainties affecting many points. 

Solar VUra-violet Radiation, 

2. The phenomena with which I shall deal are all closely connected with the 
absorption of solar radiation, particularly in the ultra-violet part of the 
spectrum. I shall assume provisionally that the sun's radiation is approxi¬ 
mately that of a black body at 0000°, not only in the visible region, where 
this is an observed fact, but also beyond 2900 A,, where the spectrum as 
received at ground level is cut off,\ Fabry and Buisson,* who have made a 

* C. Fabry and H. Buisson, 4 Memorial des Sc. Phys./ Faac, 9, oh, 3 (1930). 

VOL. CXXXII.—A, 2 A 
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detailed study of the solar spectrum as far as possible in the ultra-violet, 
conclude that when the observed spectrum is corrected for the measured 
absorption in the earth’s atmosphere, it shows no systematic redaction of 
effective temperature down to 2920 A M and certainly no sharp fall even to the 
limit of their measurements, at 2900 A. Their work directly contradicts the 
opinion, sometimes expressed, that the sun's atmosphere, and not that of the 
earth, limits the spectrum in the ultra-violet. 

It is, of course, an extrapolation to extend their conclusion beyond 2900 A., 
but the extrapolation is reasonable. The spectrum is cut off at this point by 
ozone, which is known to be present in amount sufficient to absorb the shorter- 
wave radiation down to about 2200 A. The absorption of radiation beyond 
2200 A. seems attributable to oxygen. Thus the fact that the radiation is not 
received at ground level is quite compatible with its emission from the sun; 
and there are several phenomena that give positive, if indirect, evidence that 
it is emitted, though not necessarily in exactly the amount assumed, j 

The Absorption of Solar Radiation . 

3. Any simple solar radiation, either wave-radiation of a particular wave¬ 
length, or corpuscular radiation of a particular kind and speed, has a definite 
absorption coefficient A with respect to each atmospheric constituent. For 
different radiations and absorbing gases the values of A vary greatly, and in 
the cases of present interest the absorption of each type of radiation is probably 
due mainly to a single constituent of the atmosphere. 

Consider first an absorbing constituent of which the density p varies 
exponentially with the height A, i.e, t 

p = p 0 e~ h,H , (1) 

where H is a constant which is proportional to the absolute temperature T, 
and depends also on the composition and other conditions. Let I be the rate 
of absorption by this gas, at height A, for a particular type of radiation when 
incident at the angle y. Then it is easily shown that 

I » V—■**, (2) 

where 

* " - *o)/H, I 0 - S./H exp 1, A 0 = H log, A Po H, (3) 

S* being the intensity of the radiation outside the atmosphere (A =s oo), 
Thus z is the height, measured in terms of H as unit, reckoned from the level 
A 0 j this is the level at which, when ^ =* 0 (t.e«, for direct incidence, as at the 
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equator at the equinox at noon), I attains its maiimnm value I 0 . The density 
at height h 0 is 1/AH. 

The graph of I/I 0 as a function of height is shown, for / = 0, in fig. 1; 
below the level z = — 1 the value of I/I 0 decreases rapidly owing to the term 



e~* sec / in the index of (2); close to z = 0 the variation is slow, but above 
z = 1 the decrease of I/I 0 is almost proportional to e - *, i.e., to the density p 
of the absorbing gas. More than nine-tenths of the absorption occurs within 
the range z — — 1 -5 to z = 3-5, or over a range of height 5H. The form of 
the distribution depends only on the value of H, and not on the nature and 
intensity of the radiation, though the latter determine the height A 0 and the 
maximum absorption I 0 .* 

Separate Absorbing Layers in the Earth's Atmosphere. 

4. In the atmosphere from 40 km. up to 100 km. the value of H is about 
10 km. for oxygen and nitrogen; it depends on T, which is unoertain, but 
T * 300°, T = 400° correspond to H = 8-5, H = 11*5 km. approximately. 
Thus a radiation for which the level h 0 of maximum absorption falls in this 

* The distribution of absorption for radiation obliquely inoident, in a plane or epherioal 
atmosphere, is oonsidered in ' Proo. Phys. Soc.,’ vol. 43, p. 26 (1631) and in a later number 
of the same Journal, not yet published. 
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region will be absorbed mainly in a layer of thickness about 50 km., shading 
oil more rapidly below than above. 

| The ozone layer which exists with maximum density at about 50 km. is 
likely to be produced, at least in part, by the absorption by oxygen of a band 
of solar radiation of wave-lengths about 1850 A. and less. The coefficient A 
in this case is known only roughly,* but corresponds to a level of maximum 
absorption at about 50 km. Thus most of the absorption will occur between 
about 35 and 85 km./ This conclusion would remain true also if the layer is 
produced by absorption of corpuscular radiation with the level of maximum 
absorption at 50 km. 

(The ionised layers with maximum ionisation at about 100 km. and 220 km. 
undergo daily variations which show that their ionisation is due to solar 

radiations of some kind. \ The values of 
H at these heights are uncertain, but 
at 100 km. H is unlikely to differ much 
from 10 km., while at 220 km. it can 
scarcely exceed 30 km.; for example, 
if there the main absorbing constituent 
is atomic oxygen, and if T = 400°, then 
H = 23 km., while if T exceeds 400°, 
H is greater in proportion. Conse¬ 
quently nine-tenths of the radiation 
concerned in ionising these layers will 
be absorbed between about 85 km. 
and 135 km. for the lower layer, and (at 
most) from about 175 km. to 325 km. 
for the upper—the last estimates being 
very rough. The main point is that 
the three types of radiation are 
absorbed in regions which are in the 
main distinct {cf. fig. 2), though 
absorption of each occurs to some 
extent throughout the whole atmos¬ 
phere, and particularly above the 
level at which its absorption is a maximum. 

These conclusions do not depend on the exact validity of the assumed density- 

* Kreusler, * Handbuoh der Exp. Phys.,* vol. 19, p. 287; I owe this rafemoe to H, 
Petersen, “Oommim. Magn&dquee,” *Dansk. Met. Inst*,’ No. 13 (1931). 
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distribution of the absorbing gas, p = p 0 e~ 8/H ; it is sufficient if this is 
approximately true in the region of main absorption; if H changes slowly with 
height, as is probably the case in the actual atmosphere, the height h 0 must be 
interpreted as that at which p = 1/AH, H having the value appropriate to 
the level of maximum absorption. 

Certainly p = p 0 e~"^ ir for oxygen below 100 km., but whether this is true 
also for the two ionised layers is a matter for future investigation. It is 
definitely not true for ozone, which absorbs most of the radiation from 2200 
to 3400 A.; the downward increase will be less rapid below about 60 km. than 
above this level, while below 50 km. the density actually decreases downwards ; 
the absorption of radiation by ozone will therefore not conform to (2). 

The Dissociative Effects of Solar Radiation . 

5/ Some of the radiations absorbed in the ozone and ionised layers dissociate 
the absorbing gas; the radiation in the Hartley band (about 2200-3400 A.) 
dissociates ozone, a band of still shorter wave-length dissociates molecular 
oxygen, while the unknown radiations absorbed in the two ionised layers 
produce the particular form of dissociation called ionisation. ; 

A definite amount of energy E is required to dissociate any kind of moieoule 
or atom, and the number thus dissociated by a given type of radiation, per 
em. a column of air, cannot exceed the number of such units or quanta of 
energy contained in the beam ; it may, however, be less than this, since only 
a fraction, /, of the energy may be used in dissociation. Whatever the value 
of f the number N of molecules dissociated per cm. 8 per second at any height 
will be proportional to I, the rate of absorption of energy at that height, being, 
in fact, given by 

N - I//E. 

Thus, if 

N 0 = I 0 //E, (4) 

N 0 being thus the marimnm rate of dissociation per cm. 8 per second, 

N = Noe 1- ' - * - *" 0 * (5) 

by (2). Hence fig. 1 also represents N/N 0 (for x = 0), for the dissociation of 
molecular oxygen, and, probably, for the rate of ionisation of the air in the two 
ionised layers. The values of N 0 and H will, however, be different for the three 
layers. 

The number N of molecules dissociated per cm. 8 per second is to be carefully 
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distinguished from the number n per cm. 8 of the dissociated particles esoisting 
at any time at the given height; N is zero during the night, when there is no 
incident radiation, but » does not likewise vanish. Its value depends on N and 
on the recombination or other reactions of the dissociated particles. These 
processes may be simple or complex ; I believe them to be complex in the ozone 
layer, less so in the lower ionised layer, and simple in the upper one. The 
theory of the changing balance between dissociation, recombination and other 
reactions must certainly be different for the three layers, because the ozone 
layer, unlike the ionised layers, shows no appreciable daily variation, while 
its annual variation is also quite different from theirs. 

The Ozone Layer . 

6. In the ozone layer there is dissociation, by different bands of radiation, 
of both molecular oxygen and ozone, 

O a - 20, 0, - 0 3 + 0. (6) 

The reactions and recombinations may be of at least four different kinds, 
20 = 0 2 , 0 + 0, = O a , 0 + 0 3 - 20 a , 20 8 - 30 2 . (7) 

I have constructed a tentative theory* of the chemical equilibrium in the 
ozone layer, which can account for the principal regular properties of the 
layer. The theory is only one possible hypothesis, to be confirmed or disproved 
by further investigation; but whatever its truth as regards the processes in 
the denser part of the ozone layer, I feel little doubt as to the conclusions 
regarding the upper levels. The arguments will be briefly indicated. 

Let the numbers per cm. 3 of oxygen atoms, oxygen molecules, and ozone 
molecules, be denoted by n v n a , n 3 , and let n be the number, per cm.* of 
molecules of all kinds. The number of reactions of the four types (7), per cm * 
per day, are respectively 

k'^nn^y ifc' 1 2 wn i n a> k\ z n x n Z) &' 33 n 8 2 , (8) 

where the k f & are constants, and the factor n is inserted in the first two expres¬ 
sions because the corresponding reactions occur only in three-body collisions. 
The number of dissociations, per cm. 3 per day, of the two types (6), are 

>w a , (xn a , (9) 

* ‘ Memoirs of Roy. Meteor, Soo./ vol 3, No. 26, p. 103 (1930); * Phil. Mag,,* vol 10, 

p. 309 (1930). 



359 


Phenomena of Upper Atmosphere . 

where X and \i are practically constant above 2 = 1 . The equations of equili¬ 
brium for 0 and 0 3 are 

2 Xn 2 + i*n B = 2 k' n rmf + k\%nn x n 2 + k\ z n x n S9 ( 10 ) 

k + k + 2k (H) 

in which every term is positive. Since all the n’s ultimately diminish 
indefinitely with increasing height, ( 11 ) must at sufficiently great heights (where 
k\ z n + 2 &' 8 s n 3 is small compared with the constant p) be approximately 
equivalent to 

k\^nn x n 2 v-fx^g or n 2 /n 2 # k\ 2 nn v (12) 

indicating that the proportion of ozone to molecular oxygen must decrease 
indefinitely with increasing height. At such heights the equation obtained 
by adding corresponding sides of ( 10 ) and ( 11 ) can be simplified to 

2 Xn 2 —— 2/{k 4~ k jjjnjW-g h k 33 ^ 3 ^) " 2k (13) 

so that 

njn 2 ^ y(X/nn a ), (14) 

showing that the ratio of the atomic to the molecular oxygen increases upwards 
without limit. 

Both these conclusions are important in regard to the state of the upper 
atmosphere. The upward decrease in the ozone concentration must affect the 
temperature T of the air ; Gowan* has calculated the temperature distribution 
on various alternative hypotheses as to the distribution of ozone and water 
vapour, but assuming that the ozone concentration either remains constant 
above 60 km., or increases upwards. His estimates of T above (50 km. need 
to be reduced because of the upward decrease in the ozone concentration. 
The upward increase in the atomic oxygen concentration will help to account 
for the observed extension of the atmosphere to great heights. If, as 1 think 
likely, hydrogen and helium are not present at 100 to 150 km., or present only 
with very small concentrations, atomic oxygen (possibly together with atomic 
nitrogen) will be the principal constituent of the outer atmosphere. 

But while the approximate equations ( 12 ) and (14) seem to me inescapably 
true, it is not easy to determine the lowest levels at and above which they are 
valid. These levels depend on the relative magnitudes of the numbers X, p, 
k r u » ifc' ia , k\ 2t k\ 2i most of which are uncertain. I have made estimates of these 
numbers, and of the levels at which (12) and (14) become valid, and since they 

♦ E. H. Gowan, * Proo. Roy. Soo,,’ A, vol. 128, p. 531 (1930). 
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are the only estimates available I will mention some of them: (14) is valid 
above 80 km., and (12) above GO km.; at 80 km. there is only one oxygen 
atom to 300 oxygen molecules (n x — 3.10 11 , n 2 = 10 14 ), while at 120 km* 
there is one to every 3 oxygen molecules (w x = 3.10 u , = 10 18 ). 

I wish to emphasise the imcertainty of these estimates, and yet to say that 
I see nothing improbable in them. The spectrum of the non-polar aurora 
directly suggests the presence of atomic oxygen as a permanent constituent 
of the upper atmosphere, though as yet it gives no indication of the height of 
the atomic layer. 


Ionisation by Ultra-violet Radiation . 

7. The ozone layer has been briefly discussed here mainly because the 
existence of atomic oxygen in the upper levels may be of importance in con¬ 
nection with the theory of the ionised layers. Recent advances in atomic 
physics, made largely with a view to astrophysical applications, throw new 
light on the ionisation of the upper atmosphere, I will first deal with the 
ionising influence of the sun's ultra-violet radiation, this being assumed to 
correspond with that of a complete radiator at 6000°. 

The amount of energy needed to ionise any of the following possible con¬ 
stituents of the air is more than double that required for the dissociation of 
ozone or molecular oxygen. Expressed as usual in volts, the amounts are 
approximately as follows, The table shows also the corresponding limiting 
values of the wave-length and frequency (v), and the number of quanta of the 
required (or greater) energy value received per cm. 8 column of atmosphere, 
when the sun is in the zenith of the place considered. 


Gas. 

I Volts. 

Wave-length. 1 

< 

Frequency. 

> 

Number of 
quanta. 

O, 

41 

Dissociation. 

A 

2900 

w* 

5.10 1 * 

o, 

H 

1850 

1-6.101* 

lO 1 * 

O 

13-6 

Ionisation, 
i 910 

3-3.10“ 

7.10* 

Ot 

101 

! 770 

3-9.10“ 


10*1 

1 770 

3-9.10“ 

\ 8.10* 

2* 

16-9 

730 

. 4-1.10“ 

J 2.10* 

He 

253 

490 

6-2.10“ 

0*3 
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The table shows that, as regards ionisation by ultra-violet light, helium, even 
if present, is likely to contribute almost nothing, while atomic oxygen, if 
present in sufficient amount, is the constituent capable of yielding the largest 
supply of ions. Radiation between 910 A. and 770 A, can ionise only atomic 
oxygen, and in the absence of the latter this radiation would yield no ionisation. 
Radiation between 770 A. and 730 A. can ionise 0 2 and H fi as well as 0, and 
the amount of each thus ionised will depend on the absorption coefficients of 
each gaB for radiation of this wave-length, and on the distribution of these 
gases with respect to height; the lightest gases will predominate in the outer¬ 
most layers, which are first traversed by the radiation, and so they will have 
the greatest chance of absorbing it. As regards ionisation of atomic oxygen, 
however, the question of the share of other gases in the absorption of radiation 
of wave-length less than 770 A. is unimportant, because the whole energy in 
this band is small compared with that in the band 770 A. to 910 A., which is 
available, for ionisation, only to atomic oxygen. The presence of lighter 
gases, which would be traversed earlier by this radiation, would be of importance 
for the ionisation of atomic oxygen only if these lighter gases had absorption 
lines or bands in the region 770 to 910 A., in which case some of the energy 
would be utilised in exciting but not ionising these gases. I shall assume that 
this does not occur. 


The Absorption Coefficients. 

7.1. Recent advances in the theory of photo-electric ionisation, due to 
Kramers,* * * § Milne,| and Gaunt, J enable some progress to be made in estimating 
the maximum degree of atmospheric ionisation due to ultra-violet light, and 
the density of the absorbing gas at the corresponding level. The first applica¬ 
tion of these ideas to the earth’s atmosphere was made by Pannekoek,§ but 
his conclusions need revision. The details of the revised investigation will be 
given elsewhere. 

According to Milne, the photo-electric atomic] | absorption coefficient y for 


* Kramers, ‘ Phil. Mag., 1 vol. 46, p. 836 (1923). 

t E. A. Milne, ‘ Phil. Mag.,' vol. 47, p. 209 (1924); ‘ M.N.R.A.R/ vol. 86, p. 760, p. 768 
(1925). 

t J. A. Gaunt, * Roy. Soc. Phil. Trans./ A, vol. 229, p. 163 (1930). 

§ A. Pannekoek, ‘ Amst. Acad. Proc./ vol. 29, p. 1166 (1926). 

|| This refers to the absorption per atom; y * Am, where m is the mass of an absorbing 
atom. 
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radiation of frequency v, absorbed by a gas having the ionisation energy 
is approximately 

Wg 2 sl 
Y 3-v/3 ck AV’ 


Avo, 

(15> 


omitting certain factors of order unity ; e, c, h have their usual meanings (e 
in e.s.u,), and Z is the atomic number. Gaunt, using the wave mechanics, 
obtains a slightly different expression, but perhaps the main uncertainty relates 
to Z, which may be reducible by some fraction, to allow for shielding of the 
nucleus by the outer electrons. In the case of atomic oxygen Z 2 is 64, which 
may be too large by a factor 2 or 3 ; this is seen most readily by considering the 
inverse process of electron capture. It is likely that the electron penetrates 
the atom, but not inside the K ring. If so, Z may be taken as 8 less the two 
K electrons and perhaps the equivalent of one further electron, representing 
the sliielding of the nuclear charge by the L ring while the electron to be 
captured is outside this. This would make Z = 5, Z 2 = 25, instead of Z® = 64, 
the reduction in y being, therefore, approximately in the ratio 1:2*5; this 
indicates the probable degree of uncertainty regarding y. Since the number- 
density at the level of maximum absorption is I /yH, this is increased in the 
ratio 2*5 if Z 2 = 25 instead of 64 ; the corresponding reduction in the level of 
maximum absorption is about 0*9 H. 

The absorption coefficient y depends on v 0 , determined by the nature of the 
gas, and on v ; since in the solar speotrum the intensity decreases rapidly as 
v increases, most of the energy beyond the frequency v is near v 0 ; y decreases 
as v increases, but the variation does not spread out the absorbing layer much 
beyond that which would correspond to the value (y 0 ) of y for v = v 0 . For 
example, over the range of wave-length 910 to 770 A., y for atomic oxygen 
varies in the ratio 1 * 6 , and the density at the level of maximum absorption 
varies in the same ratio, which corresponds to a spread of the absorption- 
distributions for the separate monochromatic components (fig. 1 ) over a range 
of H log c 1*6 or about pi. 

The absorption coefficients y 0 for v = v 0 for 0, 0 2 and N a are nearly equal, 
but that for H a is much less, owing to the low value of Z in this case. They are 
as follows if, following Pannekoek, we take the atomic values of Z to apply 
also to the molecules :— 

0 0 2 N a H a . 

y 0 = 2*5 . KT 16 2,10 ~ 16 1*2.107*° 3.10” 1 *. 
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TAc Maximutii Electron-densities and Corresponding Gas-densities. 

7,2. While y determines the distribution of absorption of the radiation, and 
consequently that of the resulting ionisation, the distribution of the ion-density 
(«*) or electron-density (wj depends also on the rate of recombination. Assum¬ 
ing that the electrons and ions recombine only with one another, Milne’s 
theory gives for the recombination coefficient a a formula which, omitting 
certain factors of order unity, is 


32* {2r Z 2 e* v 0 
3 ' 31b / (?m *M T*’ 


(16) 


where denotes the electronic mass, A —1*37.lO^ 16 , and T denotes the 
temperature of the gas. For atomic oxygen, taking Z = 8 and T = 300° or 
T ™ 400°, we find that a is 3*7 . l(r 10 or 3*2.10~ 30 , the dependence on T not 
being very important. The uncertainty as to the factor Z 2 affects a and y 
equally; if Z 2 = 25 instead of 64, a must be reduced to 1*5.10 ~ 10 or 


1*3.10~ 10 . 

The radiation, of temperature T t = 6000°, passes downward through the 
atmosphere (at temperature T—perhaps 300° to 400°), and at a height where 
the number, per cm. 3 , of the absorbing atoms is n (n <x e~ s ), the intensity 
8 is S* e~ yUn ; at noon, assuming the processes of ion-formation and re¬ 
combination to be balanced, 


/K 


-i v u« 


(17) 


where K is given by the modified Saha formula 


___ p (271 fp^rp3/2 c . hrJkT^ 

A 3 


(18) 


P being the solid angle subtended at the earth by the sun, i.e. 9 approximately 
1/230,000 (Pannekoek takes (5 =* 1/184,000). 

The rate of absorption, and the value of n ei have their maxima at the level 
where n = n m9 given by 

n m = 1 /yH, (19) 

and 

(M * W “ (* T Tlfexpl) • (20) 

Assuming that, at the levels concerned, the atmospheric gases are distributed 
according to Dalton’s law, H = kl/mg. Hence 

(«.W * T-w, 


( 21 ) 
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showing that a moderate uncertainty in the value of T has little influence on 
the estimate of (n,) max .; T has more influence on the estimate of n mf which 
varies as 1/T. 

The following are the values of log 10 K, n mi and (n 0 ) mtkii . y taking T = 300° ; 
the dependence of n m and (n,) max . on T and Z is indicated in the last column:— 


0 0 2 N 2 H a 

log 10 K. —15*7 —17*8 —18*5 -17-8 

n m .. 2-5.10 9 7 .IQ 9 9.10 9 3.10 10 cc l/TZ a 

(n,) raa *. . 4.10 6 6.10 5 2*5.10 5 10* oc 1/T 1/4 Z. 


If Z 2 is 25 instead of 64, the values of (n fl ) max . in the last row must be increased 
in the ratio 1*6; they refer, of course, to the equator. 

The Level of the Layer Ionised by VUra-violel Radiation. 

7.3. Exact values of the heights h m at which n has the value n m can unfor¬ 
tunately not be given, because of the uncertainty regarding the composition 
and temperature of the air at high levels. The composition depends greatly 
on the height at which convective mixing ceases or is overborne by diffusive 
separation. If mixing is assumed to be effective throughout most of the first 
100 or 110 km., as there is some reason to suppose, the proportion of hydrogen 
at this level will have a value as low, or nearly as low, as near the ground; 
though the proportion may increase upwards above this level, so that hydrogen 
finally becomes the main constituent,* its atomic density n will steadily 
decrease upwards, and at no level above 100 km. will its n attain the above 
value n m . The radiation which might ionise hydrogen, if it were the only gas 
present, will mostly be absorbed mainly by other gases, principally molecular 
oxygen. 

The height at which n = 9.10 9 for N a is about 180 km. if T — 300° above 
50 km.; the corresponding values of n m and the height, if T — 400° above 
50 km., are 7.10 9 and 200 km. It is here assumed that mixing ceases at 110 
km., and that nitrogen is not dissociated. The heights at which n =* n m for 
O and O a are uncertain because the degree of dissociation of oxygen is unknown ; 
if the tentative estimates mentioned in § 6 are adopted, the heights are 200 km. 
(or more if T > 300°) for 0, and less than 180 km. (if T = 300°) for O a . These 

* Unless, as seems quite possible, it is removed by combination with atomic oxygen. 
It seems likely that hydrogen plays no significant part in the phenomena of the outer 
atmosphere; the absence of any spectrosoopic evidence of its presence supports this 
view. 
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heights must be increased if the degree of dissociation of oxygen at 120 km. 
is less than one-third. 

These estimates, though rough, suggest that atomic oxygen will absorb most 
of the ionising ultra-violet radiation, at heights not much above 200 km. This 
is in fair agreement with the measured height of the upper ionised layer, which 
has its maximum electron density at about 220 km., according to Appleton,* 
The corresponding theoretical value of about 4.10® (or 6.10 6 if Z* 

is 25 instead of 64), refers to the equator and noon, and is in good accord 
with Appleton's estimate 2.10 6 for these latitudes. This observed value is 
definitely greater than could be explained by molecular nitrogen and oxygen 
in the absence of atomic oxygen, unless the intensity of the ultra-violet solar 
radiation is greater than has been assumed. Considering the various uncertain 
factors involved, it seems satisfactory that a purely physical theory involving 
no disposable constants should give so good an agreement with observation 
as regards (n # ) max ., and a value of n m corresponding to a height of the order 
200 km., and definitely much above the level of the lower ionised layer. On 
the whole the discussion, though perhaps not decisive, favours the view that the 
upper ionised layer is ionised by ultra-violet radiation; it suggests also that 
the ions in this layer are mainly atomic oxygen, with a small proportion of 
molecular nitrogen and oxygen ions. 

The Ionising Agent in the Lower Layer. 

8. This view implies the corollary that the lower ionised layer is produced 
by something different from ultra-violet radiation, since the latter is all 
absorbed at greater heights. The ionising agent must be of solar origin, and 
must travel in straight lines, because the sunlit hemisphere is principally 
affected, and the ionisation rapidly decreases towards and after sunset. The 
only radiation, not wave-radiation like light, that has these properties consists 
of neutral corpuscles (atoms or, less probably, molecules) emitted by the sun 
and travelling undeflected through the earth's magnetic field because they have 
no charge. 

I have for some years been increasingly driven to this conclusion, on quite 
different grounds, viz., from the evidence of the daily magnetic variations. 
These are of two kinds, of solar and lunar daily period; for brevity, I will refer 

* B. V. Appleton, * Nature,* February 7, 1930 ; also ‘ Phys. Soo. Proc,,’ vol. 41, p. 43 
(1028), vol. 42, p, 321 (1930); also with A. L. Green, * Proc. Roy. Soo.,’ vol. 128, p. 169 
(1930), and earlier papers there cited. 
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to them as S and L. The small varying magnetic fields (superposed on the 
main field) responsible for S and L are alike in being much stronger by day 
than by night, and in summer than in winter; but in other respects they are 
considerably different. The S-field has a large and regular variation of 
amplitude in parallel with the sunspot cycle, and also varies irregularly by 
about ±20 per cent, from day to day, quite independently of magnetic dis- 
turbance. The L-field has a much smaller sunspot-cycle variation, but varies 
very considerably from day to day, in parallel with magnetic disturbance. I 
interpret these facts as indicating that the two fields are produced in different 
layers, ionised by different solar agents. 

The magnetic data do not indicate the heights of the two layers, for which 
the radio measurements are indispensable. But, taking the heights as known, 
and assuming that 8 is associated with one of the two observed layers, and L 
with the other, it is possible to infer which is the one associated with L. L can 
be explained simply and reasonably as duo to Foucault currents induced in the 
atmosphere by a lunar tidal circulation; no alternative theory that can 
bear examination has been proposed. This “ dynamo ” theory of L requires 
a certain electrical conductivity of the layer in which the currents flow. Recent 
advances in knowledge make it possible to exclude any region other than the 
ionised layer at about 100 km. as the seat of this conductivity ; for, as was 
pointed out by Pedersen,’ 11 the earth’s magnetic field greatly reduces the 
conductivity of the air, transverse to the field, in the region where the free 
paths of the electrons and ions are long compared with the radii of the spirals 
which they execute under the influence of the field. At 200 km. the reduction 
is so great that the total conductivity of the upper ionised layer is much below 
that required by the dynamo theory of L. This magnetic restriction limits 
the conducting layer from above; ions above 150 km., and electrons above 
90 km., contribute little to the (transverse) conductivity. On the other hand, 
the layer is limited from below by the increasing shortness of the mean free 
paths. On detailed examination, the observed ionised layer at about 100 km. 
is thus found to be the only region where L can be produced. 

If this identification is correct, then since L varies in parallel with the activity 
of magnetic disturbance, the ionisation of this layer should vary in like manner. 
Radio measurements do in fact indicate increased ionisation of this layer at 
times of magnetic disturbance. 

The ionisation of the polar regions, and especially of the auroral zones, must 
vary in parallel with magnetic disturbance, which is there most intense. On 
* P. O. Pedersen, ' The Propagation of Radio Waves,’ Copenhagen (1927). 
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-good grounds, this zone is generally considered to be ionised by charged solar 
corpuscles ; these will travel along straight lines towards the earth till within 
a distance of a few earth-radii, when they become deflected by the magnetic 
field towards the polar regions. There they penetrate the atmosphere to 
approximately the same height as the agent that ionises the 100-km. layer over 
the sunlit hemisphere. 

These facts fit in well with the indications to be derived from Milne’s theory* 
of corpuscular emission from the sun. The atoms likely to be emitted are 
those that have strong absorption lines in the solar spectrum; some of these 
atoms are ionised, others are neutral. Milne has shown that both types of 
atom will acquire speeds of the same order of magnitude under the accelerating 
influence of selective radiation pressure ; thus they will travel together until 
the earth’s field separates the charged atoms from the neutral ones, the former 
going towards the poles while the latter impinge only on the sunlit hemisphere. 
The depths of penetration should be similar, and the intensity of the supply, 
and of the resulting ionisation, would be expected to vary in the same way 
for the two kinds of particle. These expectations accord with the facts of 
observation already cited. Several indications thus favour the conclusion 
that the lower ionised layer is ionised by neutral atoms from the sun. These 
corpuscles should ionise molecular nitrogen,f just as the charged particles £ 
appear to do in the auroral zone. Possibly molecular and atomic oxygen are 
also ionised by them, but there is no spectroscopic evidence of this ; it would 
be of value if spectroscopists could state whether this absence of evidence 
implies that oxygen is not ionised. 

The Nature of the Ionisation in the Two Layers , 

9. Besides the inferred difference in the mode of ionisation of the two layers, 
and the suggested difference in the nature of the gas principally ionised in 
each (atomic oxygen in the upper, and molecular nitrogen in the lower), there 
appears to be a further important distinction between the two layers. In 
the upper one the number of free electrons is probably nearly equal to that of 

* E. A. Milne, ‘M.N.R.A.S./ vol. 86, p, 469, p. 578 <1926). 

f This is oonfirmed by an observation due to Slipher, and confirmed by McLennan, 
that the bands of singly ionised nitrogen are apparent in the west, before the last glimmer 
of daylight has disappeared, cf. Rayleigh, 4 Pxoc. Roy. Soo.,’ A, vol. 131, p. 381 (1931). 

x The charged atoms must be accompanied from the sun by a nearly equal number of 
electrons, the stream being almost neutral electrostatically, and carrying no appreciable 
current. The electrons probably play only a minor part in ionising the earth's atmosphere, 
owing to their small momentum and energy. 
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the positive ions, there being few negative ions formed by attachment of 
electrons to neutral atoms or molecules; indeed, the application of Milne’s 
theory of photo-electric ionisation is made on the assumption that this is so. 
There are definite indications, on the contrary, that in the lower ionised layer 
the ions far outnumber the electrons, owing to the rapid attachment of the 
latter to neutral particles. The number of positive ions must equal the com¬ 
bined number of the free electrons and the negative ions, and if the electrons 
are relatively few, this implies that the negative ions are nearly as numerous 
as the positive ones. 

The radio measurements of upper atmospheric ionisation are not quite 
unambiguous ; they indicate, for the lower layer, that the maximum electron- 
density does not exceed about 6.10 6 (in our latitudes in summer at noon), 
but the electron-density may be less than this, since m,/m e ions (where m e 
denote the ionic and electronic masses) are equivalent, as regards the radio 
measurement, to one electron. Taking the ions to have an atomic weight 
intermediate between 28 (for N a +) and 16 (for 0“), m i jm { e is about 4.10 4 . 
Thus the radio measures might be interpreted as indicating an ion-density of 
about 2.10 10 ions, were it not for the fact that polarisation phenomena show 
that there are at least some electrons present; hence the measurements really 
indicate a combination of an electron-density n € and an ion-density n it such 
that n i + (m e /m<) n, = 6.10 5 . 

The evidence in favour of a large excess of ions over electrons in the lower 
layer is partly magnetic; the conductivity required by the dynamo theory of 
L cannot be provided by the maximum electron-density estimated from the 
radio data, of about 6.10 5 per cm. 3 , but requires a large ion-density, of the 
order 10 s or 10 y per cm. 3 . It has sometimes been suggested that the radio 
measurements require the worker in terrestrial magnetism to moderate his 
estimate of the conductivity of the ionised layer, but I think the proper attitude 
is to regard the two sets of data not as overlapping and contradictory, but as 
complementary, giving information as to different aspects of the problem. 
The dynamo theory requires an ion-density much larger than the maximum 
electron-density consistent with the radio measures, but yet well within the 
maximum ion-density corresponding to the radio measures on the assumption 
that there are no electrons. The two sets of data can be reconciled if the 
electron-density is of the order of, but less than, 6.10 6 , the balanoe of 
n, + being due to n,. 

Further, as pointed out by Pedersen (toe. c&), there is some laboratory 
evidenoe in favour of the rapid attachment of free electrons to neutral particles 
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of certain kinds, possibly molecular oxygen (but not to molecular nitrogen). 
Certainly the oxygen atoms present in the 100 km, layer must tend to capture 
the electrons, in view of their known considerable electron-affinity, which is of 
the order of a few volts. Thus the ions in this layer may be largely composed 
of positive nitrogen molecules, and negative oxygen atoms. But there are 
likely also to be molecular and atomic oxygen positive ions, since a positive ion 
can capture an electron from other particles of lower ionisation potential with 
which it collides* 

The mean free life of the electrons before attachment to neutral particles 
varies inversely as the density of the air, which decreases upwards, varying 
as e~ hfn , so that the mean free life increases upwards as e hfn . Appleton has 
found that the maximum electron-density in the lower layer diminishes rapidly 
towards and soon after sunset, but then remains nearly constant during the 
later hours of the night. The nearly constant electron-density must occur at 
a level where the free life of the electrons is several hours, while the rapid 
decrease near sunset occurs in lower levels where during the day the electron- 
density is greater, but where the mean life of the free electrons is less than an 
hour. Appleton finds a rise of level of the height of maximum electron-density 
during the night, in general accordance with this view. 

At the far greater height of the upper ionised layer the free life of the electrons 
before attachment to neutral particles will therefore be so long that, as has 
already been assumed, this attachment can be neglected. The electrons 
disappear only by recombination with positive ions to re-form neutral particles. 
In the lower ionised layer, on the other hand, this recombination of opposite 
charges will occur mainly between positive and negative ions . 

The Daily Variation of Ionisation in the Two Layers . ^ 

10. The daily variation in the ionisation of either layer, at any height, is 
determined approximately by an equation of the form 

dn/dt = N — an 2 , (22) 

where now » denotes the number, per cm. 8 , of either positive ions or electrons 
in the upper layer, and of either positive or negative ions in the lower layer, 
while N is the number of fresh ion or ion-and-electron pairs formed per cm. 8 
per second, and a is the coefficient of reoombination; N is zero during the night, 
and varies in a known way throughout the day (cf (5)). 

* Kallmann and Rosen, 1 Z. Physik,’ vol 61, p. 61 (1230). 
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In a detailed discussion* of the equation (22) I have shown how the character 
of the daily variation of n at different heights, seasons and latitudes is governed 
by the value of the quantity o 0 , defined byf 

l/a o ^l*37.10MV) 1 * 

= 1 • 37.10 4 an 0 , (23) 

where N 0 is the maximum equatorial noon value of N, and 

n 0 -(N 0 /«)^; (24) 

n 0 is the maximum possible value of n f attained, in certain conditions, near 
noon at the equator at the height h Q (§ 3)* 

If <r 0 > 1, the maximum value of n is not attained till distinctly after noon 
(about 3 p.m.); both the radio and the magnetic evidence suggest that the 
maximum in each ionised layer occurs almost at noon, so that a 0 must be leas 
than unity. If o 0 < |, the contrast between the noon and night values is 
rather more extreme than the observations suggest (the ratio a,nni/>Lw. 
being 10 at the equator), so that or 0 would seem to lie between 1 and 1, 
being nearer the latter value. For the upper layer, taking a 0 = £ and 
(the theoretical equatorial value, assuming z^ 5, T = 30G P , 
the absorbing gas being atomic oxygen), (23) gives a = 0*5.10” 10 , which is in 
satisfactory accord, as regards order of magnitude, with the theoretical 
estimate 1-5.10~ 10 made, on the same assumptions as to T and z t from an 
approximate form of Milne’s formula. It must be remembered that certain 
factors of order unity in Milne’s formula have been omitted on account of 
ignorance as to their exact value. 

The coefficient of recombination between positive and negative ions in the 
lower ionised layer can also be calculated; taking the same value of cr 0 , as 
is appropriate, a is found to be 3.10" 12 or fi . 10” 18 according as n 0 is taken 
to be 10* or 5.10*. These values are much less than that for the coefficient 
of recombination between ions and electrons in the upper layer. Owing to 
this slow recombination, N 0 is fairly small—only 3.10* or 1*5.10 5 according 
as n 0 is 10 8 or 5.10 8 , In the upper ionised layer N 0 is about 1*8.10*. 

As we ascend from the level of maximum ionisation, in either layer, the daily 
mean ionisation decreases, and also the ratio of the daily range to the daily 
mean, while the epoch of maximum is retarded till towards sunset. At a 

* * Phys. Soc. Proc./ vol. 43, p. 26 (1931). 

t The factor 1*37,10 4 is the number of seconds in a day divided by 2 tc. 
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height of about 6H above the level ft 0 , the proportionate daily variation 
becomes small (about one-sixth) and n varies only slowly during either the day 
or night. Somewhat similar remarks apply to the daily variation of atomic 
oxygen above the levels where its recombination ceases to be complicated by 
the formation of much ozone ; at a level of 6H above the ozone layer, or about 
120 km., the proportionate daily variation of the amount of atomic oxygen is 
likely to bo small. 

The Green Light of the Night Sky . 

11. These conclusions as to the daily variations of atomic oxygen and of 
the ions in the two ionised layers are of interest in connection with the green 
light (X5577 A.) of the night sky, which has been studied particularly by 
McLennan* and Rayleigh.} McLennan has shown that the light is emitted 
by neutral atomic oxygen, during a transition from a metastable excited 
state. The mean free life in this state is unknown, but must much exceed that 
of atoms in normal excited states (10“ 7 or 10~ e seconds), though being probably 
less than a second. It is therefore remarkable that a continuous supply of 
excited oxygen atoms is available during the whole night, at a nearly steady 
rate.} 

Rayleigh§ has measured the absolute photometric intensity of the light, and 
has shown that when the energy is expressed in quanta of the appropriate 
amount (2*22 volts) it indicates that 1*8.10 s atoms undergo the transition 
eaoh second per square centimetre column of atmosphere. This is a very 
considerable number, and involves an amount of energy comparable with 
(about 4 per cent, of) that utilised in ionising the upper layer, according to § 7 
($,«., 1*8.10 s quanta of 2*2 volts as against 7.10 s of 13*6 volts) the ratio 
being 1 to 23. In my opinion this energy is most likely to be of solar origin, 
and to be stored up in the atmosphere during the daytime, and slowly expended 
throughout the night. 

The storage, however, cannot be in the form of energy of exoitation, which is 
re-emitted as light within a second at most, while it may also be transformed into 
kinetic energy even before this has time to occur, if the interval between 

* ■ Proc. Roy. 800 .,’ A, vol. 129, p, 31 (3930) and many earlier references* A biblio¬ 
graphy is given in an article by J. 0. McLennan in the * Third Report on Solar and Testes- 
trial Relationships (International Research Council),’ 1931. 

t ‘Proc, Roy, Soc.,’ A, vol. 131, p. 376' (1931) and earlier papers there cited. 

t MoLennan and Rayleigh have independently found that the rate has a alight variation 
with a maximum shortly after midnight. 

S * Ptoc, Roy, Soo,,’ A, vol. 129, p, 458 (1930). 
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collisions is shorter than the mean free life. It seems to me that the energy 
must be stored up as energy of dissociation (including ionisation as a particular 
case), because such energy can be given up or transformed only by re-union, 
or some other form of reaction, of the dissociated particles; this involves 
collisions, which are more or less frequent according to the density ; if the gas 
is sufficiently rare, the energy may bo stored up for hours or even days. 

On this view the energy of the green auroral light is previously energy of 
dissociation, which is transformed, at collisions of some particular type, during 
the re-union or other reaction of certain dissociated particles, one of the products 
being an excited neutral oxygen atom. The particles involved in such reactions 
may be called the parent substances of the metastable atoms, adopting in 
modified form a usage familiar in the subject of radio activity. 

In the process of generation the parent substances (in their original form) 
must be used up, and since the process continues throughout the night (about 
4*3.10 4 seconds) with very little falling ofi, the loss of the parent substance 
in this interval must be only a small fraction of the number originally present. 
That is, the number of metastable atoms formed during the whole night, which 
is 8.10 12 per square centimetre column, must be a small fraction of the number 
of parent particles in the same column. Putting the fraction no lower than 
1/6, the number of parent particles must be not less than 5. l(P* per square 
centimetre column. If these were distributed with approximately constant 
concentration throughout some layer of the atmosphere, above a certain 
level, the number per cm. 8 at the base of the layer will be 5 . ; if H is 

taken as 10 km. (or 20 km.) this number is 5.10 7 (or 2-5.10 7 ) per cubic 
centimetre. This is still a lower limit for the number of parent particles, because 
it assumes that the transformation of every such particle gives rise to a 
metastable oxygen atom, and that each metastable atom gives oft its energy of 
excitation as light. 

The latter is unlikely to be the case; at a level where the collision interval 
is x x * the fraction of metastable atoms that give ofi their energy as light is 
1 _ e~nh y which is approximately equal to xjx when this is small. Only 
if t x exceeds t throughout the layer in which the parent particles are distributed, 
so that 1 — e~ r ' r is nearly unity, will the minimum number of parent particles 
be equal to 5.10 18 per cm, 2 column. This is one extreme case, the other being 
that in which t x /t is small throughout most of the dissociated layer (for example* 

* If the excited atoms do riot give up their energy in the form of kinetic energy at their 
first collision while still excited, but only (on the average) after * col lisi ons, t* should be 
replaced by tv,. 
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up to 2 — 6); the minimum number of parent partiales per square centimetre 
column is then (t/t x ) 5.10 18 . 

It seems possible to conclude definitely that Tj does not exceed t throughout 
the whole layer of dissociated parent particles (whatever these may be), 
because, if it did, these particles, and the metastable atoms generated by them, 
would undergo a marked daily variation, and, in particular, a steady and 
considerable decrease throughout the night. This does not occur, and the 
major part of the emitting metastable atoms must be generated in the upper 
part of the dissociated layer, where the daily variation of the parent particles 
is small. Hence also the fraction of parent particles that are instrumental 
in producing the green light must be small, probably not more than one-tenth ; 
thus the whole number of parent particles per cm. 8 column muBt be at least 
5 . 10 14 . 

This enables one of the three dissociated layers to be ruled out as a possible 
(main) source of the green light. The upper ionised layer, in which it is 
suggested that the ions are atomic oxygen, contains per cm. 2 column, even at 
noon at the equator, not more than about 6.10“ X 2H or (taking H = 20 km.) 
2-4.10 13 ions. This is too few to account for the observed light. The lower 
ionised layer, on the other hand, seems (so far as the present considerations go) 
a possible source ; the number of ions is not definitely known; if it be only 
10* per om. 8 at the level of maximum ion-density, the total number will be 
about 10 s X 2H or (taking H = 10 km. for this layer) 2.10 14 . This is not 
quite adequate, but if the maximum ion-density is 5.10 s , as seems possible, 
the total number is 10 15 , of the right of magnitude. The third dissociated 
layer, overlapping each of the other two, is that of atomic oxygen. If the 
tentative estimate of its density at 120 km. (3.10 u per cm. 8 ) is valid, the total 
number of oxygen atoms above this level—throughout which the daily varia¬ 
tion of the atomic oxygen is likely to be small—will be of the order 6.10 17 ; 
this is amply adequate for the production of the necessary number of metastable 
atoms, according to the above criterion. There are further conditions to be 
satisfied, but the choice of emitting layer seems to lie between this and the lower 
ionised layer. 

Among the further conditions is that the estimated minimum loss of 
parent particles during the night shall not exceed the number re-formed in 
the same levels during the day. This condition likewise appears to be 
satisfied by both the atomic oxygen layer and the lower ionised layer. 

The height at which, consistently with a small nocturnal variation in the 
green light, the collision interval t x can become comparable with the mean 
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free life t is about 160 km. for the lower ionised layer, and considerably less— 
perhaps as low as 100 km.—for the atomic oxygen layer. At 100 km. is 
between 1(T 2 and 10~ 8 second, which seems to be of reasonable magnitude for 
r in a metastable state. But if atomic theory should later indicate a distinctly 
smaller value of t, the lower limit of the emitting layer would be reduced, 
and it would become somewhat unlikely that the lower ionised layer is respon¬ 
sible for the emission. 

In either case, it seems that the emission must take place not below about 
100 km. if the atomic oxygen layer is the responsible one, or not below about 
160 km. if the metastable atoms are generated in tbe lower ionised layer. 
Further, the emission is not likely to occur to any appreciable extent above 
200 km., where the dissociated constituents in the atmosphere become too rare 
to supply the emission. 

The most obvious reactions associated with the two layers, that might give 
rise to the metastable atoms, are 

20 - 0 2 (26) 
in the atomic oxygen layer, and, possibly, 

N # + + 0“ - N* + 0™ (26) 

in the lower ionised layer. In the former the energy released is 6 or 7 volts, 
which is twice the excitation energy (about 3*4 volts) of the metastable atoms, 
reckoned from the lowest state of the atom. Since in (25) the reaction results 
in the formation of a single particle, the reaction takes place only in the presence 
of a third body, and this may be N a , 0 8 , or O ; only in the last case can an 
excited oxygen atom result, and even if the third body is an oxygen atom the 
energy of dissociation may merely be transformed into kinetic energy instead 
of excitation. In the reaction + 0~ »N a -f- 0** the energy released 
is about 16*9 — 3 volts, i.e., the difference between the ionisation potential 
of nitrogen, and the electron affinity of 0 ; this is about four tim es the excitation 
energy required; the reaction does not require the presence of a third body. 
On the whole, it is perhaps more likely that (25), in the presence of a third 
oxygen atom, is the main reaction leading to the green light, because the mar gin 
of dissociated oxygen atoms that can serve as parent particles is so much greater 
than in the case of the ions taking part in (26), I hope, however, th at more 
light will be thrown on these questions by a detailed study of the probable 
reactions in the two layers, taking account of the distribution with regard to 
height, which I have in hand, and in which the polar aurora, as well as the 
non-polar, will be considered. 
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The Kinetics of the Oxidation of Cyanogen. 

By H. J. Hadow and C. N. Hinshelwood, F.R.8. 

(Received March 31, 1931,) 

Introduction. 

Gaseous oxidation phenomena show a great variety, Bince actions may take 
place both on the vessel wall and homogeneously, and reaction chains which 
may thus be set up are broken either in the gas phase or at the wall according 
to circumstances. With the object of extending the picture of these reactions, 
we have studied the oxidation of cyanogen, which, in several respects, exhibits 
a kind of behaviour quite different from that met with in the oxdiation of 
hydrogen, phosphine and various hydrocarbons.* There is evidence of the 
formation on the vessel wall of activated carbon monoxide molecules, some of 
which are oxidised immediately to carbon dioxide, and the remainder of 
which are deactivated. The further oxidation of normal carbon monoxide is 
inhibited in a remarkable way by cyanogen. 

An explosion limit exists, but appears to be of a rather special kind, unlike 
the limits found in the oxidation of hydrogen,! and phosphine,! and depending 
on certain particular adsorption relationships. 

Experimental Method . 

The method was the one described in previous papers. The gases were 
admitted into silica bulbs heated to 700° C. in an electric furnace, and the 
reaction was followed by observing the pressure changes, and by analyses 
made at various stages. Oxygen was prepared by heating potassium per¬ 
manganate, passed over solid potassium hydroxide and over phosphorus 
pentoxide. Cyanogen was prepared by allowing concentrated solutions of 
copper sulphate and potassium cyanide to react, freed from hydrogen cyanide 
by passing through two spirals containing silver nitrate solution (the second 
always remained free from precipitate), dried over calcium chloride and 
phosphorus pentoxide, condensed and distilled. Carbon monoxide was made 

* For summary see * Annual Reports, Chem. Soc.,* 1930 (vol, 27, p, 41). 

t * Proo. Boy* Soo,,’ A, voh 130, p. 640 (1931). 

t ‘Froo. Roy. Soo.,’ A, vol, 126, p. 294 (1929); vol. 128, p. 263 (1930); vol 129, 
p, 589 (1930). 
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from sulphuric acid and potassium formate, passed over potash and over 
phosphorus pentoxide. All the gases were generated or distilled in previously 
evacuated apparatus made entirely of glass. 

Cyanogen is difficult to analyse by explosion. The products of the com¬ 
pleted slow combustion were therefore analysed in a Bone and Wheeler 
apparatus. The results were as follows;— 

Gas taken, 592-2 mm. Nitrogen found, 200-5 mm.; theoretical, 197*4 mm. 

Carbon dioxide found, 391-8 mm.; theoretical, 394*8 mm. 

Course of the Reaction , 

When a mixture of cyanogen and oxygen is heated at 700° C. the pressure 
gradually increases as shown in fig. 1. The increase then ceases rather abruptly, 
and after another short period an explosion occurs. The products of the 
explosion are formed according to the equation CjNj + 20 s =» N a + 2CO a . 
Thus the final pressure is equal to the original pressure. The preceding 
increase is due to the formation of carbon monoxide : CgN a + O* a N a + 200. 
It will be seen from fig. 1 a that with 100 mm. cyanogen and 200 mm. oxygen 
the explosion occurs after the pressure has increased by 44 mm. This means 
that 44 per cent, of the cyanogen has been oxidised to carbon monoxide when 
the explosion point is reached. The remaining 56 per cent, is either unchanged 
or has been oxidised without pressure increase to carbon dioxide. Analyses 
were made of samples withdrawn from the reaction vessel at various stages j 
these show that at the explosion point practically all the cyanogen is used up. 
It is therefore the carbon monoxide and not the cyanogen which explodes. 
At the temperature and under the other conditions of the experiments carbon 
monoxide would not be expected to accumulate in the reaction vessel at all, 
since it normally inflames in oxygen at once. The explanation of its survival 
is that quite small quantities of cyanogen entirely inhibit its oxidation. Direct 
experiments showed that when, for example, 100 mm. carbon monoxide were 
added to 166 mm, oxygen immediate inflammation took place, but if 5 mm. 
cyanogen were also added, the oxidation was inhibited for a time eq ua l to that 
required for the oxidation of the cyanogen. 

It should be expressly mentioned that, under the conditions of these experi¬ 
ments, oxides of nitrogen play no part in the action, The amounts formed axe 
undetectable by the diphenylamine test; and, furthermore, additions 
of nitric oxide to the system have no effect, 

During the period of slow reaction more than half the cyanogen is oxidised 
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to oarbon dioxide, and the question arises whether this is formed by the slow 
oxidation of oarbon monoxide in spite of the inhibiting action of the oyanogen. 



Fra. 1a. —Influence of total pressure on rate of oxidation of oyanogen. 



Fxa. 1b. —Influenoe of oxygen oonoentratlon on rate of oxidation of oyanogen. The arrows 
indicate the point at whioh explosion ocourred. 

The evidence against this hypothesis is as follows. (1) The curves in fig. 1 
do not change their slope with time in the way whioh would be expected if 
oarbon monoxide were first formed and then later oxidised with aooompanying 
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decrease in pressure. (2) Carbon monoxide added initially hardly influence* 
the reaction curves, as may be seen in fig. 3a. If oyanogen first gives carbon 
monoxide, which subsequently suffers further oxidation, then the rate of ohange 
of pressure in the curves of fig. 3 a is the difference between the rate of increase 
due to the reaction C 2 N 2 + O a = 2CO + N a> and the rate of decrease due to 
200 + O a = 2CO a . With 100 mm. cyanogen and 200 mm. oxygen this 
decrease would have to amount to 56 mm. With 100 mm. carbon monoxide 
added initially the decrease in pressure due to its oxidation would thus com¬ 
pletely mask any increase. The curves show that the extra carbon monoxide 
is not appreciably oxidised ; therefore, that produced from the oyanogen cannot 
undergo any farther change unless at the moment of formation it is in some 
activated condition. (3) Analysis of the gases withdrawn from the reaction 
vessel shows that the carbon monoxide formed is a nearly linear function 
of the cyanogen consumed, and also that the carbon dioxide and carbon 
monoxide produced at any given stage are directly proportional to one another 




Fma. 2 a and 2».—Carves allowing linear relationship between oyanogen used up and OO, 
or CO, produced. 100 mm, C,N, 4* 200 mm* O, in all experiments. 
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8 16 24 32 « 

Time In Minutes 

Fig. 3a. —Curves showing that added CO is not appreciably oxidised in preeenoe of C,N r 



Fn>. 3 b.— Curves showing influence of reversed order of addition, (a) and (6) were taken 
respectively before and after (c). 


(fig. 2). These facts show that the carbon dioxide is not formed merely in the 
later stages, and at the expense of accumulated carbon monoxide. 

The analyses just referred to were made as follows. Carbon dioxide was 
estimated by shaking a measured gas sample with baryta and weighing the 
barium carbonate in a small Jena glass Gooch orucible. Cyanogen was 
determined by absorbing the gas in sodium hydroxide, precipitating with a 
measured quantity of N/100 silver nitrate, acidifying and estimating the excess 
of silver with standard ammonium thiocyanate. The whole procedure was 
calibrated by samples of pure cyanogen introduced into the reaction vessel 
and then withdrawn into the sampling pipette. The amount of carbon mon¬ 
oxide was known from the pressure increase. 
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It remains to tabulate some typioal results, which show the mann er in which 
the pressure ohanges with time. 


Temperature 700° C. 


Cyanogen 160 in m. 

Oxygon 299 mm. 

Cyanogen 101 mm. 

Oxygen 201 mm. 

Time. 

Pressure increase. 

Time. 

Pressure increase. 


" i 

mm. 

/ 

// 

mm. 

0 

40 

6 

1 

10 

6 

1 

46 

11 

2 

46 

12 

2 

36 

: 16 

5 

15 

22 

4 

16 

26 

8 

0 

32 

6 

26 

30 

9 

50 

38 

9 

0 

48 

10 

46 

40 

11 

30 

58 

11 

45 

42 

12 

16 

60 

12 

15 

43 

13 

60 

64 

12 

45 

Exploded 

14 

30 

65 



16 

6 

Exploded 





Influence of the Concentrations . 

Since the ratio CO g /CO varies with the conditions of experiment, the rate 
of pressure increase does not represent directly the rate at which cyanogen is 
consumed. This latter rate, however, can be found with the aid of the previous 
result, namely, that the pressure increase, although not equal to the cyanogen 
used up, is a linear function of it, and that the explosion indicates approxi¬ 
mately the point at which the cyanogen is just consumed. It will be con¬ 
venient to call the time to explosion t e and the total increase of pressure at 
the explosion point p B . 


For a mixture of one part of cyanogen to two parts of oxygen the ratio 
j^/initial pressure is approximately constant, though tending to increase 
slightly with pressure. 
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Moreover t $ is nearly independent of the total pressure* 


Bulb 2, 


[0,N,]. 

[O,]. 

t* 

m 

100 

15' 0", 15'50" 

100 

200 

12' 46", 13' 16" 

160 

300 

16' 6", 16' 16" 


The rate of pressure increase, dp/dt , is approximately proportional to the 


initial pressure. Since p e is also proportional to the latter, -i which repre- 

P0 

aents the fraction of the total cyanogen oxidised in unit time, is constant. 
In this sense the reaction is of the first order. 

The influence of varying oxygen concentration is shown in fig. 1 b. As the 
amount of oxygen increases, p t and t e fall, but dp/dt is almost constant, dp/dt 
is the actual net rate of production of carbon monoxide, since the dioxide is 
formed without pressure increase. The proportion of monoxide decreases with 
increasing oxygen pressure, as shown by the fall in p t . If we can assume the 
principle that the explosion indicates the final disappearance of the cyanogen 
to be true at all oxygen pressures, then we can calculate the total rate of 
reaction of the cyanogen. This rate varies roughly as the square root of the 
oxygen pressure. 


[O.]. 

[C,N,]. 

2 p 0 w per cent. CO 

| 

Mean rate of change 
of CgNa, mm. per 
minute. 

1 

A 

at 

1*—i 

% ! 

mm. 

mm. 




100 

60 

40* 

3-3 

0-33 

200 

50 

30 

4-1 

0*29 

300 

50 

23 

6-3 

0*31 

400 

60 

17 

7-2 

0*36 




Mean rate of change 

d[ 0.NVI /rA -.i 

[O,]. 

[C^sr.3- 

pi sa per cent. CO 

of C,N t , mm. per 

- _-UL_y / [o j». 


i 


minute. 

i 

Of / 

mm. 

mm. 




200 

100 

44 

3-7 

0*26 

800 

100 

40 

4'36 


400 

100 

36 

4*76 

i 

0*24 


* The pressure having increased by 20 mm, after the complete reaction of 60 mm. of cyanogen, 
40 per cent. CO end 60 per cent. CO, must have been formed. 
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Influence of Vessel Size and Surface , 

The rate of oxidation was measured in eight cylindrical quartz bulbs of 
different diameters, two packed with quartz tubes and one full of small quartz 
spheres, and also in a porcelain bulb. The reaction is predominantly hetero¬ 
geneous. A large increase of surface very considerably increases the rate of 
formation both of carbon monoxide and of carbon dioxide. But there is no¬ 
simple direct proportionality between area and rate. Nor is there any definite 
connection between the surface area and the relative quantities of carbon 
monoxide and dioxide formed. A few typical results are shown in the table. 


j 

Bulb, 

Percentage CjN, 
oxidised to 

CO per minute. 

Percentage 
oxidised to 

CO* per minute. 

Surface 

area. 

Volume. 

Area/ 

Volume* 

1, Quartz . 

| 0-66 

0*68 

sq, cm. 
222 

o.c. 

200 

0*86 

2. Quartz, packed with 17 
tubes of 1 cm. diameter 

3*3 

4*5 

1200 

200 

6*0 

3. Quartz, filled with small 
spheres . 

3*4 

12*0 

762 

70 

10*7 

4. Porcelain. 

0*89 

10 

i 

100 

170 

0*94 


It is conceivable that, simultaneously with the surface reaction, there might 
occur a chain reaction similar to that found in the oxidation of hydrogen, where 
the chains are cut short by the walls, and which, therefore, is much slower in 
vessels with small free space. The packing in bulbs 2 and 3 would then have two 
opposing effects, the resultant of which would not conform to any simple 
relationship. Experiments to test this were made in a series of four bulbs, 
similar in form and differing only in diameter. No connection between rate 
and radius appeared. The rate varied randomly from vessel to vessel by a 
factor of about 2. We must, therefore, conclude that the primary change 
takes place on the surface, but that its rate is sensitive to the exact condition, 
as well as to the extent, of the surface. 

In the course of a long series of experiments with several of the bulbs not 
only the total rate, but also the proportions of the products showed changes. 
For example, with bulb 2, and 100 mm. cyanogen and 200 mm. oxygen, the 
value of p e remained constant at 43 mm , for about 100 experiments and then 
rose to about 49 mm. 
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The reaction is very Bensitive to what appear to be delays in the establish¬ 
ment of adsorption equilibrium. The normal procedure in an experiment was 
to add cyanogen to the reaction vessel before oxygen. The effect of reversing 
the procedure is striking, as may be seen by reference to fig. 3 b. The oxygen 
evidently takes possession of a larger part of the surface than corresponds to 
adsorption equilibrium, and the rate of reaction only rises to its normal value 
after some time, when the cyanogen has had an opportunity to establish itself 
on the surface. Similar results were found with a porcelain vessel. 

Influence of Water, 

The addition of 5 mm. of water vapour* to a mixture of 100 mm. cyanogen 
and 200 mm. oxygen produced two effects. First, the shape of the pressure¬ 
time curves was slightly altered, becoming more like those obtained when 
oxygen is added to the vessel first. Secondly, p B is slightly diminished, by 
4 mm,, and the sharpness of the final explosion is decreased. Addition of 17 mm. 
of water vapour caused a decrease in p a of 14 mm. Evidently the water 
enables the oxidation of the carbon monoxide to take place more readily, by 
counteracting the inhibiting action of the cyanogen. 

Explosion Phenomena . 

If the pressure of the cyanogen exceeds a certain value, an explosion occurs 
imm ediately the oxygen is introduced. At a few millimetres lower, however, 
the reaction is so slow that a small increase in its rate could hardly be expected 
to cause ignition. For example, in one of the silica bulbs, explosions occurred 
at cyanogen pressures of 170, 165, and 163 mm.; at 161 mm. the reaction 
took 26 minutes. On repetition of the experiment at 163 mm. ignition again 
took place. 

This limitin g pressure varied irregularly from vessel to vessel, and showed 
progressive increases in a given vessel. Nevertheless, while explosions in 
bulbs of large diameter (5 to 10 cm.) were observed at pressures from 100 to 
200 mm., in vessels of small diameter (1 to 1*5 cm.) no explosions were ever 
observed with less than 300 mm., the highest pressure at which it was convenient 
to work. 


* The other gases were dried by passage over, but not storage with, phosphorus pentoxide. 
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Discussion. 

In seeking an interpretation of the facts, the first problem to consider is 
the way in which the carbon dioxide is formed. Since it is not by normal 
oxidation of carbon monoxide, two possibilities remain. Cyanogen may be 
oxidised by two independent mechanisms, one of which gives the dioxide 
directly. Or the primary product may be activated carbon monoxide—or 
some unknown intermediate compound—which may, according to the con¬ 
ditions, either be oxidised to the dioxide or deactivated to the normal condition, 
where, in presence of cyanogen, it is no longer oxidisable. 

Earlier work on the combustion of cyanogen has indeed yielded evidence 
that carbon monoxide freshly produced from burning cyanogen combines 
with oxygen much more readily than it can in its normal state.* Without 
altogether ruling out the possibility that some independent oxidation to 
carbon dioxide occurs, we may suggest the following hypothesis. Primary 
oxidation takes place on the vessel wall, giving carbon monoxide. While 
this is still in the activated state it may react with oxygen. On the other 
hand it may be desorbed from the wall and, if it carries away its energy, will 
be deactivated by cyanogen in the gas phase. A proportion of the escaping 
molecules may be oxidised in the gas phase also, but any chains so initiated 
are at once broken by the cyanogen. The ratio carbon monoxide/carbon 
dioxide would thus depend on the relative ease of desorption and of further 
oxidation. The extreme sensitiveness to the exact condition of the surface is 
therefore understandable. 

It is now necessary to consider the kinetics of the primary surface reaction. 
The influence of the initial total pressure corresponds to a reaction of the first 
order (fig. 1 a). For a constant cyanogen concentration the rate of formation 
of carbon monoxide is nearly independent of the oxygen concentration, but the 
total rate of reaction of the cyanogen increases approximately in proportion 
to [OJ. If the formation of carbon dioxide is an entirely distinct reaction, 
then its rate must be accelerated by oxygen, while the competing reaction is 
uninfluenced. But if, as we are assuming, all the oyanogen first gives activated 
carbon monoxide, then the rate of this one primary change must be propor¬ 
tional to [0 2 ]*. With more oxygen, more active CO molecules ore formed, 
but a larger proportion of them react further to C0 2 , so that, by the oompensa- 


* Smithells and Dent ; Dixon. See the review of the carbon monoxide problem by Bone, 
4 J. Chem. Soc.,* 1931, p. 346. 
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tion of two effects, the net rate of formation of carbon monoxide remains 
nearly constant. 

The total order being about unity, and the initial rate varying as [0 B ]*, it 
must also vary approximately as [C^Na] 1 . This sort of behaviour is character¬ 
istic of a heterogeneous reaction in which two gases both occupy considerable 
portions of the active surface. The square root relationships cannot, however, 
be expected to hold over more than a very limited range. 

The oxygen and the cyanogen appear not only to occupy large portions of 
the surface, but to be in lively competition for it. This competition is revealed 
by the experiments in which the order of addition of the gases to the vessel is 
reversed. When oxygen is added first, the rate gradually rises to its maximum; 
when cyanogen is added first, the reaction starts with the maximum rate. 
The slow displacement of oxygen by cyanogen in the first case is analogous to 
those examples of slowly established adsorption equilibrium recently discussed 
by H. S. Taylor.* 

With regard to the form of the curves showing increase of pressure against 
time (figs. 1 and 3), a few points only need to bo mentioned. From the influence 
of initial pressure the curves might be expected to conform to the equation 
dx/dt = (a — a;) 4 (b — x)*, a and b being the initial amounts. If the pressures 
are chosen so that the two gases are used up at the same rate (by trial 100 mm. 
cyanogen and 160 mm. oxygen, giving 80 mm. carbon monoxide and 120 mm. 
carbon dioxide, were found to satisfy this condition) the curve should become 
unimolecular. It deviates from this form, however, for the following reasons. 
First, the square root relations are only approximate. Secondly, the oxidation 
of the carbon monoxide may set in rapidly just before the cyanogen has been 
quite used up. Thirdly, there are delays in the establishment of adsorption 
equilibrium. The net result is that the form of the curves is intermediate 
between unimolecular and linear, and that occasionally they end discon- 
tinuously.f 

Most of the experiments were made with two parts of oxygen to one of 
cyanogen. Thus a small excess of oxygen was left at the end. During the 
reaction, therefore, the ratio O a /C a N a gradually increased, and this would 
make the ratio CO a /CO increase also. But the linearity of the curves in fig. 2 
shows that the disturbance due to this was small. 

* • J. Amer. Chem. Soo.,’ vol. 53, p. 578 (1931). 

t In a first order reaction the ratio of the time taken for 76 p.c. reaction to that taken 
for 50p.o. is 2*0; in a reaction of order aero the ratio is 1*50. The experimentally 
found ratio was 1 *73. 

2 0 
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Nature of the Cyanogen Explosions . 

The explosion which occurs when the pressure of cyanogen is above a certain 
limit must be due to one of two things. There may be an independent homo¬ 
geneous reaction with an almost negligible rate at lower pressures, and an 
explosion limit analogous to that found, for example, with mixtures of oxygen 
and phosphine. Or, on the other hand, some mechanism may exist whereby 
the surface reaction itself inflames the gases. The decreased tendency to 
explode in vessels of small diameter indicates that chains traverse the gas 
and are broken on the wall. The variability of the explosion pressure may be 
due to the changing efficiency of the walls in giving rise to or in breaking chains. 
Thus it does not seem possible to decide definitely whether the chains start 
from the wall or in the gas, but the very marked dependence on the state of 
the wall is evidence, though not conclusive evidence, in favour of the former 
alternative. 

The abruptness of the transition from slow reaction to explosion could be 
explained in terms of the branching chain hypothesis which has been 
applied to other systems possessing explosion limits. But the whole effect 
is of a much less definite character than the limit phenomena found, for 
example, with mixtures of hydrogen and oxygen, and indeed seems to be rather 
accidental in character. We incline at present to the view that it is connected 
with the lag in the establishment of adsorption equilibrium already discussed. 
When the gases are first let into the bulb the relative concentrations on certain 
parts of the surface may be momentarily quite abnormal, and correspond to 
very rapid reaction rates. At this moment ignition may occur. If it does not, 
adsorption equilibrium establishes itself, and the corresponding rate is the 
normal slow one, This would explain the apparent abrupt limit, and the 
erratic nature of the whole effect. It should be expressly stated that this is a 
special explanation, which is not by any means applicable to limit phenomena 
in general. 

Summary . 

At 700° C. cyanogen reacts with oxygen to give nitrogen and a mixture of 
carbon monoxide and carbon dioxide. In silica vessels the oxidation takes 
place principally on the surface at a rate approximately proportional to 

[CM [OJ*. 

No detectable quantity of oxides of nitrogen is formed, nor do traces of 
these oxides influence the reaction. 

Further oxidation of the carbon monoxide formed is inhibited until all the 
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cyanogen is used up; when an explosion takes place. C5atbon dioxide is, 
however, formed during the entire course of the reaction by a special mechanism. 

The following hypothesis is suggested: surface oxidation of the cyanogen 
yields activated carbon monoxide, which either escapes from the surface, and 
can be deactivated by cyanogen, or reacts with oxygen before deactivation. 

Water vapour facilitates the explosion of the carbon monoxide, but not the 
initial oxidation of the cyanogen. 

When oxygen is added to the reaction vessel before the cyanogen, there is a 
delay in the establishment of adsorption equilibrium. 

When the initial pressure of cyanogen exceeds a certain limit, explosion 
occurs. The limit depends on the state of the surface, but is higher in vessels of 
smaller diameter. A special explanation probably exists, not generally 
applicable, but depending upon the particular adsorption relations. 

We desire to express our indebtedness to the Royal Society and to Imperial 
Chemical Industries, for grants towards the expenses of tills work. 


Studies of Co-ordination.—Part II. Absorption Spectra of Metallic 
Derivatives of Benzoylcamphor. 

By Thomas Martin Lowry, F.R.S., Henry Burgess, Ivor John Faulkner, 

and Ralph C. Traill. 

(Received April 3, 1931.) 

In the preceding paper of the present series on “ Absorption Spectra and 
Co-ordination of some Cupric Compounds observations were xecorded of 
the absorption spectra, in the infra-red, visible and ultra-violet regions, of a 
series of metallic derivatives of copper, ranging from typical metallic salts, 
such as the blue aqueous sulphate and nitrate, through the blue-green acetate 
and its homologues, to the violet, yellow or brown derivatives of various (3- 
diketones. In spite of the wide differences of colour in these compounds, the 
variations were found to be due to a mere displacement of a single absorption 
band, e.g n from 9600 A.U. in K 8 CuCl 4 to 6000 A.U, in [Cu . 4NH 8 ]S0 4 , and the 
conclusion was drawn that the cupric ion in all these compounds exhibits a 

* «Proo. Roy, Soc.,’ A, vol. 106, pp. 489-612 (1924). 
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fourfold co-ordination, either with the anions of the salt or with molecules of 
the solvent. 

In the present paper analogous methods have been applied to the study of 
the metallic derivatives of benzoylcamphor. The investigation had its origin 
in a suggested correlation* * * § between the phenomena of dynamic isomerism in 
prototropic compounds and of co-ordination in their metallic derivatives. The 
former phenomenon was attributed, on the basis of an extended definition of 
acids and bases,f to the possibility of separating a proton from two alternative 
positions in the molecule, giving rise to two isomeric anions, which could be 
converted into one another through an intermediate multipolar ion, e.#., 


HO-0=0— 


Enol. 


0 - 0 - 0 - 0 — 0 — 0 — ^ 0 - 0 - 0 - 

I I I ! II 

Enolio Multipolar Ketonic 

anion. ion. anion. 


H 

0~C-0- 


Ketone. 


The latter phenomenon was attributed to the simultaneous interaction of a 
univalent kation with two negative poles, or of a bivalent kation with four 
negative poles, and so on, e.g 




4 * + 


cu 



Co-ordination might, therefore, be expected to occur with special ease in the 
metallic derivatives of those compounds, such as benzoylcamphor, in which 
prototropic change had been established by observations of mutarotation.J 

The correctness of this view was established quite unexpectedly when 
solutions of beryllium benzoylcamphor were found to undergo mutarotation, 
since this could only be explained by the optical inversion of a dissymmetric 
atom of quadricovalent baryllium.§ Similar evidence of co-ordination was 
afforded by the mutarotation of the aluminium-compound. || In the present 
paper, data are given for the absorption spectra of these two compounds, 

* Lowry, * Trans. Okem. Soc./ vol, 123, p. 829 (1923), 

t Lowry, ‘ Chem. and Ind./ vol. 42, p. 43 (January 19, 1923) ; cf. BrSnsted, ‘ Reo. 
Pays Baa,/ vol, 4, p. 718 (1923). 

X Forster, ‘ Trans. Chem. Soo./ vol. 79, p. 987 (1901); Lowry Mid Oourtman, ibid,, 
vol. 103, p. 1214 (1913); Lowry and Burgess, ibid,, vol. 123, p. 2111 (1923). 

§ Lowry and Burgess, * Trans, Chem. Soc./ vol. 123, pp. 2081-2096 (1924), oorapai* 
MUls and Gotts, * Trans. Chem, Soo,/ p. 3121 (1926), 

ii Lowry and Faulkner, * Trans. Chem. Soc./ voL 127, pp. 1080-1085 (1925). 
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since these had not been recorded previously, Similar data are also given for 
other metallic derivatives, which were prepared for the first time for the purpose 
of the present investigation, and for which there is as yet no similar independent 
proof of co-ordination from observations of mutarotation. Thus, in addition 
to the sodium, cupric and ferric compounds described by Forster (be. cit.), 
the lithium, nickel, manganous, cobaltous, cobaltic, chromic and thorium 
derivatives are now described. 

All these compounds, with the exception of those of the alkali metals, exhibit 
the criteria which have usually been regarded as characteristic of oo-ordination- 
compounds, e,g., insolubility in water, solubility in organic solvents, a definite 
melting-point, and, in the case of the coloured compounds, a colour quite 
different from that of the ordinary ionised salts. The lithium compound 
decomposes before it melts, and is only sparingly soluble in organic solvents ; 
but, since it is even less soluble in water, it would probably be accepted as 
having the structure of a co-ordinated compound. The sodium-derivative 
alone has the normal characteristics of a “ salt,” since it dissolves freely in 
water and is insoluble in organic solvents. 

Experimental. 

Preparation of Metallic Derivatives of Benzoylcamphor . 

The preparation of the parent compound has already been described. 1 * 1 

Lithium benzoylcamphor , C 17 H 19 0 2 Li, prepared by precipitating alcoholic 
benzoylcamphor with aqueous lithium citrate, was filtered and washed with 
alcohol and water, since no solvent was available from which it could be 
crystallised conveniently. It is colourless, insoluble in water and only 
sparingly soluble in alcohol, acetone and benzene. It does not melt below 
250° C., but when the melting-point tube was heated in the flame the compound 
charred and then molted. (Found ; C = 77 * 53, H = 7 • 60, Li = 2 * 56 per oent. ; 
C ]7 H 19 0 2 Li requires: C = 77-85, H = 7*31, Li — 2*56 per cent,). 

Sodium benzoylcamphor , C 17 H 19 0 2 Na, prepared by evaporating alcoholic 
benzoylcamphor and sodium ethoxide in a desiccator,! was recrystallised from 
methyl alcohol. It dissolves readily in water and the alcohols, but the 
alcoholic solutions decompose and become yellow ; it is insoluble in chloroform, 
benzene and ether. It does not char or melt below 300°, but melts with slight 
charring when heated in a flame. 

* Lowry, MaoConkey and Burgess, ‘ J. Chem. Soo./ p. 1S35 (1028). 
f Forster, he. cii. 
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Beryllium benzoylcamphor , (C i7 H 19 0 2 ) i Be* resembles a typical organic 
compound in being freely soluble in benzene, chloroform and ether, less so in 
acetone, only sparingly soluble in the alcohols and insoluble in water. 

Copper benzoylcamphor , (C 17 H 19 0 2 ) 2 Cu, prepared by Forster’s method, was 
crystallised from acetone in beautiful brownish hexagonal prisms, which 
melted at 238° to 240°. Forster does not record a melting-point, but refers 
to its ready solubility in benzene, chloroform and nitrobenzene, in which it 
gave brownish-green solutions, and in acetone, in which it gave pure green 
solutions, resembling in colour those formed by ether, in which it is moderately 
soluble, and by methyl and ethyl alcohols, in which it is only sparingly soluble. 

Manganous benzoylcamphor was prepared by dissolving benzoylcamphor in 
a minimum quantity of hot alcohol, adding a manganese salt in hot aqueous 
solution, and then enough piperidine to neutralise the acid of this salt. The 
green precipitate, which began to separate immediately, was filtered off, but 
could not be recrystallised, since the solutions deposited manganese dioxide. 
The precipitated solid melted at 237° to 219°. 

Nickel benzoylcamphor was precipitated by mixing alcoholic benzoylcamphor 
with aqueous nickel acetate in presence of excess of sodium acetate. After 
repeated extraction with alcohol, to free it from benzoylcamphor, the pale 
green solid was dissolved in boiling acetone, from which it separated slowly in 
pale green crystals, which showed signs of sintering at 235° to 240°, but melted 
sharply at 266°. The crystals are freely soluble in chloroform and benzene, 
sparingly soluble in acetone and almost insoluble in alcohol. 

Cobahom benzoylcamphor .—Cobalt nitrate and sodium acetate (1*3 grams of 
each), were dissolved in water (20 c.c.) and added to a solution of enolic benzoyl¬ 
camphor (2*5 grams) in a mixture of chloroform (10 c.c.) and alcohol (5 c.c.). 
After 48 hours, during which a brownish-red colour developed progressively 
in the liquid, air was passed through the solution, to which alcohol was added 
as the chloroform evaporated, with the intention of oxidising the compound 
to the cobaltic state. A reddish-pink solid, which separated after 2 hours, 
was filtered off and recrystallised from a mixture of alcohol and benzene. 
Deep red crystals were obtained which sintered at 112° and melted at 115° to 
117° (yield = 85 per cent.). This compound proved to be the cobaltous 
derivative, but solutions in benzene or alcohol changed quickly to the brownish- 
green colour of the cobaltic derivative, 

Cobaltous benzoylcamphor is very soluble in chloroform and benzene, 
giving dark red solutions ; but it is only slightly soluble in alcohol and insoluble 
* Lowry and Burgess, loc. tit. 
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in water. It was recrystallised rapidly, heated for 1 hour to constant weight 
at 100° and analysed immediately. (Found *. C =» 70*7, H = 6*8, Co =3 9*3 ; 
(C 1? H„0 9 ) 2 Co requires C « 71*67, H = 0*73, Co = 10*35). 

Gobaltic benzoylcamphor , (C 17 H 19 0 2 ) 3 Co, was obtained as a brownish-green 
solid in the form of a bye-product from the oxidation of the cobaltous derivative. 
It was crystallised twice from benzene and alcohol and melted at 211° to 212°, 
It is very soluble in benzene, chloroform, ether and acetone, sparingly soluble 
in alcohol, and insoluble in water. (Found : C « 74*47, H = 6*99 per cent. ; 
(C 17 H 1# 0 2 ) 3 Co requires : C — 74*24 and H — 6*97 per cent.). 

Chromium benzoylcamphor .—The same method was used as in the case of 
the cobalt compound, only the preparation was left for a longer period, 6 to 
7 days. A large portion of the chromium nitrate was not dissolved and was 
filtered off. After extracting with chloroform and evaporating off the chloro¬ 
form, the mixture was crystallised from alcohol. Most of the benzoylcamphor 
was recovered unchanged and only 0*1 grams of fine, pale green, hexagonal 
plates were obtained. These plates dissolved sparingly in alcohol and readily 
in organic solvents, giving a red solution with a green fluorescence. 

Thorium benzoylcamphor } (C 17 H ie 0 2 ) 4 Th, was prepared by adding an 
alcoholic solution of benzoylcamphor, containing one equivalent of pyridine, 
to an aqueous solution containing a slight excess of thorium nitrate. The 
precipitate was filtered, washed with alcohol to remove unchanged benzoyl¬ 
camphor, and recrystallised from a mixture of alcohol and acetone. Slow 
evaporation of the solvent gave brilliant clusters of radiating prisms of a pale 
buff colour. (Found: C 64*32, H 6 09, Th 18*5; (C 17 H 19 O a ) 4 Th requires: 
C 65*14, H 6*12, Th 18*53.) 

Thorium benzoylcamphor melts at 130° to 135°, and distils without charring. 
It is insoluble in water, and sparingly soluble in alcohol, but freely soluble in 
acetone. Its specific rotation was found to be [a] M6J = 605° in carbon tetra¬ 
chloride at 15° and [a] 546l = 531° in acetone at 10°, corresponding with mole¬ 
cular rotations of 7580° and 6650° respectively. A slight increase in the rotations 
was observed after 7 hours, but this was attributed to evaporation of the 
volatile solvent, and no evidence could be detected of a mutarotation corre¬ 
sponding with that of the beryllium or aluminium compound. 

Absorption Spectra .—The molecular extinction -coefficients were determined 
with the help of a spectrophotometer by methods which are described in the 
preceding paper of this series. They have been plotted in figs. 1, 2 and 3, 
and data for the principal singularities are collected in Table I. The absorption 
spectra of the two forms of benzoylcamphor itself, whioh have already been 
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recorded,* are now shown for the purpose of comparison with the spectra of 
the metallic derivatives. 



Fig. 1. —Equivalent Ertinction-ooefficionts of Colourless Metallic Derivatives of Benzoyl - 
camphor in Alcohol. 

In fig. 1, the extinction-coefficients of a series of oolourless compounds have 
been plotted for solutions in alcohol of equivalent concentrations, t.e., for molecules 
of benzoylcamphor, but for half-molecules of the bivalent beryllium-derivative 
and so on. In fig. 2, the true molecular extinction-coefficients in alcoholic 
solutions of the coloured derivatives of tervalent chromium, iron and cobalt 
are shown, with the corresponding values for the colourless aluminium- 
derivative. The values for the aluminium-derivative were determined inde¬ 
pendently, but are greater than those plotted in fig. 1 by approximately 
log 3 = 0'477 throughout, in agreement with the theoretical displacement of 
the curve for a tervalent metal. In fig. 3 the equitxdent extinction-coefficients 

* Lowry, MaoOonkey and Burgess, 1 Trans. Ohem. Soc.,’ p. 1345 (1028). 
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of the bivalent beryllium-derivative and the quadrivalent thorium-derivative 
have been plotted for solutions in cyclohexane. The data for the beryllium- 

50 
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40 

A« 4000 3500 3000 2500 2000 

Jfta. 2.—Moleoulaj Extinction-coefficients of Tervalent Metallio Derivatives of Bennoyl- 
oamphor in Aloohol. 

derivative were determined in two series, half-an-hour after preparing the 
solution and after 30 hours, in order to show whether the mutarotation of this 
compound had any effect on the absorption-spectrum, but no change of any 
kind could be detected. 

The extinotion-coefficients for beryllium benzoylcamphor, which are plotted 
in figs. 1 and 3, are the only data now recorded for a bivalent metal. The 
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copper-derivative, however, has already been shown* to give (in addition to 
the maximum at the red end of the visible spectrum, which is characteristic 



Fio. 3.—Equivalent Extinction-coefficients of Beryllium and Thorium Benzoylcamphor 
in Cyclohexane ©, after J-hour ; X, after 30 hours. 


of all copper salts) a maximum in the ultra-violet, attributable to the diketone, 
of which the co-ordinates are as follows :— 


In chloroform. log c = 4 • 60 at 3100 A.U. 

In alcohol . log 5 = 4*46 at 3300 A.U. 


These values have been included in Table I, but the manganous and oobaltous 
derivatives were too unstable to allow us to record their absorption spectra; 
and in the same way the difficulty of obtaining an analytically-pure nickel- 
derivative prevented us from including this metal in the list of metallic deriva¬ 
tives for which data are given in Table I. 

* French and Lowry, 1 Proo. Roy. Soc./ A, vol 106, p. 493 (1934). 
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Table I.—Molecular Extinction-coefficients of Benzoylcamphor and its Metallic 

Derivatives. 


Subat-ance. | Position of maxima. 


Benzoylcamphor in alcohol-» 

(1) Stable (“ enolio ”) form . . 

(2) Labile ( u kotonic ”) form 

log « 


A.u. 

log € 

A.u. 

4*27 

at 

3140 





4*21 

at 2420 

Lithium derivative in alcohol . 

4*02 

at 

3110 

3*88 

at 2470 

Sodium derivative in alcohol .. 

4*17 

at 

3000 

3*95 

at 2470 

Beryllium derivative in alcohol .. 

4*37 

at 

3360 

4*125 at 2480 

Beryllium derivative in cyclohexane . 

4*58 

at 

3420 

4 27 

at 2490 

Copper derivative in alcohol . 

4*46 

at 

3300 



Copper derivative in chloroform . 

4*60 

at 

3100 



Aluminium derivative in alcohol .. 

4*49 

at 

3140 



Chromium derivative in alcohol 

4*38 

at 

3720 



Ferric derivative in alcohol . 

4*58 

at 

3000 



Cobaltic derivative in alcohol .. 

4*84 

at 

2840 



Thorium derivative in cyclohexane ... 

4*58 

at 

3270 




Discussion . 

The earlier explanations of the ultra-violet absorption-spectra of organic 
compounds ascribed their selective absorption to some form of molecular 
oscillation, for instance, to the reversible migration of a hydrogen atom in 
prototropic compounds or to some natural period of vibration of the complex 
atom-system in molecules not containing a mobile hydrogen atom. These 
explanations are no longer tenable, since it has been proved that even the 
simplest nuclear vibrations give rise to characteristic spectra in the infra-red, 
e,g at 30,000 A.U., instead of in the ultra-violet at a wave-length ten times 
smaller about 3000 A.U. ; and the velocity of even the fastest prototropic 
oscillation is likely to be comparable with the frequency of sound-waves, 
rather than of light-waves. Selective absorption in the ultra-violet must, 
therefore, be ascribed to energy-changes in the electronic system of the molecule 
and not in the nuclei. On these lines, the characteristic absorption-band of 
the ketones (which involves too small an energy-change to be correlated with 
the ionisation-potential of oxygen or carbon) has been attributed* to activation 
of the shared electrons of the carbonyl radical, giving rise in the limiting case 
to a conversion of the non-polar into a semi-polar double bond : 

\ \ + 

C—O 

/ / 


* Lowry and Owen, 1 J. Chem, Soc.,’ p. 621 (1926). 
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The precise form of the electron-displacement which gives rise to this particu¬ 
lar band may be still open to question, but the validity of the more general 
proposition can scarcely be disputed ; and it must be accepted as being just 
as valid for the diketones and their metallic derivatives as for the monoketones* 
Thus, the maxima of selective absorption at 3140 and 2420 A.U. of the two 
forms of bczusoylcamphor, corresponding with energy-changes of 4 and 5 
electron-volts, approximately, cannot be correlated with the minimal changeB 
of energy involved in the interconversion of the two isomers, but must be 
ascribed to an activation involving much larger changes of energy-level, such 
as the ionisation of the conjugated double-bonds in the system, e.g. } in the case 
of an enol, 


s* 


C fi H 


C fl H 


*<! 
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<1 
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c^Nj 

c^ N c 

4< 0 i 
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C H 

x 5 


From this point of view, it is interesting to notice that the lithium and 
sodium derivatives each give two maxima, lying within 50 A.U. of the maxima 
of the two forms of the parent-compound. It is a tempting proposition to 
explain this coincidence as due to a hydrolysis or alcoholysis of the salts, giving 
rise to an equilibrium-mixture of the two forms of the free diketone; but 
this interpretation is rendered untenable by the fact that when the two isomers 
are in equilibrium, the general absorption of the “ enol ” obliterates the 
selective absorption of the u ketone/’ so that the absorption spectrum of 
the equilibrium-mixture shows only a single maximum.* In any case, an 
explanation of this kind could not be applied to the beryllium-derivative, which 
also gives rise to two absorption bands, but is certainly not hydrolysed, since 
it never deposits beryllium oxide or hydroxide from its neutral solutions in 
organic solvents. Since, however, all these compounds still contain a con¬ 
jugated system, modified to a greater or lesser degree by co-ordination, the 
general proposition, that selective absorption in this series of compounds is due 

* Lowry, M&oOotikey and Burgeae, loc. tit. 
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to polar activation of the umalurated system , is equally applicable to every member 
of the series. The occurrence of two characteristic frequencies, at about 
3100 and 2600 A.U. respectively, then indicates only that the conjugated 
system is capable of undergoing two types of polar activation. The first of 
these, which is characteristic of the stable (“ enolic ”) form of the diketone, 
and is common to all the members of the series, involves an energy absorption 
of 3-7 to 4*4 electron-volts, except in the chromium derivative, where the 
energy-change is only 3*3 volts. The second characteristic frequency, 
involving an energy-change of 6-0 to 5*1 electron-volts, is characteristic of 
the labile (“ ketonic ”) form of the diketone, and of the lithium, sodium and 
beryllium derivatives ; but the absorption curves for the aluminium, ferric 
and chromium derivatives indicate clearly the existence of another maximum 
not far beyond the limit (at 2327 A.U. or 5*3 volts) of our experiments ; and 
even the cobalt salt, which has the highest energy of activation at the first 
absorption band, may very easily possess a second characteristic absorption 
in the Schumann region of the spectrum. 

Attention may also be directed to the displacement of the absorption maxi¬ 
mum of the copper-derivative from 3300 to 3100 A.U., on passing from alcohol 
to chloroform as solvent, since this proves that no great importance need be 
attached to the variations in the wave-length of maximum absorption on 
passing from one metallic derivative to another. 

Summary. 

(1) With the exception of the derivatives of the alkali-metals, which behave 
as metallic salts, the metallic derivatives of benzoylcamphor behave as 
co-ordi nation-compo unds. 

(2) The absorption spectra of the following derivatives have been examined: 
Li*, Na*, Be**, Cu**, Al***, Cr***, Fe**\ Co***, Th*"*. The spectra of the 
first two compounds each include two maxima, at wave-lengths corresponding 
with those of the single maxima of the two forms of the parent-compound. 
These ma-yima- are displaced in the beryllium derivative, and in the case of 
the remaining metals only one maximum lies within the range of experiment, 

(3) The selective absorption of all these compounds is attributed to polar 
activation of the unsaturated system. The fact that the metallic derivatives 
reproduce, with more or less modification, the absorption-bands of the two 
forms of the parent-compound, indicates that the unsaturated system is not 
destroyed by co-ordination, although it may be modified by the presence of 
a metallic atom. 
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The Mechanism of Chemical Change . Part II.— Catalysis of the 
Mutarotation of Beryllium Bmzoylcamphor. 

By T. M. Lowry, F.R.S., and R, C. Traill, Ph.D. 

(Received April 13, 1931.) 

The preceding paper of this series on “ Promotion and Arrest of Mutarotation 
of Tetra-acetylglucose in Ethyl Acetate ”* * * § described the most successful 
experiments that have yet been made with a view to controlling the facile 
isomeric changes which depend on the migration of a hydrogen atom with a 
concurrent re-arrangement of bonds in the molecule of an unsaturated (or 
cyclic) organic compound. These “ desmotropic ”f or “ prototropic 
changes proceed normally only in presence of an amphoteric solvent, such as 
water or a mixture of pyridine and cresol,§ which is able simultaneously to 
remove a proton from one position in the molecule, and to supply a proton in 
the alternative position. The re-arrangement of single and double bonds, 
which accompanies the migration of the hydrogen atom, provides a conducting 
mechanism whereby an electron can be transferred through the intermediate 
conjugated system from one point of attachment of the mobile hydrogen atom 
to the other. 11 This electronic migration makes it possible to neutralise the 
negative charge produced by the removal of a proton from the one point of 
attachment, together with the positive charge produced by the addition of a 
proton to the second point of attachment, so that the mobile hydrogen atom 
need not carry its electron with it, but can migrate in the form of an ion. 
The mechanism of the prototropic change can then be represented as a sort 
of internal electrolysis^ in which the acid and base act as negative and positive 
poles, whilst the conjugated double and single bonds of the organic molecule 
take the place of the electrolyte. Thus, if we represent the acid and base as 
HA and B, and the two forms of the prototropic compound as HS and SH, 

* Lowry and Owen, 1 Proc. Roy, Soc./ A, vol. 119, pp, 50&-522 (1928). 

t Jacobsen, * Ber, Deut. Chem. Ges./ vol. 20, p. 1782, footnote (1887). 

t Lowry, 4 Trans. Chem. Soc./ vol. 123, p. 828 (1923). 

§ Lowry and Faulkner, * Trans. Chom. Soc./ vol. 127, pp. 2883-87 (1925). 

t| Lowry, ‘Nature/ vol. 115, p. 376 (1925). “Graphitic Conduction in Conjugated 
Chains of Carbon Atoms.” 

H Lowry, * An Electrolytic Theory of Catalysis by Aoids and Bases,” * Comptes rend us 
4e la Reunion Internationale de Ohimie Physique/ Paris, 1928, pp. 219-232. 
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the reversible isomeric change can be represented by the following 
scheme* * * § : 

B + H8 + HA ^ BH + SH + A. 


In this scheme the arrows show the direction in which the electron migrates 
through the molecule as a result of the bond-shifting, whilst the proton migrates 
in the same direction through the, medium . Apart from the prototropic change, 
the action formulated above is a simple reversible neutralisation of an acid 
and base, which, if the prototropic compounds were eliminated, could be 
represented by the equation 


B + HA BH + A, 

e.g. t 

NH 3 + HAc NH + Ac. 


The interest of the present investigation depends primarily on tho contrast 
between the conditions under which mutarotation occurs in benzoylcamphor 
and in its beryllium and aluminium derivatives. The parent-compound is an 
optically-active diketone, the mutarotation of which exhibits all the normal 
characteristics of a prototropic change as set out above. This change can be 
attributed to the reversible formation of the labile diketone II from a more 
stable enol, I or III, the two forms of which may perhaps be rendered identical 
by the co-ordination of the mobile hydrogen atom, H, with both atoms of 
oxygen simultaneously.! It is, however, also possible that the enols I and 
III may be the two dominant forms of the compound,! and undergo reversible 
isomeric change through the intermediate diketone II, just as the intercon- 
veraion of two cyclic sugars may be effected through an intermediate aldehyde 
or aldehydrol.§ 




C^o 
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c 0 

0 1 


N> * 

<V 

•Enol 

II,—Diketone. 


C.H 

,6 5 




HI, —Enol, 


* Compare BrOnated and Guggenheim, * J. Araer. Chem. Soo./ vol. 49, p. 2681 (1927). 

f Lowry and Burgess, * Trans. Chem. Soo./ vol. 123, p. 2116 (1923). 

$ Lowry, 4 Trans. Chem. Soo./ vol. 86, p. 1666 (1904), 

§ Lowry, MaoConkey and Burgees, 4 J. Chem. Soo./ p. 1334 (1928). 
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The beryllium-derivative does not behave as an ionised salt, but has all the 
normal characteristics of a covalent co-ordination-compound. 


C.» s 

( 


C,H ' 4 w--°V 


c»h. 


f>C e H„ 


Its mutarotation* was attributed by Burgess and Lowry to the racemisation 
of the dissymmetrically-linked atom of beryllium, which is indicated in heavy 
type in the centre of the formula. 

It has already been shown that the mutarotation is accelerated by acids 
and bases, although these may also bring about a non-reversible decomposition 
of the beryllium-compound. In the present paper numerical data are given 
for the catalytic-coefficients of pyridine and of p-ore«oI; but in striking contrast 
to their behaviour in prototropic changes, the acid and base have each an 
independent catalytic activity in inert solvents, and this activity is not 
increased when they act in conj unction in the same solvent. There is, therefore, 
now no special merit to be found in solvents possessing amphoteric properties. 

A more important feature of the earlier investigation, because it was more 
novel, was provided by observations which showed that mutarotation pro¬ 
ceeded very rapidly in alcohol, acetone and chloroform, since previous work 
has shown that alcohol has little if any catalytic activity in prototropio change,! 
that acetone is not a catalyst,! and that chloroform often develops powerful 
anticatalytie properties by oxidation to carbonyl chloride,§ The experiments 
described below have provided quantitative data for the catalytic coefficient 
of alcohol and approximate values for the catalytic coefficient of acetone ; 
but they have shown that chloroform is almost completely inert, like carbon 
tetrachloride. The catalytic activity reported previously was, therefore, 
obviously due to impurities—perhaps to carbonyl chloride, acting as a catalyst 

♦ Burgess and Lowry, ‘ Trans. Chem. Soc., 1 vol. 125, pp. 2081-2096 (1924); compare 
Mills and Gotts, * Trans. Chem. Soo.,’ p. 8121 (1926). 

t Richards, Faulkner and Lowry, * J. Chem. Soc.,* p. 1738 (1927); </. Worley and 
Andrews, * J. Phys, Chem.,’ voL 31, p. 742 (1927). 

t Irvine, 1 Trans. Chem, Soo.,’ vol. 103, p. 584 (1913); Jones and Lowry, * J, Oem. 
Soo./ p. 720 (1926). 

$ Lowry and Magson, 1 Trans. Chem. Soc.,’ vol. 93, pp. 119-132 (1908). 
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instead of an anti-catalyst, or more probably to alcohol (added as a preservative 
and not removed completely from the solvent), since the catalytic activity of 
alcohol in the present action is great enough to make it a dangerous catalytic 
impurity, whereas in previous investigations it has had an almost negligible 
effect, even when used as a solvent without dilution. 

Beryllium benzoylcamphor forms a crystalline addition-compound with two 
molecules of chloroform.* Since the rotatory power of this compound is 
very near to that of the equilibrium-product, it was represented by a symmetrical 
formula, no longer containing a dissymmetric atom of beryllium, thus: 


<r* H * 




,c—c-O v /CHClj 0—C x 


c—«0 CHCl/ 


N/ | 

/ 


Since the racemisation of an optically active compound usually proceeds 
through the formation of an intermediate compound of higher symmetry, 
the addition-product formulated above also provided an ideal mechanism for 
the racemisation of the complex. Its formation was therefore regarded as 
an adequate explanation of the supposed catalysis by chloroform of the 
mutarotation of the beryllium-derivative. 

The fact that chloroform has now been shown to possess no marked catalytic 
activity in this reaction has made it necessary to revise the opinion previously 
expressed and to regard the chloroform-compound as a crystalline compound 
of the racemate with the solvent , the formation of which is a sequel to mutarotation 
instead of an essential intermediate phase in the process. The constant 
rotatory power of the chloroform-compound, and its definite crystalline form, 
preclude the supposition that it contains a mere isomorphous mixture of the 
a and (1 forms of the beryllium-derivative. It is therefore necessary to 
attribute to the compound a definite stoichiometric composition, such as that 
of a “ racemate ” containing 1 molecule each of the a and j3 forms of the dis¬ 
symmetric beryllium-derivative with 4 molecules of chloroform of crystallisa¬ 
tion. 

This hypothesis provides a simple means of predicting the rotatory power of 
the unknown (3 form, and therefore the proportions of the a and (3 forms in 
the equilibrium-product, in any solvent in which the initial rotations of the 
beryllium-derivative (a) and of its chloroform compound (a + p) have been 


2 n 


vou cxxxn.—A. 


* Burgess and Lowry, loc* c it. 
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determined . In this way the following values have been deduced for the specific 
rotations of the two forms (a and 0) of the beryllium-derivative and of 
the equilibrium-mixture (S) in different solvents. 



1 “■ 

j a -f- A 

1 * 
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The conclusion that the equilibrium-product in carbon tetrachloride contains 
a small excess of the a-form, whilst the equilibrium-product in chloroform 
contains a substantial excess of the $ -form, follows from the fact that a small 
increase of rotatory power was observed in freshly prepared ablutions of the 
chloroform-compound in carbon tetrachloride, whilst a considerably larger 
decrease of rotatory power took place in freshly prepared solutions in chloro¬ 
form. In cyolohexane the change of rotatory power of a freshly prepared 
solution of the chloroform-compound was almost negligible on account of the 
small concentration of the solution. The general validity of method of 
investigation, and the correctness of the stoichiometric composition assigned 
to the chloroform-compound, can also be established by comparison of the 
numbers now deduced with those derived from earlier measurements of the 
solubility of beryllium benzoylcamphor in cyclohexane, where measurements 
made before and after mutarotation indicated a proportion of 45 to 48 per cent, 
of the a-form in the equilibrium-product, as compared with the value 49 per 
cent, now deduced from the rotatory powers of the a-derivative and of the 
chloroform-compound in this solvent. 

Attention may also be directed to the fact that, whilst the a and (3 forms of 
beryllium benzoylcamphor are of almost equal stability when dissolved in 
carbon tetrachloride or in cyclohexane, the ratio of the two forms in chloroform 
is displaced from 1:1 to 2:3 approximately. This result is important, 
since it indicates that chloroform is able, not only to combine with the a and (3 
forms of benzoylcamphor, but by selective combination with the (3-form to 
favour the formation of this form at the expense of the less soluble (and there¬ 
fore more stable) oc-isomeride. This displacement of equilibrium can be 
accounted for by mass-action equations which imply that, when dissolved in 
pure chloroform, 46 per cent, of the a-form and 64 per cent, of the (3-form is 
combined with the solvent in the proportion Be(C 17 H 19 0 4 ) #f 2CHC1,. These 
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equations also provide a quantitative explanation of the lessened catalytic 
activity of pyridine in chloroform, as compared with solutions in carbon 
tetrachloride, where the whole of the solute appears to be free to interact with 
the catalyst instead of being bound in part to the solvent. 

The law of mass action also accounts for the fact that, whereas the catalytic 
activity of pyridine is proportional to its concentration, that of alcohol falls 
off rapidly. In the former case catalysis is attributed to rapid isomeric change 
of a mere trace of a complex AB of the catalyst A with the solute B. In the 
latter case the complex AB is formed in much larger proportions, since the 
value assigned to the constant q in the equation [AB] — q [A] [B] is approxi¬ 
mately 2 over the range from 20° to 30°, but it undergoes isomeric change much 
less rapidly, so that alcohol is not much more efficient than pyridine as a catalyst 
for the mutarotation. 

Finally, the changes in the initial and final rotatory powers of beryllium 
benzoylcamphor, which result from the addition of p-cresol to solutions in 
carbon tetrachloride, proceed according to the law of mass-action, as expressed 
by the equation [AB] =s q[ A] [B], The empirical values for the initial and 
final rotatory powers of the complex AB are [a]^ = 605° and 501° in CC1 4 , 
689° and 495° in CHC1 3 ; the values of the constant q are 3*7 and 6-35 in 
CC1 4 , 1*37 and 1 *85 in CHC1 3 ; but in the latter solvent these numbers are of 
no significance, since no account has been taken of the combination of the 
solute with chloroform as an alternative to combination with p-oresoL 

Experimental. 

Materials and Methods .—Bonzoxybenzoylcamphene was prepared by a 
modification of the method of Lowry, MacConkey and Burgess,* using sodamide 
instead of sodium and allowing the benzoylation to proceed without excessive 
cooling. The compound was hydrolysed to benzoylcamphor as described in 
the same paper, and converted into the beryllium-derivative by the method of 
Burgess and Lowry.f The product was recrystallised from acetone till free 
from colour and then twice more ; no further change in the velocity of muta¬ 
rotation in chloroform was then produced by three further crystallisations 
from purified acetone. The solubility of beryllium benzoylcamphor is 4*0 
grams in 100 grams of acetone at 11 -fi° and 9*3 grams per 100 grams at the 
boiling-point. The crystals which separate from acetone are flat plates of 
indeterminate form, but well-shaped crystals oan be obtained from carbon 

* Lowry, MaoOonkey and Burgees, * J, Chem. Soo,/ p. 1333 (1928), 
t Burgess and Lowry, too . cit 
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tetrachloride to which a little acetone has been added ; without the acetone, 
only a viscous syrup is produced on evaporation. Well-formed crystals also 
separated on one occasion from benzene. Beryllium benzoylcamphor melts 
at 207° (corr.) and can be distilled under low pressures without apparent 
decomposition ; it condenses to an amber-yellow liquid, which hardens to a 
brittle yellow glass. 

The solvents and catalysts (alcohol, chloroform, carbon tetrachloride, 
acetone, ^-cresol and pyridine) were drastically purified as follows :— 

(i) Commercial alcohol was purified by the method of Danner and Hilde¬ 
brand,* by digesting and distilling it several times from lime, and once from 
alkaline silver nitrate. The redistilled alcohol was introduced into a flask 
with sealed-on collecting bulbs, quicklime with a Bmall crystal of silver nitrate 
was added, the system was partially evacuated, and was then sealed off. The 
alcohol was boiled gently for about 8 hours, and the bulbs were washed out 
with the distillate. Clean alcohol was finally distilled over into them, and 
they were then sealed off, and kept for use as required. 

(ii) Commercial chloroform was purified by shaking several times with water, 
then with strong sulphuric acid, and finally with water again. The chloroform 
was then covered with a weakly-alkaline solution of potassium permanganate, 
boiled under a reflux condenser for about 8 hours, and distilled off from under 
the aqueous layer. It was stored under alkaline permanganate solution in a 
bottle fitted with a ground-in delivery tube. When required, the chloroform 
was forced out by blowing, dried over phosphorus pentoxide, and fractionally 
distilled in an all-glass apparatus immediately before use. The middle fraction 
was used, and the extreme variation of boiling-point was not more than 0-03°. 

(iii) Commercial carbon tetrachloride was purified by passing in chlorine till 
it gave a distinctly green solution, which was kept in the sunlight during several 
weeks. The chlorine was then boiled off through a reflux oondenser, the carbon 
tetrachloride washed several times with dilute alkali, then with water, dried 
over calcium chloride, and finally with phosphoric oxide, and fractionated. 

(iv) Acetone, purified by the sodium iodide method,t was obtained from 
British Drug Houses, Ltd. When dried over calcium chloride and fractionated, 
it was found to give lower velocity-constants than untreated acetone. Attempts 
at further purification through the sodium iodide compound, however, gave a 
material of practically the same catalytic activity as the original sample. 

(v) p -Creaol was distilled several times, and immediately before use, 

* Danner and Hildebrand, 4 J. Amer. Chem. Soc.,* voL 44, p. 2324 (1922). 
t Shipeey and Werner, 4 J. Chem. Boo., 1 vol. 103, p. 1265 (1013). 
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(vi) A sample of pyridine , which had already been purified for an earlier 
research, was distilled from barium oxide in an all-glass apparatus and sealed 
up in small tubes, which were opened and used as required. 

The solutions were generally made up by volume, and the catalysts added 
from a pipette. Times were measured from the moment when the catalyst 
was added and the first polarimetric readings were usually made within 2 
minutes, using for this purpose the green line of the mercury arc. The 
temperature of the polarimeter tubes was maintained by circulating water at 
20°, 25° or 30° 0*01° C. The mutarotation curves obeyed the unimolecular 

law within close limits, although in some cases the initial or final value had to 
be deduced by extrapolation. Only the constant velocity-coefficient is 
therefore recorded for the majority of the solutions, but individual groups of 
readings have been plotted for some solutions where the mutarotation was 
too slow to be followed beyond the initial stages. The general results of these 
observations are summarised in Table I (which includes values calculated 
from mass-action formulae) and figs. 1 to 8. 

Mutarotation in Carbon Tetrachloride and in Chloroform. 

Mutarotation curves for two solutions of beryllium benzoylcamphor in 
carbon tetrachloride are shown in fig. 1, (x) and (xxii), whilst a curve for a 
solution to which purified chloroform was added is shown in fig. 1, (xxiii). 



01234567 
Time <n Hovr* 


Pig. 1.—Mutarotation of Beryllium Benzoylcamphor at 25°. 0 in carbon tetrachloride; 

0 in carbon tetraohloride and chloroform (0*94 g. mols./L). 

The figure shows two series of readings taken on consecutive days. On the 
second day the curves were accurately parallel, corresponding with a velocity- 
coefficient i # aB- = 0 * 0004 or & 10 25 * = 0 * 00018, and a half-life period of about 28 
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Table I.-Mutarotation of Beryllium Benzoylcamphor. 


Serial 

No. 

Solvent. 

Concen¬ 

tration 

b. 

Tempera¬ 

ture. 

Catalyst. 

Concen¬ 

tration 

of 

catalyst 

a. 

M. 

a 


M®* 

^ (ohs.) 

^ (calc.) 

84 

CC1 4 

0 0371 

0 

20 

C a H 5 N 

0*519 

26 

474-4 

416*8 

0-0695 

0-0683 

86 

F 9 


20 

II 

0-839 

26 

470*3 

418*7 

0*109 

0*110 

64 

t * 

0 0346 

26 

II 

0*130 

28 

464*6 

408*8 

0*0322 

0*0294 

64 

»* 


25 

II 

0*209 

26 

470*9 

411*8 

0*0535 

0 0473 

63 

i» 

0-0336 

25 

II 

0-511 

29 

471*6 

411*3 

0*119 

0*116 

691* 

ii 

Mini <{,y.m 

25 

II 

0*778 

28 

474*6 

410*9 

0-162 

0*175 

63 

tt 

M S ii off 

25 

It 

0*993 

27 

477*8 

418*3 

0*226 

0*225 

66 

*• 


25 

II 

1-048 

20 

485-2 

414*9 

0-238 

0*238 

87 

ft 

■ 


II 

0-130 

27 

464*2 

405*7 

0-0500 

0-0600 

83 


0*0343 


II 

0-259 

28 

469-8 

408*2 

0-101 

0-0008 

88 

»i 


30 

• 1 

0-387 

26 

467-9 

407*6 

0-148 

0*149 

48 

CC1 4 

0*0418 

20 

c^o 

0-289 

23 

473-0 

414-6 

0-0396 

0*0394 

49 if 

• 1 

0*0366 

20 

II 

0-710 

25 

471-7 

414*8 

0-0634 

0*0632 

60 

II 

0 0376 

20 


1-434 

20 

472*2 

413-6 

0*0790 

0*0793 

9 

II 

0 0766 

25 

II 

0*0037 

13 

470-6 

(413) 

0 -0<jil43 

0*00118 

8 

II 

0-0748 

25 

,, 

0*0307 

13 

466-8 

411-8 

0-0092 

0*0094 

7 

II 

0 0823 

26 

9 > 

0*0460 

12 

468-2 

412*7 

00110 

0*0134 

6 

If 

0-0861 

25 

II 

0-107 

11 

466-5 

411*4 

0-0320 

0*0292 

4 

I* 

0 0018 

25 

,, 

0*290 

11 

471-6 

414-0 

0-005 

0*0682 

3 

II 

0 0796 

25 

ll 

0-676 

12 

474-8 

411-7 

0*094 

0*0951 

2 

II 

0-0837 

25 

II 

0*859 

12 

470-7 

412-2 

0-114 

0*114 

1 


0 0808 

26 

♦1 

1*146 

12 

472*8 

413*9 

0*127 

0*126 

46 

9 v 

0-0380 

30 

II 

0-142 

25 

464-9 

404*8 

0*0696 

0*0695 

47 


0-0394 

30 

II 

0*289 

32 

472*1 

407*2 

0*116 

0*117 

46 


0-0424 

30 

II 

0-431 

30 

473-1 

406*8 

0*150 

0*149 

20 

cci* 

0-0509 

26 

CgHjO 

0-228 

19 

460-2 

407*7 

0-00246 

0*00312 

16 

M 

0-0656 

25 

•1 

0-230 

15 

461-4 

408*0 

0-00320 

0*00815 

88 

If 

0*0531 

25 

11 

0*454 

18 

468*5 

411*5 

0 00617 

0*00591 

21 

II 

0*0469 

25 

ii 

0-460 

21 

458-3 

406-3 

0-00412 

0*00599 

16 

tl 

0 * 0623 

25 

11 

0*670 

18 

462-9 

403-9 

0-00718 

0*00725 

87 

II 

0*0484 

25 

it 

0*906 

20 

468*7 

407*5 

0-0102 

0*0107 

19 

• l 

0*0703 

25 

tt 

0*918 

14 

458*0 

401-0 

0-00688 

0*0109 

39 

If 

0*0262 

25 

11 

1*131 

37 

465*4 

404*4 

0-0111 

0*0128 

44 

II 

0*0546 

25 

tt 

1*135 

18 

466*1 

400*0 

0-0120 

0*0129 

14 

• 1 

0*0708 

25 

tt 

1*16 

14 

459*7 

402*9 

0-0130 

0*0130 

42 

#1 

0 *0457 

25 

tt 

2-47 

21 

458*3 

398*6 

0-0108 

0*0224 

17 

II 

0*0610 

25 

tt 

3*26 

16 

452-0 

395*9 

0-0174 

0*0264 

43 

ii 

T'Wtt 

26 

*t 

5-62 

23 

453*5 

394*1 

0-0342 

0*0342 

67 

ecu 

0*0370 

25 

C t H, . OH 

0-0366 

26 

478*6 

422-2 

0-00602 

0-0006 

62 

it 

0*0370 

26 

11 

0-0801 

26 

487*3 

431*1 

0-00807 

0-0182 

61 

it 

0*0368 

26 

11 

0-0540 

26 

486*2 

434*2 

0-0118 

0-0161 

61 

n 

0*0331 

26 

11 

0-100 

29 

506-7 

450*3 

0-0176 

0-0267 

62 

11 

0-0364 

A AANA 

25 

1* 

0-110 

27 

507*2 

449*0 

0-0278 

0-0276 

60 

ii 

0*0370 

A AAAQ 

25 

11 

0-244 

26 

533*2 

407*0 

0-0626 

0-0488 

68 

11 

0*0308 

26 

11 

0-358 

26 

540*9 

474*8 

0-0627 

0-0801 

69 

if 

0*0366 

25 

it 

0-586 

20 

560*0 

483*1 

0-0741 

0-0786 

66 


0*0366 

26 

11 

1-180 

26 

580*9 

492*8 

0-0961 

0-0062 

66 

B 

0*0363 

24'8 

CfJL, OH 

cJa,N 


^27 

487*9 

427*9 


— 
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Table I—(continued). 
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Serial 

No. 

Solvent. 

Concen¬ 

tration 

6 . 

Tempera¬ 

ture. 

Catalyst. 

Concen¬ 

tration 

of 

catalyst 

o. 

w. 

a 

[a].. 

[a]ao. 

ke (obs.) 

^<oalo.) 

74 

CHC1 # 

0 0366 

0 

25 

C,H 6 N 

O’260 

27 

447-9 

379-4 

0-0276 

0 0260 

73 


0 0330 

25 

t* 

0-642 

29 

443-5 

379*0 

0 0004 

0*0042 

75 


0‘0370 

25 

• f 

0-902 

26 

437-4 

370-0 

0*0900 

0-0902 

70 

CHCh 


25 

0 ? H,. OH 

0*410 

20 

400-5 

430*0 


0-0466 

77 

! »* 

SMcitflrM 

25 


0-819 

28 


449*7 

0-0496 

0-0766 

78 

! 


25 

*» 

1-298 

31 

541-3 

459*8 


0-0090 

70 

CHOI 3 

0*0410 

25 

C s H # 0 

0-179 

24 

448-3 

379*9 

0*0273 

0-0800 

71 


0 0382 

25 

»» 

0-358 

25 

440-3 

380*0 

0*0492 

0-0620 

72 

»* 

0 0404 

25 

»» 

0-534 

24 

452-9 

382-3 

0-0683 

0-0730 

08 

*» 

0 0403 

25 

»• 

0-712 

24 

451-0 

380-2 

0*0871 

0 0875 

67 


0 0410 

25 

»* 

1-008 

24 

455-5 

380-5 

0*113 

0 U1 

66 


0 0414 

25 

i m 

1-408 

24 

457-3 

386-0 

0*128 

0 129 


hours ; but on the first day the solution which contained the chloroform showed 
an initial “ arrest ” of mutarotation, which was complete during a period of 
1*2 hours, and only gradually accelerated to the slow velocity given by carbon 
tetrachloride alone. These observations indicate that the mutarotation is not 
spontaneous, but must be aided by a catalyst. They also showed that chloro¬ 
form has no appreciable catalytic activity, and may even act as an anticatalyst. 
Since the “ arrest ” took place in presence of carbon tetrachloride, we may 
also conclude that the small catalytic activity which is generally observed in 


this solvent, corresponding with a catalytic coefficient* k m — 


[ccy 


0-00004 


per gram-mol. only, is perhaps due to traces of impurity in the solvent. 

Mutarotation curves for solutions in pure chloroform are shown in fig. 2. 
These emphasise the irregularity of the catalytic activity of this solvent, and 
suggest that it may be due entirely to casual impurities, exactly as in the case 
of a prototropic change in an inert solvent. 

Fig. 3 shows the mutarotation in carbon tetrachloride and in chloroform of 
the (racemic) chloroform-compound and of a sample which had been distilled 
under reduced pressure. Both samples were very near to a condition of 


♦ The catalytic coefficients are obtained by dividing the velocity-coefficient k t (in 
minutes) by the concentration a of the catalyst in grain-molecules per litre (oompare 
Dawson and Carter, * J. Chero. Soc,,' 1920, pp. 2282-2296). 




















406 


T. M. Lowry and B. C. Traill. 



Time in Hours 


Fia, 2.—Mutarotation of Beryllium Benzoylcamphor in purified Chloroform at 25°. 



0 100 200 
Time m Minutes 


Tio. 3.—Mutarotation of Beryllium Benzoylcamphor at 25°. A Distilled ; 0 Chloroform 
compound. The upper curves are for solutions in carbon tetrachloride; the lower 
curves for solutions in chloroform. 


equilibrium, but underwent mutarotation in opposite directions in the two 
solvents. 

Catalysis by Pyridine .—The powerful catalytic activity of pyridine is shown 
in fig. 4, where velocity-coefficients are plotted for a series of concentrations 
of pyridine in carbon tetrachloride at 20°, 25° and 30° and in chloroform at 
25°. The constant catalytic-coefficients are as follows :— 

Catalyst. Catalytic-Coefficient. 

Pyridine in CC1 4 at 20° ... 0*132 

„ „ „ 25°. 0-227 

„ „ 30°. 0-385 

„ CHC1 3 „ 25°. 0*100 
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Fig, 4,—Mutarotation of Beryllium Benzoyloamphor catalysed by Pyridine. O in Carbon 
Tetrachloride at 20°, 25° and 30° ; □ in Chloroform at 25°. 

Catalysis by Alcohol— Fig. 5 shows the catalytic action of alcohol at a series 
of different concentrations in carbon tetrachloride at 20°, 25° and 30° and in 
chloroform at 25°. The abscissee represent the concentration of the catalyst, 



Fig* 5 , — Mutarotation of Beryllium Benzoylcainphor catalysed by Alcohol 0 ki Carbon 
Tetrachloride at 20°, 26° and 30°; □ in Chloroform at 25°. The thick line is a 
theoretical curve. 

and the ordinates show the velocity-coefficients of the unimoleoular reaction* 
The catalytic-coefficient, which is the ratio of these two quantities, decreases 
progressively as the concentration of the catalyst increases, but this can be 
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accounted for on the supposition that an appreciable proportion of the catalyst 
A is combined with the solute B in accordance with the mass-action equation 
[AB] = q[ A][B]. Theoretical curves which agree very well with the observed 
values of the velocity-coefficients are shown as continuous lines in fig. 5. The 
limiting values for the catalytic-coefficient at infinite dilution are as follows :— 

Catalyst. Catalytic-coefficient. 

Alcohol in CC1 4 at 20° . 0*231 

„ „ 25° . 0-370 

„ „ 30° . 0*658 

Catalysis by Acetone .—Fig. 6 shows the velocity-coefficients for a series of 
concentrations of acetone in carbon tetrachloride at 25°, together with a calcu¬ 
lated curve of the same type as for catalysis by alcohol. The values, which are 



Fig, —Miitarotation of Beryllium Benzoylcamphor in Carbon Tetrachloride at 25° 

catalysed by Acetone. 


irregular, could be reduced by drying the solvent, but not by repeating the 
original purification through its addition-compound with sodium iodide. It 
is therefore possible that the catalytic activity of acetone (which is about 
20 times less than that of alcohol) may be due to some elusive impurity. 

Catalysis by j)-CresoL— Fig. 7 shows the velocity-coefficients for a series of 
concentrations of p-cresol in carbon tetrachloride and in chloroform at 25°. 
The catalytic-coefficient again decreases as the concentration of the catalyst 
increases. The values for solutions in carbon tetrachloride lie about a theoretical 
curve, but the values for solutions in chloroform would require to be increased 
by 40 per cent, to bring them into accord with the soheme of equilibrium between 
solvent, solute and catalyst, by which the catalytic activity of alcohol in 
chloroform can be predicted from its behaviour in carbon tetrachloride. 

Catalysis by Mixtures of Pyridine and p-C kesoh —An important experiment 
was made on the combined action of pyridine and p-cresol in approximately 
equal concentrations. By interpolation from the curves of figs. 4 and 7, the 
velocity-coefficients for the pyridine and for the cresol alone were found to 
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be 0-047 and 0-046. The mixture gave a velocity-coefficient of 0-060 at 
24-8° or 0-061 at 25°. The catalytic activity of the mixture was therefore 



Fig. 7.—Mutarotation of Beryllium Benzoyl camphor catalysed by />*Creeol. 0 in Carbon 
Tetrachloride at 25° ; 0 in Chloroform at 26°. The broken line is a theoretical curve 
for p-Gresol in Chloroform. 

only a little greater than that of the two components separately, and was 
substantially less than that deduced on the assumption that the action of 
the catalysts was additive. There was therefore no indication of any 
materia] promotion of catalysis by the co-operative action of a weak acid and 
a weak base, in striking contrast to the behaviour observed when the proto¬ 
tropic change of tetramethylglucose was studied in amphoteric solvents.* 
Changes of Rotatory Power .—Table I (p. 406) includes the initial and final 
rotations of a large number of solutions of beryllium benzoylcamphor in 
carbon tetrachloride and in chloroform, with additions of pyridine, alcohol 
and p-cresol. The most important changes of rotatory power are those which 
take place when one solvent is replaced by the other, as tabulated on p. 402 ; 
but similar changes, to which the law of mass-action can be appplied, may 
result from the addition of a catalyst. No appreciable change was observed 
when pyridine or alcohol was added to a solution of beryllium benzoylcamphor 
in carbon tetrachloride or in chloroform. The negative result in the case of 
pyridine oould have been anticipated from the constancy of its catalytic 
coefficient over the range of concentrations employed, since this may be 
interpreted as evidence that the solution does not contain any appreciable 


* Lowry and Faulkner, 4 Trans. Chem. Soc./ vol. 127, pp. 2883-2887 (1826). 
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proportion of an intermediate addition-compound with the catalyst. In the 
case of alcohol, however, it must be interpreted as evidence that the formation 
of a complex with the catalyst does not change the rotatory power of the solute. 
A decrease in the initial and final rotations of the solution was observed when 
acetone was added to solutions in carbon tetrachloride, but the effect was 
small and irregular. A very marked and perfectly regular increase was 
observed, however, when p-cresol was added to solutions in carbon tetrachloride 
and in chloroform. This effect, which is shown clearly in fig. 8, is attributed 
to the formation of a complex of higher rotatory power than that of the free 
solute. 



Fig. 8 ,—Changes of Rotatory Power by addition of p-Orosol at 25°. 0 in Carbon Tetra¬ 

chloride ; □ in Chloroform. 

Mechanism of the Mutarotation. 

The conditions under which mutarotation takes place in freshly prepared 
solutions of beryllium benzoyloamphor, as disclosed by the present investiga¬ 
tion, are totally different from those observed in prototropic compounds, such 
as benzoylcamphor itself. This contrast can be illustrated by the following 
table of catalytic-coefficients :— 




Mechanism of Chemical Change. 

Table II.—Catalytic Coefficients. 
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(a) Mutarotation of glucose in 
water at 20°. 

(6) Mutarotation of beryllium 
benzoylcamphor. 

[OH] 

- 8000 

Pyridine in CC1 4 at 20° . 

. 0*132 



Pyridine in CC1 4 at 26 e . 

. 0*227 

[OH,] 

- 0-00026 

Pyridine in CC1 4 at 30° . 

. 0-385 

[6 h,i 


Pyridine in CHC1 8 at 26° . 

0100 

- 0-36 

Alcohol in CC1 4 at 20° . 

. 0-231* 



Alcohol in 0C1 4 at 25° . 

. 0*370* 

[HOI] 

** about 0-5 

Alcohol in CC1 4 at 30° . 

. 0*658* 



Alcohol in CHC1* at 25° . 

. 0*204* 

[HAc] 

- 0-0065 

p-Oreso] in COli at 25° . 

. 0*318* 



jj-Crwol in CHOI, at 26° . 

. 0103* 

[Ac] 

- 0 069 

Acetone in CC1 4 at 26° . 

. 0*015* 

+ 


CCl, and CHC1, at 25° 

. 0*000 

[NH 4 ] 

- 0-0012 




* Extrapolated to infinite dilution. 


The most interesting feature of this table is the uniformity of catalytic 
efficiency, towards beryllium benzoylcamphor in an inert solvent, of pyridine, 
cresol and alcohol , representing a weak base, a weak acid and a simple organic 
compound. This is in striking contrast to the highly specific action of acids and 

bases towards aqueous glucose, where the ratio [OH]/[OH a ] = 22,000. The 
absence of marked catalytic activity in carbon tetrachloride and chloroform, 
however, shows that certain chemical characteristics are required before a 
given type of molecule can act as a catalyst, and there can be little doubt that 
this essential property is the ability to form co-ordination-compounds with 
beryllium . Instead of supposing, however, that the catalyst must break both 
chelate rings of the co-ordination compound on which it acts, it is probably 
sufficient to suppose that one ring only is broken by the addition of a single 
molecule of the catalyst A to the solute B, and that the second ring is broken 
as a result of the bombardment by the solvent of the complex AB. When 
both rings are broken the “ racemisation ” of the complex follows automatically, 
since the dissymmetry of the beryllium atom is destroyed thereby. 

The very similar catalytic activity of pyridine, alcohol and cresol provides 
a new problem, in Anew of the dissimilarity of the way in which they act, as 
evidenced by the constancy of the catalytic-coefficient of pyridine and its 
decrease with increasing concentration in the case of alcohol and cresol. Thus 
our mass-action studies have led us to think that under comparable conditions 
the concentration of the complex of the solute with akohd may be perhaps a 
million times greater than that of any .complex which it may form with 
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pyridine. It therefore appears that the alcohol-complex must be too stable 
to undergo rapid isomeric change, whereas the minute traces of the pyridine- 
complex must undergo isomeric change almost instantaneously. This is in 
harmony with the conclusion expressed by Boeseken* in reference to the 
Friedel-Krafts reaction, namely, that an intermediate-compound which is 
sufficiently stable to be isolated would resist further transformation and so 
could not be an efficient catalyst. These considerations apply even more 
emphatically to chloroform, where the addition-compound is sufficiently 
stable to give well-formed measurable crystals, but has no appreciable catalytic 
activity. 

The contrast between pyridine, which does not form a stable addition 
compound, and alcohol, p-cresol, and chloroform, which appear to combine 
readily with the solute, may perhaps be associated with the presence of a 
reactive atom of hydrogen in the latter compounds. This introduces a possi¬ 
bility of bridging the broken ring by the co-ordination of this atom of hydrogen 
with an oxygen-atom of the benzoyl-compound, in a manner that is not 
practicable in the pyridine-complex. Bombardment by the solvent would 
then be necessary to break down both rings in the complex. Bridging of the 
ring by the reactive hydrogen of chloroform could also be used to account for 
the failure of this solvent to bring about an almost instantaneous mutarotation, 
which would be expected to occur if both forms of beryllium benzoylcamphor 
gave rise to the same chloroform-compound, as was previously supposed. 

Summary . 

(1) The mutarotation of beryllium benzoylcamphor is very slow, both in 
carbon tetrachloride and in chloroform. On one occasion, an “ arrest * of 
mutarotation was observed in a solution of purified chloroform in carbon 
tetrachloride, indicating that the mutarotation is not spontaneous, but depends 
on the presence of a catalyst. 

(2) The mutarotation is catalysed by pyridine, alcohol and p-cresol, but is not 
oatalysed in any special measure by a mixture of pyridine and oresol* 

(3) The velocity-coefficient is proportional to the concentration of pyridine, 
which therefore gives a constant “ catalytic coefficient ” ; but the catalytic 
coefficients for alcohol and for p-cresol decrease as the concentration increases. 
This decrease is attributed to the formation of a relatively stable complex of 


♦ • Trans. Faraday Soc./ vol 46, p. 611 (1928). 
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the solute with the catalyst, and can be shown to correspond with the require¬ 
ments of the law of mass-action. 

(4) The crystalline compound of beryllium benzoylcamphor with chloroform 
is formulated as a “ racemate ” with four molecules of chloroform of crystal¬ 
lisation. On this assumption it is possible to calculate the rotatory power of 
the unknown (3-form of the solute from the rotatory powers in freshly prepared 
solutions of the a-form and of the a and (3 compound with ohloroform. The 
proportions of the a and (3 forms in the equilibrium-mi x ture can then be 
deduced, namely, 51 per cent, in carbon tetrachloride, 49 per cent, in cyclo¬ 
hexane and 41 per cent, in chloroform. The value in cyclohexane agrees 
with the ratio already deduced from measurements of solubility. 

(5) The displacement of equilibrium on passing from carbon tetrachloride 
to chloroform as solvent is attributed to the selective formation of a 
chloroform-compound by the a and (3 forms; and the retardation of 
mutarotation (in presence of pyridine or alcohol) on changing from carbon 
tetrachloride to chloroform is attributed to the same cause. From these two 
series of data, it is calculated that 46 per cent, of the a-form and 64 per cent, 
of the (3-form is present as a chloroform-compound when dissolved in pure 
chloroform. 

(6) The changes of rotatory power which result from the addition of p-cresol 
to a solution of beryllium benzoylcamphor in carbon tetrachloride or in 
chloroform proceed in accordance with the law of mass-action. 

(7) The mechanism of the chemical change which gives rise to the muta¬ 
rotation is discussed. 
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The Mechanism of Chemical Change.—Part III. Mutarotation of 
Aluminium Benzoylcamphor. 

By T. M. Lowby, F.R.S., and R. C. Traill, Ph.D. 

(Received April 13, 1931.) 

The study of the metallic-derivatives of benzoylcamphor, as described in 
a recent paper,* disclosed the existence of mutarotation in freshly prepared 
solutions of the colourless bivalent beryllium and tervalent aluminium deriva¬ 
tives, but not of the quadrivalent thorium derivative. In the present paper, 
the detailed investigation of the mutarotation of the beryllium-derivative, 
as described in the preceding paper of this series, has been extended to the 
aluminium-derivative, but has led to results of an entirely different character. 
In particular, whilst the beryllium-derivative appears to undergo mutarotation 
only in presence of a catalyst, and gives rise to curves which conform to the 
familiar unimolecular law, the aluminium-derivative has never been obtained 
in a form in which mutarotation was retarded in the least degree ; and this 
unpreventable mutarotation is now proved to be of much more complex 
character, since the rotatory power of the freshly prepared solutions increases 
with extraordinary rapidity to a strongly marked maximum and then decreases 
much more slowly to a value which is only a little less than the maximum. 
Since no solutions could be prepared in which mutarotation was even moderately 
slow, it was almost impossible to study the effect of catalysis under the same 
conditions as in solutions of the beryllium-derivative. Attention has therefore 
been concentrated on the form of the mutarotation curves for an uncatalysed 
reaction in different solvents. 

The early experiments of Lowry and Faulknerf showed that the mutarotation 
did not proceed according to a unimolecular law, but agreed approximately 
with the formula for*a termolecular reaction. The experiments now described 
have shown that the curves cannot be represented by an equation for a single 
reaction of the first, second or third order, but conform accurately to an 
equation of the type 

This equation, which was deduced by Lowry and Johnt to express a muta- 

* ‘ Proo. Roy. Soc.,’ voL 132, p. 387 (1931). 
t ‘Trans. Chem. Soo.,* vol. 127, p. 1080 (1925). 
t 1 Trans. Ghem. Soo.,’ vol. 97, p. 2634 (1910). 
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rotation depending on two consecutive unimolecular reactions , has recently 
been verified by Smith and Lowry* in the mutarotation of a and p galactose. 
It was interpreted by them as evidence for the existence of an intermediate 
p-sugar 

P 

of which the proportions and rotatory power could be calculated from the 
equation on the assumption that only three sugars were present in the solution. 
On the other hand, the same form of equation can be used to represent two 
parallel unimolecular reactions proceeding with different velocities, e.g* y 
a ~1 p, y 8. This would imply the existence of two independent pairs 
of interconvertible isomers, so that the initial material would be a mechanical 
mixture of the a and (J forms, whilst the final product would be a mixture of 
the p and S forms iD equilibrium with the a and y forms respectively, but not 
with one another. The failure of attempts to separate the initial material by 
fractional crystallisation into forms of low and high rotatory power has com¬ 
pelled us, however, to fall back, as in the case of galactose, on the simpler 
hypothesis of an intermediate phase. The form of the curves then shows that 
whilst the initial material has a specific rotation [a] M6 j < 8(X)° in CCl* at 
12* 5°, the intermediate phase must have a specific rotation [a] M61 ~ 1750° 
(approximately), as compared with 1470° for the final equilibrium-mixture. 


Experimental. 

Materials and Methods .—The aluminium benzoylcamphor was prepared 
according to the method of Faulkner and Lowryt and was purified by recrystal¬ 
lisation from a mixture of chloroform and acetone. The product, which melted 
at 228°, was almost colourless, but the troublesome pink colour, to which atten¬ 
tion has already been directed, generally became intensified when solutions 
(e.jL, in acetone) were kept. The samples used gave the following specific 
rotations [a] M61 at equilibrium in carbon tetrachloride at 25° :— 

Sample A.—V, 1274*2; VI, 1275*0; VII, 1274*7; VIII, 1275*3; mean, 
1274*8°. 

Sample 0.—XXV, 1265*9; XXVI, 1264*2; XXVII, 1266*0; mean, 
1265*4°. 

Sample D ,—First fraction, XXVIII, 1270*3 ; fifth fraction, XXIX, 1271*0. 

* ‘ J. Chem. Soc,,* p. 666 (1928). 
f 1 Trans. Chem. Soc.,’ vol. 127, p. 1080 (1025). 

VOL. OXXXir.—A. 2 E 
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The solvents were purified by the same drastic methods that had been used 
successfully when studying the beryllium-derivative. 

On account of the great velocity of the mutarotation, and especially of the 
initial increase of rotatory power, the solutions were generally prepared in the 
cold and warmed up to the required temperature by pouring into a polarimeter 
tube already jacketed with water from a thermostat. Times were then 
measured from the moment when the solution was poured into the tube. For 
the same reason, the course of the mutarotation-curves was generally followed 
at lower temperatures than those used for the beryllium-derivative, namely, 
from 25° down to 2*3° C. 

Mutarotation in Carbon Tetrachloride and in Chloroform. 

The course of the mutarotation in carbon tetrachloride at 25°, 20° and 15° 0. 
is shown in fig. 1. At 25°, the fall of specific rotatory power to the equilibrium- 
value of 1270° was preceded only by a small rise from about 1320° to the 
maximum at 1370°, which was reached at the end of about 5 minutes. At 20°, 



Fig. I,—(Mutarotation of Aluminium Bcmzoyloamphor in Carbon Tetrachloride. 
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however, the fall of rotatory power was preceded by an increase during a 
period of 7 minutes from 840° to 1400°. At 15° the initial value was not bo 
low, but an increase from 1020° to the maximum at 1420° occupied a period 
of 13 minutes. 

The corresponding curves for solutions in chloroform at 25°, 20°, and 2*3° 
are shown in fig. 2. The specific rotation fell from 790° to 700° during a period 
of about 15 minutes at 25°, and from 840° to 680° in about 25 minutes at 20°, 
but in neither case could any increase of rotation be observed. Since, however, 
it appeared unlikely that the mutarotation should be different in character 



Fig. 2.—Mutarotation of Aluminium Benzoyloamphor in Chloroform. 


in two solvents so similar to one another as CC1 4 and CHC1 3 , the experiment 
was repeated at a temperature of 2-3° C. The resulting curve had the form 
that was expected, since it showed a rapid increase from 645° to 855° during a 
period of 8 minutes, followed by a slow decrease to about 670° during the course 
of the next hour. In this way the general character of the curves was clearly 
established. 

Form of the Mutarotation Curves* 

(a) Carbon Tetrachloride .—In order to determine the form of the mutarotation 
curves for solutions in carbon tetrachloride a series of observations was made 

2 e 2 
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with special care at a temperature of 12*5°. The results are shown in Table I 
and fig. 3. The differences shown in the table range from 33° to 0°, but the 
largest difference (amounting to only 3 per cent, of the very large specific 
rotation) corresponds with an error of only 20 seconds in the time of the reading, 
since the specific rotation was then changing at the rate of 100° per minute. 
Similar observations were made of the progress of the mutarotation at 15°, 


Table I,—Mutarotation of Aluminium Benzoylcamphor in Carbon 
Tetrachloride at 12*5°. 

c == 0*0122. [a]/a = 50*6. [a],= - 1192 e^ mt + 272<T 008Wt + 1468°. 


t, 

(min.) 

(obs.) 

E 

i 

'W 

g. 

Difference 
(O - C). 

10 

1 

| 

881 

— 848 +201 +1408=- 881 

o 

+ 

1-5 

942 

-774 +250 +1408— 950 

- 8 

2-0 

989 ! 

-710 +251 +1408^1009 

-20 

2-2 

1035 1 

-684 +250 +1468=1034 

+ 1 

2-7 

1065 

-626 + 246 +1468=1088 

-33 

30 

1112 ! 

-593 +243 +1408-1118 

- 0 

3'3 

1149 

-602 + 240 +1468=1146 

+ 3 

3-8 

1194 

—615-5+236 *0 + 1408=1189 

+ 5 

4-0 

1217 : 

-466 ■0 + 234-2+1468= 1206 

+ 11 

4-4 

1244 

—402 *5+230 - 4 + 1408 = 1236 

+ 9 

5-4 

1310 

- 387-0+ 224*0+1408=1304 

+ 0 

6-5 i 

1302-4 : 

—318-3+214-9+1468=1364-6 

- 2*2 

7-5 

1408-0 | 

-266-0+207-5+1468= 1409-6 

- 1*5 

8*4 

1439-1 

- 226 • 8+ 200 • 6+1408=1441 • 7 

- 2-0 

9*3 

1487-1 

- 193 * 7+ 195 - 0+1408= 1479 * 3 

- 2*2 

10*3 

1492-0 

-161-3+187-9+1468= 1494-6 

- 2-0 

11*1 

1509-0 ! 

-140-2+182-9+1468=1510-7 

- M 

12-0 

1520-2 ! 

-125 -0+177 -9+1468= 1520 -9 

+ 5*3 

12-ft 

1538 1 

-102-0+172-1 + 1468=1538-1 

-i: 

13*8 

1549-5 t 

- 80-7 + 106-8+1408^1548*1 

+ 1*4 

10*6 

, 1500-6 

- 52-8+151-3+1468=1666-7 

- 0*1 

17-8 j 

1571-3 

- 42-6+145-2 + 1468= 1670-7 | 

+ 0-6 

19-0 

1573*8 

! - 30-8+136-3-4-1468= 1673-6 

+ 0*3 

21*5 

1574*4 

. - 21-9+127-9+1468=1674-0 

+ 0-4 

23*2 

1573*3 

| - 16-2+120-1 + 1468=1571-0 

+ 1*4 

25-0 

1568*7 

1 - 10-6+110-1 + 1468=1667-5 

+ 1*2 

27-4 

1563*5 

- 7-8+102-8+1468=1563-0 

+ 0*0 

29-0 

1556-8 

1 - 6-9+ 98-0+1468= 1660-1 

- 3*3 

37*0 

1540-7 

| ■ 1-4+ 74-1+1408=1640-7 

■± 

39*1 

1530*0 

1 - 1-0+ 68-9+1468=1636 0 

+ 01 

41*1 

1531*4 

-- 0-7 + 64-1 + 1488=1631-4 

± 00 

03 

1498*2 

- 0-1+ 29-6+1468=1407-6 

+ 0*7 

87 

1481-6 

- 0-0+ 12-8+1468=1480-8 

+ 0-8 

109 

1474*3 

-- 0-0 + 6-0+1468=1474-0 

+ 0-3 

128 

1471 3 

- 0 0 + 3-1+1468=1471-1 

+ 0*2 

J70 

1408*7 

- 0-0+ 0-7+1468= 1468-7 

± 

ao 

1408*0 

-• 0 



* The calculated rotations have been rounded off to correspond with the limits of accuracy 
of the observed rotations during the early stages of mutarotation. 
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Fig. 3.—Analysis of Mutarotation-curve for Aluminium Benzoyloamphor in Carbon Tetra¬ 
chloride at 12-5°. 


20° and 25° are set out in Tables II, III and IV. The influence of temperature 
on the constants of the equation [a] { — Ae~ mi< + Be*” 1 ** + C is shown 
below:— 



A. 

B. 

a 

m v 

m,. 


0 

12 6 

— 1192 

272 

1463 

0*178 

0*0360 

5-11 

IS 

- 671 

220 

1328 ] 

0*265 

0*0490 

5*20 

20 

-1136 

272 

1307 

0*466 

0*102 

4*66 

20 

- 919 

268 

1306 

0*469 

0*106 

4*33 

26 

-2140 

347 

1275 

0*80 

0*196 

4 11 
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The duplicate series for 20° are in very satisfactory agreement as regards the 
exponents and m 2? and the rotations B and C. On the other hand, the 
wide differences in the value of A are of no significance, since they depend 
on the time selected as zero during a period when the specific rotation was 
changing at the rate of two right-angles per minute ! 

(b) Chloroform .—Data for a solution in chloroform at 2*3° are set out in 
Table II and fig. 2. The velocity-constants = 0*280, w a — 0*0474 are 
very similar to those for a temperature of 15° in carbon tetrachloride. 


Table II. —Mutarotation of Aluminium Benzovlcamphor in Chloroform at 

2-3° C. 


c =a 0*00924. [<x]/oc = 68*4. [a], = - 507<r oa80 ‘ + 354e“°*<* 7 «* + 663°. 


t 

(min.) 

(ODB.) 

[«l*i (calc.)* 

Difference 
(O - C). 

1*3 

o 

635 

O O O o 

— 354 +333 + 663 -642 

© 

- 7 

1*8 

675 

-308 +325 4*663—680 

- 5 

2*3 

7H 

-268 4-317 4 663=712 

- 1 

2*7 

729 

-235 +313 +663-741 

— 12 

30 

750*5 

-220*0+308*0+663 = 751 *0 

- 0*5 

3*3 

703*5 

-202 0+302-5+663=703-6 

dt 

3*9 

788*0 

-*170*5+290*5+683=788*0 


4*3 

794-5 

— 152 *8+289*0 +663 = 799 *0 

- 4*6 

51 

820*5 

-122 * 1 + 281 *5+ 663= 822 • 5 

- 2*0 

5*5 

827*0 

—109 • 3+ 273-6+ 603 = 827'0 

db 

5-8 

833*5 

—100 * 1 +269 • 6+ 663= 832 * 5 

+ 1-0 

0*2 

836*0 

- 89-5+264-0+663=837'6 

- 1*6 

6*5 

840*0 

- 82-6+ 260-6+ 663=841-0 

- 1*0 

7*0 

845*0 

- 71-5+254-5+063=840-0 

- 10 

7*5 

851*0 

- 02-1 + 248-0+ 663 = 849-0 

+ 

8*0 

853*0 

- 64-0 + 242-5+ 663 = 861-5 

+ 1-5 

8*5 

854*0 

- 40-8 +236-6 + 063= 852-6 

4- 1*5 

9*4 

854*0 

- 36-6+ 227 0 + 068 = 853-5 

4 - 0*6 

10*2 

851*5 

- 29-2+ 218-6+ 668 = 852-5 • 

- 1*0 

11*5 

847*5 

- 20-2 + 205-4+ 063=848-0 

- 0*5 

13*8 

836*0 

- 10-7 + 186-0 + 663=887-6 

- 1*5 

16*1 

820*5 

- 6-6+165-7 + 663 = 823-0 

- 2*5 

18*7 

804*5 

- 2-7 + 140-l+663 =8O6-6 

- 2*0 

210 

791 0 

- 1-4+131-2+003=793-0 

- 2*0 

23*7 

776 0 

- 0-3+116-0+ 663 =777-5 

- 1*5 

26 0 

765*0 

- 0-2 +103-0+603=766-0 

- 1*0 

29*2 

751*5 

- 0-1+ 88-5+068=751 -5 

=fc 

31*3 

741*0 

— 0-0 + 80-2+ 663 = 743-0 

- 2*0 

36*3 

726*0 

- 0-0+ 03-2 + 663 =720-0 

± 

41*9 

711*5 

- 0-0+ 48-5 + 063=711*6 

dr 

47*8 

700*0 

- 0-0 + 80-6+ 663=099-5 

4 - 0*6 

56*4 

688*0 

- 0-0+ 24-4+003=687-5 

+ 0*5 

69 

677*0 

- 0-0+ 13-6+603 =670-5 

4- 0*5 

80 

671*6 

- 0-0+ 7-8+608=671-0 

4- 0*5 

X 

663*0 



* The calculated rotation!* are given to 0*5° only, to correspond with the limits of accuracy 
of the observed rotations. 
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Table III.—Mutarotation of Aluminium Benzoyicamphor in Carbon 
Tetrachloride plus Pyridine at 20°. 

c 0-00974. a = 0-651. [a]/oc = 65-0. [a] ( = — 867e- 0 - M1 ‘ + 258e-° us * 

-f 1244-5°. 


(min.) | 

j 

ot». 


Difforenoo 
(0 - C). 

0*9 

962 

<> o :> O 

-545 +233 +1244-5- 933 

0 

i +29 

11 

1031 

-488 +227 + 1244*5= 984 

+ 47 

1*7 

1100 

351 4-212 [ 1244 * 5 - 1106 

- 6 

2 1 

1159 

— 284 + 203 4" 1244-5 — 1164 

- 5 

2*3 

1200 

-254 4* 198 + 1244*5^1190 

4 10 

2*8 

1234 

•195 +187 +1244*5-1236 

- 2 

3*1 

1259*5 

-164*9 +180 *64-1244*5=1260 *5 

- 1 

3*5 

1287*0 

—132 *3+172*6 +1244 *5=1285*0 

+ 2 

4*0 

1301-0 

-101*1 + 162*6+1244 5=1306 0 

- 5 

4*6 

1319*0 

- 77 -<H 153-5+1244-5—1320-6 

1*5 

4*9 

1327*0 

. 62*6+146 * 1 +1244 * 5 = 1328 * 0 

- 1*0 

5*3 

1333*5 

- 50 * 4 4 139 • 7+ 1244 • 5 = 1334 - 0 

- 0*5 

5*8 

1338*0 

38*3+131*9 +1244 • 5=1338*0 

JL 

0*2 

1340*0 

- 30*8 + 125*7+1244*5=1339*5 

+ 0*6 

6*7 

1340*0 

23*5+118*9 +1244*5=1340 0 

r 

7*3 

1338*0 

- 16*9+110*3 i 1244*5^1338*0 

J- 

8*0 

1335*5 

- 11*6 +102 * 0 +1244•5 =1335 * 0 

+ 0*5 

8*6 

1332 0 

8*9+ 96*2+1244*5=1332*0 

:,L- 

9*2 

1326*0 

- 6 1+ 89*2+1244 *5=1327*5 

- 1-5 

10*1 

1322*5 

- 3 74- 80*0+1244*5^1321*0 

+ 1*5 

11 4 

1312*0 

- 1*8+ 69*2 + 3244*5=1312*0 

+ 

13*2 

1300*0 

- 0*7+ 56 • 3+1244 *5=1300 *0 

± 

14*8 

i 1291*0 

- 0*3+ 46*8 ! 1244*5^1291*0 

+ 

16*7 

1281*5 

0*1+ 37*6+1244*5= 1282*0 

- 0*6 

18*4 

1275*5 

- 0*0+ 30 * 9+1244 * 5=1275 ■ 5 

± 

20-0 

1271*0 

— 0*0 + 25*7+1244*5 ~1270*0 

+ 1*0 

23*7 

1261*0 

0*0+ 16*0+1244*5=1261 *0 

.+ 

29 

1253 5 

- 0-04- 9*0+1244*5 = 1253 • 5 


37 

1247*5 

- 0 *0 f 3*6 + 1244*5^-1248*0 

.1 o*5 

51 

1245*0 

- 0*0+ 0*7+ 1244*6=1245 0 

+ 

00 

1244*5 




Catalysis by Pyridine. 

Table III shows that the form of the mutarotation curve for a solution in 
carbon tetrachloride at 20° catalysed by pyridine can be represented by an 
equation of the same type as those used for the uncatalysed reaction. A series 
of experiments with different concentrations of pyridine gave the results shown 
in Table IV, 
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Table IV.—Influence of Pyridine on the Velocity-Coefficients of Mutarotation 
of Aluminium Benzoylcamphor in Carbon Tetrachloride at 20°. 


Experiment, 

Concent 

Orations. 

Rotations 

Velocity coefficients. 

M/a. 

a =--* |P?/J. 

»0* 

% 

XVI 

| 0*00985 

0 

1 1300*6 

0-459 

0*106 

64*1 

xvn 

1 000954 1 

0 

1306*0 

0*466 

0*102 

66*1 

XV 

0*00950 ’ 

1 0*254 

1276*5 

0*498 

0*103 

66*5 

XVili 

0-00974 

0*651 

1244*5 

0*541 

0*115 

65*0 

XXI 

0*00915 

0*995 

1236*0 

0*536 

i 0*120 

70*1 

XXII 

0*00935 

1*46 

1203*5 

0*568 

| 0*141 

i 68*4 

XXX 

0*00849 

i 

2*82 

1105*1 

0*630 

0*174 

73*3 

i 


On the average the coefficients are increased by about 18 per cent, (above 
those for solutions in carbon tetrachloride alone) for each gram-molecule of 
pyridine per litre, but the relationship between the concentrations of pyridine 
and the velocity-coefficients of the solutions is not so accurately linear as in 
the case of beryllium benzoylcamphor. 

Catalysis by Alcohol . 

A series of three experiments was also made on the form of the mutarotation 
curve for solutions in carbon tetrachloride to which alcohol had been added. 
The results are plotted in fig. 4 and one series of readings is set out in Table V. 
At 25° the mutarotation, which was almost complete in an hour, was so fast 



Fig. 4.—Mutarotation of Aluminium Benzoylcamphor in Carbon Tetrachloride and 
Alcohol. 
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Table V.—Mutarotation of Aluminium Bensoylcamphor in Carbon 
Tetrachloride plus Alcohol at 15°. 
c = 0*0114. a 0*355, [«]/a = 55*4, 


L 

w- 

, 

w- 

2-0 

1252*9 

140 

1354*9 

2*6 

1277*3 

15*2 

1349-0 

3-0 

1301*7 

15*9 

1348*8 

3*4 

1310*5 

17*5 

1342*7 

4*1 

1332*1 

19*5 

1334*9 

4*6 

1347*1 

21*5 

1328*3 

5*0 

1355 4 

26*1 

1316*5 

6*4 

1361 * r > 

28*9 

1310*0 

6 0 

1363*2 

33*2 

1301*7 

6*4 

1366*2 

45 

1289*5 

7*2 

1369*8 

60 

1279*6 

8*0 

1372*1 

75 

1275*1 

9*3 

1369*3 

98 

1271*2 

10*2 

1368*2 

170 

1267*9 

11*2 

1368*7 

200 

1250*7 

12*6 

1360*0 

j 300 

1248*4 

13*2 

1301*0 

1 

360 

1246*2 


that the maximum which we expected to find had already been passed when 
the first readings were taken. When the temperature was reduced to 15°, 
the maximum was disclosed; but, in spite of the general similarity 
of the curves to those recorded in figs. 1 to 3, the data could not be expressed 
by the same equation. The complex character of the action is also shown by 
the fact that the two curves for 25°, with alcohol concentrations 0*358 and 
0*874, cross one another, the relative magnitude of the rotations of the two 
solutions being reversed after about 50 minutes. The apparent “ order ” of 
the reaction in its later stages is also liigher than in the preceding cases, and 
approximates to that recorded by Faulkner and Lowry. These results can 
obviously be attributed to the formation of a complex of the alcohol with the 
solute, similar to that which was postulated in the case of the beryllium- 
derivative. 

Order of the Reaction . 

If the complex mutarotation curves for aluminium benzoylcamphor were 
due to a higher order of reaction than the first, the velocity would be dependent 
on the concentration. If, however, the mutarotation depends, as we have 
postulated, on a series of consecutive or parallel unimolecular reactions, the 
velocity-constants should be independent of the concentration of the solute. 
This point is easily tested, since the early part of the mutarotation is dominated 
by a rapid increase of rotation, which is substantially unimolecular in type, 
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whilst the later stages are dominated by a relatively slow decrease of rotation 
which is also substantially unimolecular in form, In particular, after the 
rotation has fallen half-way from the maximum towards the equilibrium value, 
the term which represents the rapid increase of rotation has become negligible, 
and a simple unimolecular formula can be applied to the remainder of the 
change. 

In Table VI, therefore, we have collected together the later readings for a 
series of solutions in which the concentrations were 

0*0201 0*0203 0*0113 0-00676 

or in the ratio 

1 : 1*01 : 0*562 : 0*338 

In order to facilitate a direct comparison, zero-time was reckoned from 
the moment when the specific rotation had fallen to within 500° of its final 
value. 


Table VI.—Mutarotation of Aluminium Benzoylcamphor in Carbon 
Tetrachloride at 25°. (Later stages.) 


Time 

(mtn.). 

notations {a]t — [a]®* 

k. 

c—0*0201. 

0*0203 

0*0113. 

0*00676. 

Mean. 

~ 2 

1 

! 71*6 

71 6 

71*1 

70 0 

711 


0 

50 0 

60-0 

50 0 

50 0 

50 0 


4- 2 

34*1 

34*1 

34*1 

33*7 

34*0 

0*193 

4 * 4 

! 22-9 

23*0 

22*9 

23*0 

22*9 

0*196 

+ 5 

18*8 

19*1 

18'7 

19*3 

19*0 

0*193 

+ 7 

13*0 

12*9 

13*0 

14*0 

13*2 

0*190 

+ 9 

9*1 

! 8*4 

8*9 

9*7 

9*0 

0*190 

n 

6*2 

5*1 

i 6*7 

5*9 

5*7 

0*197 



t 



Moan . 

0*193 


The course of the curves is seen to be identical, and, when a unimolecular 
velocity-coefficient is calculated from the mean values, it is seen to be constant 
at 0-193. The unimolecular character of the various reactions is thereby 
fully established. 

Summary, 

(1) The mutarotation of aluminium benzoylcamphor is very fast in carbon 
tetrachloride, and proceeds even more rapidly in chloroform. By working 
at a sufficiently low temperature, however, it is possible in both cases to detect 
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the occurrence of a very rapid rise to a maximum rotation, followed by a alow 
fall to a steady value. 

(2) The form of the mutarotation curves in carbon tetrachloride and in 
alcohol can be expressed, as in the case of a and (3 galactose, by the algebraic 
sum of two exponential terms of opposite sign 

[a] £ = + Be~ m * + C. 

(3) This equation also serves to express the form of the mutarotation curves 
for solutions in carbon tetrachloride when catalysed by pyridine, but not by 
alcohol. It is therefore suggested that alcohol may form a complex with the 
aluminium-compound, as well as with the corresponding beryllium-compound. 


The Conductivities of Tetraelhylammonium and Ammonium Salts in 

Methyl Alcohol . 

By Augusta Unmack (Ramsay Memorial Fellow), E. Bullock, D. M. 

Murray-Bust, and Sir Harold Hartley, F.R.S. 

(Received April 16, 1931.) 

If the motion of an electrolytic ion in an electric field obeys Stokes’s law 
and its effective radius remains unchanged in different solvents, then its 
velocity should be inversely proportional to the viscosity of the solvent, i.e., 
X >3 = constant. The investigations of Walden have shown that this 
relationship, known as Walden’s rule, only holds good for certain large organic 
ions which therefore are presumed to be unsolvated. The NE/, 4 + ion is of 
particular interest in this respect, since its salts have been studied by Walden 
in a number of solvents ; he has shown that the quantity A 0 X vj is approxi¬ 
mately constant for tetraethylammonium picrate both in different solvents 
and over a range of temperature in each. Owing to the lack of transport 
number data, the mobility of the NE* 4 + ion is only known directly in water, 
methyl alcohol and ethyl alcohol. Its value in these solvents is of considerable 
practical importance, since Ulich has used the average value of the product 
l 0 X f} to calculate ionic mobilities in other solvents in which no transport 
numbers are at present available and in which they would be extremely difficult 
to measure in dilute solution. The value of the mobility of the tetraethyl- 
ammonium ion in methyl alcohol is based solely on measurements with the 
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picrate, apart from some early measurements with the iodide. The primary 
object of the present investigation was to measure the conductivity of a number 
of tetraethylammonium salts in methyl alcohol in order to obtain confirmatory 
evidence of its mobility. In addition, the conductivities of some ammonium 
salts have been determined in order to compare the mobilities of the simple 
and the tetra-substituted ammonium ion. 

It is remarkable that in spite of its complexity the NE/ 4 + ion (Z 0 ~ 62) 
moves faster than the NH 4 + ion ( l 0 = 58) and has a higher mobility in methyl 
alcohol than any cation except caesium (l 0 = 62*3) and hydrogen ( l 0 = 142), 
just as the symmetrical 010 4 ~ ion is faster than the simple chlorine ion. 

Experimental. 

Preparation and Drying of Salta. 

(1) Tetraethylammonium Salts. 

The results for these salts are taken from separate researches ; the investiga¬ 
tion was undertaken originally by A. Unmack and this was repeated and 
extended in the following year by E. Bullock, using independent samples of 
the salts and improved methods of drying them. Only in the case of the 
bromide is there any serious discrepancy and the difference between the 
results, amounting to about 1 per cent., is almost certainly due to insufficient 
drying in the earlier research. The method of drying finally adopted for all 
the salts except the picrate was to heat them at 80° C. in a vacuum oven 
containing phosphorus pentoxide, until the salt was at constant weight. 

Tetraethylammonium Bromide. —A sample from B.D.H. was recrystaJlised 
once from water and twice from methyl alcohol. A specimen of the pure salt 
was analysed by determining the percentage of bromine by Volliard’s method ; 
the mean of three titrations was 37 * 66 ±_ 0 * 08 per cent. (Theoretical, 
37*64 per cent.) 

Tetraethylammonium Iodide. —A sample from B.D.H. was coloured owing 
to the presence of iodine, but this was completely removed after two recrystal- 
lisations from ethyl alcohol. Estimation of the iodine content gave as a 
mean value for three titrations 49*3 d: 0*1 per cent. (Theoretical, 49*37 
per cent.) 

Tetraethylammonium Nitrate was made from a solution of the recrystallised 
bromide by adding an exactly equivalent amount of silver nitrate solution. 
The mixture was evaporated and the salt recrystallised from acetone containing 
just sufficient water to dissolve the salt at the boiling point. 
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Tetraethylamrnonium Chloride .—All the other salts were made from a solution 
of tetraethylammonium hydroxide by adding an equivalent amount of the 
appropriate acid. The hydroxide solution was prepared by stirring a solution 
of the bromide with an excess of silver oxide until all the halide was precipitated. 
After filtration the concentration of the solution was determined by titration. 
The chloride was prepared by this method and recrystallised from acetone. 
It was analysed by Volhard’s method and the percentage of chlorine was 
found to be 21*42 ± 0*04. (Theoretical, 21*41 per cent.) 

Tetraethylammonium Thiocyanate. —A dilute solution of tkiocyanic acid 
was made by distilling a solution of potassium thiocyanate and phosphorio 
acid at 40° C. f under a pressure of about 15 mm., in a slow stream of nitrogen. 
This was used to neutralise a solution of tetraethylammonium hydroxide and 
the salt was separated by evaporation. It was dissolved in acetone, precipi¬ 
tated with ether, and finally was twice recrystallised from a mixture of acetone 
and ether. Analysis by titration with silver nitrate gave the percentage of 
thiocyanate as 30*82 ± 0*04. (Theoretical, 30*85 per cent. CNS.) 

Tetraethylammonium Perchlorate, prepared from perchloric acid and tetraethyl¬ 
ammonium hydroxide, was recrystallised from water. 

Tetraethylammonium Picrate , prepared from the hydroxide solution and 
picric acid which had been recrystallised from benzene, was recrystallised 
from alcohol or an alcohol-water mixture and was dried to constant weight 
in an air bath at 110° C. The melting-points of different specimens were 
between 254° and 257° C. 

(2) Ammonium Salts . 

Ammonium Perchlorate was prepared by mixing equivalent amounts of 
aqueous perchloric acid and of a freshly distilled solution of ammonium 
carbonate, and was recrystallised from water. It was neutral and free from 
carbonate and chloride. It was dried to constant weight in vacuo over 
phosphorus pentoxide, or in an air bath at 110° C. 

Ammonium Nitrate .—A sample from B.D.H. was recrystallised from water 
and found to be free from chloride, nitrite and sulphate. It was dried in a 
vacuum desiccator containing caustic potash and phosphorus pentoxide. 

Ammonium Chloride .—The source of this salt was a specimen made from 
synthetic ammonia, which was resubliraed. Various methods of drying were 
tried, since the mobility of the ammonium ion calculated from the measurements 
of ammonium chloride is rather higher than that from the results for the other 
salts, and it was thought that there might be an excess of hydrogen chloride 
in the salt. The first method used was to dry the resubltmed salt in a vacuum 
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desiccator containing both phosphorus pentoxide and caustic potash. Measure¬ 
ments were then made with two other specimens : one had been resublitned 
immediately before use and was not further dried, while the other was dried 
to constant weight over calcium chloride in vamio and was then allowed to 
stand for 24 hours in a desiccator containing dry ammonia. Almost identical 
values for the conductivity were obtained with samples dried by these three 
methods. 

The preparation of ammonium thiocyanate has been previously described.* 

Sodium Picrate , prepared from Kahlbaum s sodium carbonate and recrystal¬ 
lised picric acid, was recrystallised either from methyl or ethyl alcohol and 
dried in an air bath at about 130° C. 

The Methyl Akohol was prepared by the method described by Hartley and 
Raikes.t All solutions were made up by weight. 

Measurement of Conductivity . 

The method of procedure was the same as that used in our previous work.* 
The cell was similar to that described by Hartley and Barrettf; successive 
additions of weighed amounts of solution were made to a known weight of 
methyl alcohol in the cell and the resistance was measured after each addition. 
The cell constant was measured at various times. In the earlier research it 
was determined by measuring the conductivity of aqueous solutions of potassium 
chloride at 18° C. using the equation A c = 129*91 — 80*75 Vc to calculate 
A c ; in the later work on the tetraethylammonium salts it was determined by 
measuring the conductivity at 25° C. of solutions of potassium chloride in 
methyl alcohol, A e being calculated from the equation given by Frazer and 
Hartley, viz., A„ — 105 * 07 — 261 \/ c. This latter method is more convenient 
and the agreement of the results of the two investigations is a check on the 
correctness of the latter equation. The value of the cell constant was 0 * 03412. 
All conductivity measurements were made at 25 ± 0*005° C. 

Experimental Remits. 

The following tables give the values of the equivalent conductivity at various 
concentrations. All the salts, except tetraethylammonium perchlorate, obey 
the linear relation A e = A 0 — xVc over the range of concentration investi¬ 
gated (N/10,000 to N/500) and the first column gives the best values of A 0 

* tJnmack, Murray.Ruet and Hartley, ‘ Proc. Roy. Soc.,’ A, vol. 127, p. 228 (1030). 

t 1 Trane, Chem, Soc. t * p. 524 (1925). 

t * Trane. Chem. Soc.,’ p. 780 (1913). 
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and of x for each salt. When the conductivity of the same salt was measured 
in the two researches, the different series of results are distinguished by the 
initials of the two investigators. Column 2 gives the specific conductivity of 
the alcohol in reciprocal megohms and the solvent correction was applied by 
subtracting this value from the specific conductivity of the solution at each 
concentration ; column 3 gives the values of c X 10 4 , where c is the concen¬ 
tration in gram equivalents per litre, calculated on the assumption that the 
density of the solutions was the same as that of the pure solvent, AJT = 0 *7864; 
column 3 gives the values of lOOVc ; column 4 the observed equivalent con¬ 
ductivity A 0 , and column 5 the difference between the observed values of 
A c and those calculated from the values of A 0 and x given in column 1. 


Table I. 



L 

e x 10 *. 

100 y'r" 

A- 

Difference. 

Tetraethylamroonium chloride — 






Series A . 

0*038 

0*791 

0*890 

Ill 32 

4*0*15 



1-649 

1 284 

110*09 

4 0 09 



3-267 

1-807 

108*55 

+0-10 



0 187 

2*484 

106 51 

40*06 



11-239 

3 353 

103-96 

+0-08 

Series B 

0*046 

0*714 

0-845 

110-74 

—0*56 



1 • 506 

J -227 

109-83 

—0*34 



2-903 

1*704 

108*56 

-0 20 



5-508 

2-347 

100-77 

-0-08 



7-841 

2-795 

105-44 

-0*08 



11-469 

3-386 

103*80 

40*02 

Series C . 

0-064 

0*762 

0*873 

HI *01 

-0*21 



1-662 

1*290 

109*86 

—0*12 

A t =* 113-8 


3-488 

1*868 

108*18 

-0*09 

x = 29fl 


0*144- 

2-473 

106-41 

-0*07 



8-307 

2*882 

105-18 

-0*09 



11-920 

3 453 

103*54 

-0*04 

Te trae thylam momum bromide— 




! 


Series A . 

! 0 *050 

1-087 

1 * 043 

114-43 

40*11 



2*152 

1 467 

113-06 

40*08 



3 568 

1-889 

111*76 

4 0*10 



0-162 

2 482 

109-84 

40*06 

i 


S-480 

2-912 

108*49 

40*05 


I 

12-055 

3 472 

106-73 

40*06 

Series B . 

j 0-047 

0*996 

0*998 

114*33 

—0*13 



1*872 

1*368 

113*22 

—0*07 

A, =* 117*8 


3-464 

1*861 

111*75 

40*01 

x *» 816 


6*190 

2*488 1 

109*78 1 

40*01 



8-464 

2-909 

108*46 

40*01 



11-952 

3-467 

106*70 

—0*02 
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Tabic I—(continued). 


i 

k ; 

c X 10*. 

loo v'cT 

A 

■ 

Difference- 

Totraethylammoiuum iodide — 1 




i 


Series A . 

0 034 

1*043 

1*021 

120*85 ! 

+0-12 

t 

1*716 

1-310 

119-90 

+0-16 

i 

2*468 

1*571 

119*01 

4*0*15 

! 

3*746 

1*936 

117*69 

+0*07 

i 

6*624 

2*372 

116-26 

+0*12 

Series B .' 

0 032 1 

1 210 

1 • 102 

120*46 

+0 07 

: l 

1-084 

1-298 

119*82 

+0-03 



2*478 

1-574 

118*85 

0*00 



3*911 

1*978 

117-61 

+ 0*04 



5*117 

2-273 

116*48 

+0*01 

Series 0 . 

0*060 

0*585 

0*765 

121*34 

-0*46 



1*238 

1*113 

120 44 

+0*02 

124*2 


2*467 

1*571 

118*82 

—0*04 

x « 340 


4-454 

2*110 

117*07 

+0*04 



5-948 

2*439 

115*97 

+ 0*06 



8-000 

2-934 

114*16 

—0*07 

Totraethylammonium thiocyanate— 






Series A 

0 040 

1-002 

1*001 

120-17 

+0-22 



1-837 

1*356 

118*95 

+0*22 


1 

2-671 

1 634 

117*98 

+0*21 



3*832 

1-958 

116*87 

+0*21 



6 221 

2-285 

115*61 

+0*08 

Series B . 

0 033 

0*506 

0*711 

120*89 

-0*06 



1*098 

1*048 

119*83 

+0*04 



1-861 

1*364 

118*74 

+0 04 



2*923 

1*710 

117*60 

+0*09 



4*293 

2*072 

116*36 

+0*10 



5*902 

2 429 

115*10 

+0*07 

Series 0 . 

0-026 

1 0*919 

i 

1 0-959 

120*04 

-0 *06 



1*738 

1 318 

118*90 

+0*04 

A 0 - 123-4 


3*261 

1*806 

11718 

0*00 

x *= 346 


5-625 

2*372 

115*26 

+0*03 



7*817 

2*796 

113*69 

—0*07 



10*160 

3*187 

112*33 

-0*09 

Tctraethylararaonium perchlorate— 






Series A . 

0*062 

0-719 

0*848 

128*98 


(A.U.) 

i 

1-527 

1*236 

127*37 



! 

I 

2-910 

1*706 

125*51 




5-175 

2*275 

123*04 


i 

0-983 

2*643 

121*45 



9-992 

3*160 

119*03 


Series B . 

j 0*044 

0-578 

0*761 

128*96 


(A.U.) 


1 242 

1*116 

127*71 




2-401 

1-509 

125*96 




4-988 

2*234 

123*20 




0-841 

2*616 

121*49 




9-593 

3*097 

119*21 
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Table I—(continued). 



k. 

c x 10 4 . 

100 yV. 

Ac- 

Difference. 

Tetraethylanmionium perchlorate-— 






(contd)— 






Series 0 ... 

0 030 

0 * 644 

0 * 803 

129*13 


(A.U.) 


1*421 

1 *192 

127*58 




2 011 

1-610 

125*84 




4*181 

2-045 

124*07 




8*140 

2*853 

120*46 


Series X) . 

0-036 

0*746 

0*863 

129-01 


(E.B.) 


1*349 

1*162 

127*92 




2*364 

1*538 

126*36 




3*142 

1 773 

125*43 




4*742 

2-178 

123-58 


Tctraethylammonium nitrate— 






Series A . 

0*032 

0*773 

0*880 

118-98 

-“0 * 14 

(A.V.) 


1*508 

1-228 

117*91 

-0*07 



2*798 

1*673 

116*45 

—0 08 



5*078 

2 253 

114 51 

-0*12 



7 *036 

2*643 

113*15 

-0-21 



9*842 

3*138 

111*67 

-0*17 

Series B . 

0*035 

1*079 

1 039 

118*65 

+0*05 

(A.U.) 


2*140 

1*463 

117-31 

+0*09 



3*509 

1-873 

116*02 

+0*14 



5*695 

2*387 

114-33 

+0 14 



7*949 

2*819 

112-90 

+0*18 



10*996 

3*315 

111-26 

+0*10 

Series 0 .. 

0*039 

0*891 

0*944 

118-63 

-0*25 

(E.B.) 


1*789 

1 338 

117-42 

-0*15 



3*506 

1*872 

115-70 

-0 * 10 



6*148 

2*480 

113-73 

-0*06 



8*418 

2*901 

112-31 

-0 09 



12*183 

3*490 

110-35 

-0*01 

Series D . 

0 091 

0*952 

0*976 

118-43 

-0*34 

(E.B.) 


1*918 

1*385 

117-27 

-0*15 



3*600 

1 1*897 

115-69 

-0*03 

A t =» 122 0 


6*423 

2*534 

113-53 

-0*08 

x = 330 


8*796 

2*966 

112-17 

-0*01 



12*134 

3 482 

110-48 

0*00 

Tetraethylamraonium picrate— 






Series A .. 

0*031 

0*761 

0*872 

105*58 

-0*34 

(A.U.) 


1*487 

1*220 

104*61 

—0*14 



2*571 

1*603 

103*50 

-0*08 



3*803 

1*950 

102*48 

-0*03 



5*281 

2*208 

101*46 

—0*17 



7*849 

2*802 

99*87 

-0*13 

Series B . 

0 039 

1*687 

1*299 

104*24 

-0*27 

(A.U.) 


3 020 

1*738 

102*92 

-0*22 



4*441 

2*107 

101*82 

-0*18 



6*103 

2*471 

100*76 

-0*13 



9018 

3 003 

99*08 

-018 


2 F 
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Table 1—(continued). 



L 

c x 10 *. 

100 Vc . 

A e . 

Difference. 

Tetraethyl ammonium picrate — 






(oontd)™ 






Series 0 . 

0-035 

0-746 

0*864 

105-80 

-0 05 

(A.U.) 


1-435 

1*198 

104-83 

4-0*01 



2-525 

1-589 

103*65 

+ 0*01 



4-191 

2-047 

102-32 

4 - 0*11 



5-715 

2-391 

101-24 

4-0*08 



7-971 

2-832 

99-91 

4 0*08 

Series D . 

0 042 

1-037 

1-018 

105*44 

4-0-16 

(E.B.) 


2-070 

1-439 

103-99 

- 0*10 



3-744 

1-935 

102-46 

- 0-11 



6-173 

2-485 

100-72 

-0 16 



8-566 

2*927 

99*50 

- 0*02 



12-078 

3-476 

97*85 

4 - 0*01 

Series E . 

0 034 

0*981 

0-990 

105*42 

-0*04 

(E.B.) 


2-129 

1-459 

103*98 

-0*05 



4-062 

2-015 

102*34 

4 - 0*02 

A a = 108-5 


6-678 

2-584 

100*63 

4*0*06 

a: » 307 


10 050 

3*170 

98*69 

-0*09 

Ammonium chloride— 






Series A . 

0 043 

2-681 

1-637 

105*46 

—0*16 



4-033 

2-153 

103*97 

- 0-20 



8-107 

2-847 

102*01 

- 0-22 



11-928 

3-454 

100*35 

—0*18 



16-713 

4-088 

98*68 

-0-07 

Series B ... 

0-105 

2-525 

1-589 

105*52 

-0*23 



5-167 

2-273 

103-74 

-0*10 



8-949 

2-992 

301*73 

-0*10 



15-776 

4*132 

98*74 

+0*14 

Series C . 

0 083 

1-439 

1-199 

106*96 

+ 0*12 



2-761 

1-662 

106*63 

+0-08 



5-094 

2-257 

103*98 

+ 0*10 



8-302 

2-881 

102*23 

+010 



11-203 

3-347 

100-98 

+0-15 



15-776 

3-972 

99-27 

+0-19 

Series D .j 

0-094 

1-814 

1-347 

106*43 

0-00 



3-753 

1-937 

104-81 

+0*03 



6-681 

2-585 

102*93 

+0-03 



10-813 

3-288 

100*99 

0 00 



14-892 

3-859 

99*35 

-0*06 



19-831 

4*453 

97*63 

- 0*10 

Series E . 

0*038 

2-437 

1-561 

106-05 

+0*22 



4-812 

2*194 

104-19 

+0*13 

A„ — 110-2 


8-228 

2-868 

102*28 

+0-11 

* *= 280 


11-911 

3*444 

100-64 

+0 09 



18*039 

4-247 

98-39 

+0*08 

Ammonium perchlorate— 






Series A . 

0-058 

1-061 

1-025 

125*48 

-0-13 



2-163 

1-467 

124-02 

-0-17 



4-120 

2-030 

122-28 

-0-10 



7-219 

2-686 

120-28 

+0-01 



9-686 

3-112 

118-90 

-0-01 



12-975 

3-602 

117-35 

+0‘01 
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Table I—(continued). 




c x 10‘. 

100 vc. 

A c . 

Difference. 

Ammonium perchlorate—(contd)— 

j 





Series B . 

0 058 

1402 

1*184 

125-01 

-009 



2-097 

1*042 

123*56 

-0*07 



5*709 

2-402 

121*13 

-0*06 



9-390 

3-064 

119-27 

+ 0*17 



13-779 

3*712 

117-81 

-0*17 

Series C . 

0 038 

0-927 

0-903 

125-83 

+0 -02 



1*792 

1338 

124*75 

+0*14 



3-411 

1-855 

123*06 

+0-11 



5-520 

2-349 

121-44 

+ 0*08 



7-955 

2-820 

119-92 

+0*07 



11-712 

3-422 

118-00 

+0-08 

Series I) . 

0 043 

1026 

1-013 

125*65 

0 00 



1-971 

1-404 

124-43 

+0*06 

A 0 - 128*9 


3-022 

1-903 

122*88 

+0*09 

x 321 


5-834 

2-415 

121*19 

+0*05 



8-279 

2-877 

119-90 

+0*24 



11-825 

3-439 

118-03 

+0*17 

Ammonium nitrate— 






Series A . 

0-048 

1-837 

1 * 350 

114-45 

+0 09 



3-758 

1-938 

112-60 

+0*07 



7*598 

2-756 

110-16 

+ 0*19 



12-078 

3-475 

107-76 

+0-06 



19-168 

4*378 

104-98 

+0*11 

Series B .. .. 

0 074 

1*048 

1 *020 

115-37 

-0*05 



2*305 

1-538 

113 81 

+0*02 



4*938 

2-222 

111-70 

+0 06 



8*436 

2-904 

109*40 

—0*04 



11 726 

3-425 

107*80 

-0-07 



15*587 

3 948 

306*16 

-0-06 

Series € .. 

0 093 

1*547 

1-244 

114*47 

—0*24 



2*924 

1*710 

113-18 1 

-0*07 

118-6 


5-612 

2*369 

111 20 

+0-02 

x -314 


9-058 

3*009 

109-23 

+0*00 



15-826 

3-979 

106*16 

+0*03 

Sodium piorate— 






Series A . 

0 041 

0-941 

0-970 

80-82 

-Oil 



1-751 

1*323 

88*96 

-0*06 



3-158 

1*777 

87*79 

-0 06 



5-499 

2-345 

86-42 

+0*03 



7*719 

2*778 

85-30 

+0*02 



10*595 

3 255 

84-08 

+0*03 

Series B . 

0 033 

0-977 

0-988 

89-95 

+0*07 



1-853 

1*362 

88-95 

+0*03 

A 0 « 92*4 


3*200 

1*789 

87-85 

+0*03 

X e* 257 


5 156 

2*271 

86*65 

+0*07 



7-042 

2-664 

85*63 

+0*03 



9-963 

3*157 

84-34 

+0*03 


2 F 2 
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These results are shown graphically in figs. 1 and 2 ; the results for ammonium 
thiocyanate which are plotted in fig. 2 were published in our previous paper 



Discussion of Results . 

Values of A 0 .—Both the ammonium and tetraethylammonium salts conform 
to the linear relation A e ~ A 0 — x Vc, and Table II gives the values of A 0 
and x that have been obtained graphically (see figs. 1 and 2). The only 
exception is tetraethylammonium perchlorate. The A jVc graph gives an 
approximately straight line for concentrations between N/5000 and N/1000 
with a slope considerably greater than the theoretical one. In the most dilute 
solutions measured, however, the graph is slightly concave to the concentration 
axis, showing that the slope is approaching the theoretical value. An extra¬ 
polation of the linear portion of the graph would evidently give too high a value 
of A 0 . The value of A 0 given in the table has been obtained by an approxi¬ 
mate extrapolation of the curve in the most dilute region. For the sake of 
comparison with the other salts, the value given for “ x ” represents the slope 
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of the line between N/5000 and N/1000; the mean value of “ x ” between 
N/5000 and N/12000 is 380. 



Fio. 2. 


Table II. 


Balt. 

a - 

X. 

Salt. 

A 0 . 

x . 

NEt 4 Cl 

U3-8 

200 

nh 4 ci. 

110-2 

280 

NEt, 4 Rr 

117 *8 

313 

nh 4 cnm. 

118-7 

279 

NKt 4 I 

124-2 

340 

NH«CK), . 

128-9 

321 

NEt^CNS . 

123-4 

345 

nh 4 no 3 . 

118-6 

314 

NEt*C10 4 . 

132-1 

[440] 




NEt 4 Pio 

108-5 

307 

NaPic . 

92*4 

257 

NEt 4 NO, . 

122-0 

330 

1 





Walden, Ulich and Laun* measured the conductivity of tetraethylammonium 
piorate in methyl alcohol. The equation of the straight line drawn through 
their points is A„ = 103 — 216 Vc, so that there is a large discrepancy between 
their values of A 0 and x and those given in Table II. The latter were obtained 
from concordant measurements made by two of the authors using different 
specimens of the salt, so that it is improbable that the discrepancy can be 
* ‘ Z. Phya. Chem.,’ rol. 114, p. 275 (1924). 
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accounted for by the presence of impurities in our salt. The value of A 0 
given for tetraethylaramonium iodide is in good agreement with that of 124 
found by Walden in his earlier work. 

Walden s Rule . 

Walden has measured the conductivity of tetraethylammonium picrate in 
a large number of solvents and finds that the product A 0 X 7) is approximately 
constant; Walden and Busch,* and Walden and Birrf give values of A 0 X 7) 
in seven solvents which are within 1 per cent, of a mean value, 0*563. If the 
viscosity of methyl alcohol is taken as 0*00545, the value of A 0 X 7 ) for 
tetraethylammonium picrate in this solvent calculated from the data found 
by us is 0*593, as compared with the value 0*562 given by the results of 
Walden, Ulich and Laun. Moreover, investigations of the conductivity of 
the same salt in nitromethanej and nitrobenzene§ have yielded values of 
0*586 and 0*598 for A 0 X rj in these solvents so, it appears that the constancy 
of the product in various solvents may not be quite so exact as Walden has 
supposed. But the general results of recent investigations go to show that 
his rule is approximately correct for salts containing two large organic ions. 

Ionic Mobilities . 

Table III gives the mobilities of the tetraethylammonium and ammonium 
ions calculated from the values of A 0 for the various salts. The mobilities of 
Cl i Br , I , NO a are taken from the work of Frazer and Hartley (Joe. ci£.), of 
Cl°r from Copley and Hartley,|| and of CNS~ from Unmack, Murray-Rust and 
Hartley ( loc . at.). The mobility of the picrate ion was calculated from the 
value of A 0 for sodium picrate given in Table II, taking l 0 Na+ = 45*7. 


Table HI. 
Mobility of NEt 4 + . 


Salt. 

NEt A Cl. 

KEt^Br. 

NEtJ. 

. 

NEt.ClO,. 

NEt.NO,. 

NEt,CN& 

NetJ*io. 

jeUnhm). 

*®NKt-4 + . 

113*8 

51*3 

62*5 

117*6 

65*5 

62*1 

124*2 

61 

63-2 

132*1 

70*9 

01*2 

122*0 

60*8 

61*2 

123*4 

60*9 

62*5 

108*5 

46*7 

61*8 


* ‘ Z. Phys. Cham.,’ vol. 140, p. 118 (1929). 
t ‘ Z. Phys. Chem.,’ vol. 144, p. 306 (1929), 

J Wright, Murray-Rust and Hartley, * Trane. Chem. Soc.,’ p, 199 (1931). 
§ Murray-Rust, Hadow and Hartley, * Trans, Chem. Soc.,’ p. 215 (1931). 
|| * Trans. Chem. Soc.,* p. 2488 (1930). 
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Table III—(continued). 
Mobility of NH 4 + 


Salt. 

NH 4 C1. 

i 

nh 4 cio 4 . 

NH 4 NO a . 

nh 4 cns. 

A. . 

110-2 j 

128-9 

1186 

118*7 

^s(anlnn) ... ■ 

51-3 

70-9 

60-8 

60-9 

. 

58-9 

58-0 

57-8 

67*8 


The average values for the mobilities of the tetraethylammonium and 
ammonium ions from these results are J 0NKt ^+ — 62-1; Jonh/ “ 88*1. 

The mobilities of these two ions in water at 25° C. are approximately 33 and 
74 respectively, so that the tetraethylammonium ion is much slower than the 
ammonium ion in water, while it is slightly faster in methyl alcohol. This 
could be accounted for by a change in the relative sizes of the two ions owing 
to solvation. Since the tetraethylammonium ion obeys approximately the 
Walden relation, l 0 X tj = constant, it is probable that this ion is not appreci¬ 
ably solvated. The ammonium ion, on the other hand, does not obey this 
relation and is slower in methyl alcohol than in water, in spite of the greater 
viscosity of the latter, so that the greater molecular volume of the alcohol 
appears to cause an increase in the size of the solvated ion. The values of 
l 0 X 7 ) for the two ions in water and methyl alcohol are given below; the 
numbers in brackets are those quoted by Ulich for NEt 4 + in methyl alcohol. 



Water. 

MeOH. 


Water. 

MeOH. 

1 

*®NK4+ 

33 

62 (53) 

*»nh 4 + 

74 

58 

P* 

X 

e 

0*295 

0*338(0*295) 

h x n 

0-662 

0*316 


Comparison with the Debye-Hxickel-Onsager Theory . 

The observed values of x in the equation A c = A 0 —xVc have been 
compared with those calculated from the Debye-Hiickel-Onsager equation 
which for uni-univalent electrolytes, is ;— 


5*78 X 10* 
(DT)*/* 


■c- 


A, + 
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For methyl alcohol at 25° C. (D = 30-3, 7) — 0-00545), this becomes 
A„ = A 0 - (0-957 A 0 + 158-1) Vc. 

Table IV gives the values of x 0 b 8 . and together with the percentage 
deviations 

A = Xoh »- ZZ J 2&. x 100. 

The values of x 0 b». are taken from the experimental results for concentrations 
between N/10,000 and N/1000, except for tetraethylammonium perchlorate 
for which the mean value between N/5000 and N/1000 is given. 


Table IV. 



^otw. 

‘•"cftlc, 

d. 


#obs. 

®ealc. 

d. 

NEt 4 Cl . 

296 

267 

11 

NH 4 C1 . 

280 

264 

6 

NEt 4 Br . 

315 

270 

16 

nh 4 cns . 

279 

271 

3 

NEtal ... 

340 

277 

23 

NH 4 C10 4 . 

321 

281 

14 

NKt.CNS . 

345 

276 

25 

NH 4 N0 3 . 

314 

271 

16 

NEt 4 C10 4 . 

[440] 

285 

50 





NEt 4 Pic. 

307 

262 

17 

NaPic. 

257 

246 

4 

NEt 4 NO, . 

330 

275 

20 






It will be seen that the general deviation from the theoretical slope is greater 
for the tetraethylammonium salts than for the ammonium salts. A comparison 
of the deviation from theoretical behaviour in methyl alcohol has been made 
for various salts of the alkali metals (Unmack, Murray-Rust and Hartley, ioc. 
dt.) t and it was shown that for a series of salts containing a common anion the 
deviations are greatest for salts with the fastest moving cations * The results 
for the tetraethylammonium salts are in general agreement with this ; NEt 4 + 
has a greater mobility in methyl alcohol than any other cation except caesium 
and hydrogen and the salts show a correspondingly large deviation from theory. 
If the mobilities of the ions are an indication of their relative sizes in solution, 
these results are in agreement with Bjerrura’s view that the probability of 
the formation of ionic pairs, which do not contribute to the conductivity, is 
greatest for ions of small diameter. It is significant that tetraethylammonium 

* We wish to correct a mistake which was made in that paper by an oversight. In 
the discussion of results it was stated that Giintelberg’s measurements showed that lithium 
chloride has the smallest activity coefficient of the alkali chlorides in 0*1 N aqueous 
solution; actually the activity coefficients decrease regularly from lithium to ca&sium 
chloride. 
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perchlorate, which contains the anion with the greatest mobility in methyl 
alcohol, shows the greatest deviation from theory of all the uni-univalent salts 
except silver nitrate and does not conform to the linear relation A c = A 0 —x Vc. 

Change of Conductivity due to the Addition of Water . 

A small quantity of water (0*1 to 0*2 per cent.) was added at the end of a 
series of measurements of most of the tetraethylammonium salts, when the 
concentration was about N/700. In every case this caused a decrease of 
conductivity which was of the same order as the increase of the viscosity of 
the solution. The change in conductivity is not dependent on the deviation 
of the salt from the theoretical behaviour, as it was the same for the perchlorate 
as for the other salts ; so that it appears that the presence of small quantities 
of water has little effect on the extent of ionic association of the type with 
which we have to deal here. 

Summary. 

(1) The electrical conductivity in methyl alcohol of certain tetraethyl- 
ammonium and ammonium salts has been measured at 25° C. over a range of 
concentration from 0*0001 to 0*002 N. 

(2) The mobility of the NEt 4 + ion is 62*1 and of the ammonium ion 58*1. 

(3) With one exception, the salts conform to the square root relation 
A c — A 0 — x Vc over the range of concentration studied and the observed 
values of the coefficient x have been compared with those calculated from the 
theory of Debye, Huckel and Onsager. The ammonium salts are in better 
agreement with theory than the tetraethylammonium salts, most of which 
show considerable deviations. 

We wish to express our thanks to the Government Grants Committee of the 
Royal Society and to the Directors of Imperial Chemical Industries, Ltd., 
for grants which defrayed the cost of part of the apparatus used in this 
investigation. 
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A Method of Measuring Magnetic Susceptibilities. 

By P. Kapitza, F.R.S., and W. L. Webster. 

(Received April 26, 193L) 

§ 1, Introduction . 

Among the different methods which can be used to measure the magnetic 
susceptibility of feebly magnetic substances, the most practical, and those most 
frequently employed at the present time, depend essentially on the measurement 
of the force acting on the substance when placed in a non-uniform field. This 
force is given by the well-known formula 

— X h ~ dV, (1) 

where % is the volume susceptibility, (H) is the magnetic field, dRjdx is the 
gradient of the magnetic field in the direction x in which the force is measured 
at the site of a small element of volume (dV). 

Corresponding to the wide range of susceptibility, and to the different 
physical states and conditions which occur, a number of methods of measuring 
this force have been developed. In all these methods, since they are based 
on the measurement of the force on the substance, and since it is by the dis¬ 
placement of the body that the force is measured, it is essential that the body 
should be movable. The force acting on the body is small, usu a lly only a 
few dynes, and delicate methods have to he used for making the measurements, 
as, for instance, in the Curie-Faraday method where the substance is carried 
on a sensitive torsion balance. 

This makes the study of magnetisation in many physical conditio ns a matter 
of great technical difficulty, and in certain cases virtually impossible. For 
example, in an attempt to study the magnetisation of a body during deforma¬ 
tion by pressure or strain, the difficulty would be encountered that the apparatus 
necessary to produce the deformation must also be carried on the balance. 
To the best of our knowledge no such experiments have been carried out up 
to the present time, probably on account of the excessive complications 
introduced by this difficulty. 

In order to overcome this drawback we have devised a method of measuring 
magnetic susceptibilities which does not involve the measurement of the force 
exerted on the body investigated. The body may, therefore, be made subject 
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to almost any physical force without interfering with the measurement of its 
susceptibility. As will be seen from the description, this method offers great 
possibilities for enlarging the scope of our investigations and makes it possible 
to study the influence on the magnetisation of feebly magnetic substances of 
such factors as pressure, elastic strain and temperature. In view of this 
advantage we propose to discuss the method in detail in this paper. 

§ 2. Outline of the Method . 

The fundamental principle of our method is to meastire the magnetisation 
of the body by means of the force of reaction on the magnet, instead of by the 
force exerted on the substance under examination. It is evident that if the 
inhomogeneous field of the magnet produces a force on the body given by 
formula (I), then an equal and opposite force must also act on the magnet 
itself. Were the body fixed and the magnet movable it would, theoretically, 
be possible to measure the magnetisation of the body by the motion of the 
magnet. However, it is obvious that the construction of a balance to carry 
a magnet weighing anything up to a ton, and at the same time capable of 
measuring a force of a few dynes, would be quite impracticable. 

This difficulty may be avoided in a way which, roughly speaking, amounts 
to creating a gradient in a uniform magnetic field, produced by a large magnet, 
by the introduction of a small iron rod. The force on a body placed in this 
gradient is then due to the presence of the small iron rod, and the force of 
reaction of the body on the field-producing system will act only on the iron 
rod. It is possible to use for this purpose an iron rod sufficiently small that 
it may be mounted on a balance easily capable of measuring a force of a few 
dynes. 

Referring to fig. 1, (P) represents the small iron rod and (A) the body whose 
magnetisation is to be determined. If now, in the absence of an external field, 
the iron rod, due to its permanent magnetisation produces a magnetic field 
(H x ) with a gradient dHfdx at the position of the body (A), then the force 
between the iron rod and the body will be proportional to 

FocH lX ^». (2) 

As the iron rod is small, and though it may be made of the best permanent 
magnet steel, the field (H t ) will be weak and the magnetisation of the body 
will be weak; the force (F) will therefore be so small that it will be practically 
impossible to measure. In order to increase the force between the body and 
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the iroa rod, we may superimpose a strong uniform magnetic field, which may 
be produced, as shown in fig. 1, by placing the magnetised body and the iron 



Fra. 1. 


rod in the narrow gap between the two plane parallel pole pieces of a large 
magnet. Assuming‘that the field (H a ) between the pole pieces is uniform 



(3) 


and it is evident that there will be no force between the large magnet and either 
the magnetised body or the iron rod, but the force between the latter will now 


be proportional to 


F" C (H 1 + H,) 



(4) 


As (H„) will be much greater than (H t ) the force (F) will be increased very 
considerably, and in practice becomes sufficiently large to be measured with 
ease. Further, it is obvious that the iron rod need not now be of permanent 
magnet steel, as it will be kept magnetised by the field of the large magnet. 

To realise this method we must first investigate the general requirements 
for the experimental arrangements. Let us first estimate the force between 
the iron rod (P) and the body (A) placed a distance (l) cm. apart. If the 
magnetic moment of the iron rod is (M), and that of the magnetised body 
( X xHx v), where (H) is the magnetic field and (t>) the volume of the body of 
susceptibility (x), then the order of magnitude of the force may be obtained 
by assuming the iron rod and the magnetised body to attract or repel each 
other as if they were two parallel magnetic dipoles placed a distance (I) cm. 
apart. The force is then given by 

F = — M . x. H v/l* dynes. (5) 
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From this formula it is evident that if the body is paramagnetic the force 
will be a repulsion, and if diamagnetic an attraction. Taking the iron rod to 
be 1 *6 cm. long and 0*2 cm. in diameter, as is actually the case in our experi¬ 
ments, at saturation (M) will be about 80 e.m.u. With ( l ) 1 cm. and (H) 
12,000 gauss, the force for 1 c.c. of a substance having a susceptibility of 
10“' 7 e.m.u. (approximately that of oxygen at atmospheric pressure) the force 
(F) will be about 0*1 dyne. A force of this magnitude can easily be measured 
by a torsion balance, and this was the method adopted in our experiments. 

The second factor wliich it is necessary to consider is the magnetic field 
produced by the large magnet. If this field is not absolutely uniform as 
assumed above there will be a force acting on the iron rod (P) due to the large 
magnet, in addition to the force due to the magnetised body. This added 
force will be 


F 2 -M. 



( 6 ) 


Substituting the value (M) ™ 80 e.m.u. in this equation, it is evident that the 
gradient dKJdx required to produce a force equal to that of a magnetised 
body of susceptibility 10~ 7 e.m.u. will be of the order of 10~ 3 gauss per centi¬ 
metre. It is obvious that in practice it would be unreasonable to expect to 
attain a magnetic field of such a high degree of uniformity, since, for instance, 
the pole pieces being not accurately parallel to each other by an angle of 
0*02 second will be sufficient to produce a gradient of this order of magnitude. 
It would, therefore, he useless to attempt to produce a field of such uniformity, 
but it will be shown later that the controlling force of the large magnet on 
the iron rod can be left relatively large, as by compensation with gravitational 
and other controls, its effects on the sensitivity of the balance may be reduced 
to any extent. 

The most vital influence of the force between the large magnet and the 
iron rod is its variation with time. In order to measure the magnetisation of 
a body of susceptibility 10~ 7 e.m.u. with an accuracy of 1 per cent., the force 
on the iron rod due to the large magnet must not vary during the course of 
the measurements by more than I per cent, of the force due to the magnetised 
body. That is, using the figures above, the gradient dRJdx must not vary 
during reasonable periods of time by more than 10“ 5 gauss per centimetre. 
This was the main difficulty encountered in the development of this method of 
measuring susceptibilities. 
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§ 3. The Balance without Compensator . 

A sketch of the balance with the small iron rod attached as used in the 
preliminary experiments is given in fig. 2. A copper balance arm (a) in the 
form of a cross was suspended by a phosphor bronze torsion fibre between two 

copper pillars; (6) screwed into a heavy 
copper plate. The balance arm carried 
on its shorter end an iron rod (P) parallel 
to the torsion fibre, the other end was 
threaded and carried a counterweight (c). 
A mirror (m) was mounted near the 
centre of the balance arm. The balance 
was fixed to one pole of the magnet in 
such a way that the balance arm was 
vertical, and the iron rod and torsion 
fibre parallel to the field. The motion 
of the iron rod was then in the horizontal 
plane and at right angles to the field, 
and, if a magnetic body (A) were placed 
beside the iron rod on the line (x), the 
rod would move causing a rotation of 
the balance which could be measured by 
means of an optical lever* 

Two small coils (e) and (/) were mounted 
near the iron rod. These provided an easily adjusted final compensation for 
the force on the balance due to the gradient produced by the non-uniformity 
of the field of the large magnet. A current through coil (e) produced a 
horizontal force on the iron rod which could therefore be used to control 
the zero position of the balance, and a current through coil (/) a vertical force 
on the iron rod which provided a means of controlling the sensitivity. The 
counterweight was used to compensate the torsional control of the torsion 
fibre before the balance was placed in position in the gap of the large magnet. 

In order to produce a damping of the natural motion of the balance the 
following device was used. An extra copper pillar (c£) was mounted on, but 
insulated from, the copper base-plate of the balance, and was connected 
electrically to the top balance arm by a loosely strung fine wire (ifc). The 
pillar was also connected through an adjustable resistance and the torsion 
fibre to the body of the balance. The top balance arm in moving cut the 
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lines of force, producing an induced current in this circuit; the energy so 
dissipated was at the expense of the motion of the balance, and by adjusting 
the external resistance it was possible to make the motion of the balance 
critically damped. 

The magnet used to produce the field was a laige Weiss electromagnet made 
by Oerlikon. This magnet was fed by a current of 60 amperes at 100 volts 
obtained from an independent motor generator consisting of a D.C. generator 
driven by an asynchronous motor from the town A.C. supply. The current 
in the magnet was regulated by controlling the excitation current of the 
generator ; in this way an easy control of the heavy current in the magnet was 
obtained. The excitation current of the generator was supplied by an inde¬ 
pendent accumulator battery and was thus kept constant. The voltage 
supplied by the generator to the magnet could, therefore, only be affected by 
the number of revolutions made by the A.C. generator. As the town supply 
was much more constant with respect to its frequency than with respect to 
voltage, an asynchronous motor working with a small slip kept the voltage 
constant within limits of 0*2 per cent, over long periods of time without special 
regulators. 

As in all Weiss magnets, the windings were of copper tubing, and water 
at the full pressure of the town supply was forced through them ; the resultant 
circulation was about 3 litres a minute so that the temperature rise in the 
steady state, which was only reached after several hours' running, was 26° C. 
Plane parallel pole faces were used. They were circular and had a diameter 
of 18 cm., which was the full diameter of the poles ; the gap was 3*5 cm. wide, 
and was defined by three copper distance pieces. With this geometry a field 
of 12,000 gauss was obtained which, over a radius of 1 cm. from the axis of 
the magnet, was probably constant to 0 * 05 per cent. To increase the uniformity 
over the small volume occupied by the iron rod, an iron wedge of suitable 
taper was attached to one of the pole faces. By rotating this wedge it was 
possible to effect an approximate elimination of the magnetic control on the 
balance. Final compensation was then carried oat by means of coils (e) 
and (/), 

An examination of the behaviour of this preliminary balance indicated the 
general line of development necessary for the satisfactory working of the 
method. The principal difficulty which was encountered was the great 
unsteadiness of the zero position. By systematic investigation of the origin 
of this Unsteadiness, three types of disturbance could be disentangled. First, 
there was a rapid and irregular oscillation about a mean position; secondly, 
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the mean position of this rapid oscillation altered from time to time in a die* 
continuous fashion; and finally there was a very slow drift. It was found 
possible to trace the general causes of these three types of disturbance, and this 
led to considerable improvement in the stability of the balance. 

In the first cage, the rapid oscillations of the zero were produced by sudden 
changes in the magnetising current due probably to uneven commutation in 
the generator. Owing to the high frequency of these variations of the 
magnetising current, eddy currents were produced in the surface of the iron 
and in other metal parts near the balance which caused disturbances of the 
magnetic field sufficient to affect the magnetic controlling forces of the balance, 
thus producing oscillations of the zero position. It was evident that these 
disturbances were in phase with tire induced currents, and it was found possible 
to compensate them by applying to the balance equal and opposite forces also 
in phase with the eddy currents. To do this a number of turns of wire were 
wound about one of the pole pieces and the coil connected in series with the 
variable resistance in the damping circuit described above. The current 
induced in this coil by the sudden changes of the magnetising current had then 
to pass through the upper arm of the balance and therefore produced a torque 
on the balance about its fixed axis. As the induced current must be in phase 
with the eddy currents, it was possible by adjusting the direction of the induced 
current through the balance arm, and the number of turns in the coil, to obtain 
a very exact compensation of the disturbances produced by the eddy currents. 
It was necessary to adjust the number of turns in the coil as the resistance of 
the circuit was fixed by the damping requirements. 

The two remaining disturbances were much more difficult to eliminate, and, 
in practice, it was not possible to cure them completely. The occasional 
alteration of the zero was caused by uncontrollable changes in the magnetising 
current from the generator, the voltage of which was only constant to 0*2 per 
cent. A considerable improvement in the stability of the zero was obtained 
by introducing an automatic current regulator into the generator circuit. 
This regulator was designed and constructed in the laboratory on the principle 
of that of Isenthal and a detailed description will be given elsewhere. It 
increased the constancy of the magnetising current materially ; when examined 
with a galvanometer with a period of several seconds almost no current fluctua¬ 
tions of more than 0*01 per cent, were observed. This, however, represents 
only the mean value of the current, and with aMoll galvanometer with a period 
of about 0*02 second, momentary deviations of as much as 0*04 per cent, 
were observed. These will not affect the balance appreciably on account of 
its own long period, which is at least 10 seconds. 
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Finally, it was found that the slow drift was associated mainly with the 
warming of the magnet due to the transference of the heat from the coil to 
the yoke and the poles. With the type of magnet used the coils fit closely 
to the poles and it was impossible to prevent this heat transfer, which, in the 
course of an 8-hour run, produced a rise of temperature of 5° C. in the yoke. 
This temperature rise could affect the field by producing mechanical distortion 
of the magnet or by altering the permeability of the iron. The sensitivity of 
the balance to mechanical distortion or temperature changes in the magnet 
can easily be demonstrated by slight pressure of the hand on one of the poles, 
or by warming a distant corner of the magnet with a bunsen burner for only 
a few seconds ; either of these disturbances will cause a very serious zero shift. 
A considerable improvement was made by additional bracing of the pole 
pieces in proper points, but complete elimination of the effect of such defects 
was not possible. 

All these refinements considerably increased the stability of the zero of the 
balance, a point which obviously is of first importance to tlxe success of our 
method. A much more complete elimination of the zero shift could probably 
be obtained if the magnetisation current were supplied from a special high 
capacity battery of accumulators. This would, however, not eliminate the 
effect of distortion due to the rise in temperature of the magnet, and no doubt 
the best solution would be to employ a permanent magnet. This is now 
possible by making use of the tungsten-ferro-cohalt steel recently invented by 
Honda. Using this steel it would be possible to make a permanent magnet as 
powerful as an electromagnet without unduly increasing the weight of iron. 
Both these possibilities have been carefully considered, but as they would 
involve considerable expenditure they were not employed. In the further 
development of the method the electromagnet was used, and it was found 
possible to devise a balance of a compensated type which was sufficiently 
steady to allow measurements on liquids and solids to be made with compara¬ 
tive ease and accuracy. 


§ 4. The Principle of Compensation, 

The aim of the further alterations to the balance was the reduction to a 
minimum of the controlling forces due to the non-uniformity of the magnetic 
field produced by the large electromagnet. This must result in an increase 
in the steadiness of the zero of the balance, and has the further advantage of 
reducing the possibility of the balance having a non-uniform scale, due to the 
von. cxxxit. — a. 2 a 
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approximate equalisation of large forces which may not be strictly proportional 
to the deflections of the balance. 

In order to discuss the proposed method of eliminating the magnetic oontrol 
of the balance we must first consider in detail the nature of the controlling 
forces on the simple balance already described. Taking rectangular co¬ 
ordinates, with origin in the middle of the gap between the pole faces of the 
large magnet, with the (Z) axis perpendicular to the pole faces, and with the 
(Y) axis parallel to the arm of the balance, the motion of the iron rod will be, 
initially, in the direction of the (X) axis. If the magnetic moment of the iron 
rod be (M) and its distance from the torsion axis ( l ), then for a deflection (a), 
from its equilibrium position in the absence of the controlling field, the magnetic 
control couple can be shown to be 


/= Mi 


m 

- dx 


, dm m\ 


+ Y dx* dyl 


«+ 


( 7 ) 


This expression is developed in powers of (a), and the smaller terms containing 
(a) to a higher order than one are omitted. From this expression it can be 
seen that the balance will have the same equilibrium position without and with 
the controlling field only when the couple (/) vanishes for a = 0. This is 
only possible when dVL/dx = 0. This condition was obtained experimentally 
in the original balance by moving the iron wedge. By this operation we do 
not in general reduce to zero the terms containing (a), which account for the 
influence of the magnetic control on the sensitivity of the balance. 

To estimate the conditions for the elimination of the magnetic field control 
more precisely it is necessary to consider the principal factors producing 
inhomogeneity of the field. There are two important ones. The first is the 
inhomogeneity produced by the shape of the pole pieces of the large magnet. 
These are two coaxial cylinders of radius (R) with their plane ends parallel 
and separated by an air gap (2A). For such a geometry the field in the median 
plane of the gap can be expressed in a series 


H - H 0 [1 + fc(A, R) (x* + y ■) + <f> 2 (A, R) (z* + y*f + ...]■ (8) 

The second factor is due to the lack of complete parallelism between the pole 
faces which, as has been pointed out above, is inevitable, an angle of only 
0*02" being sufficient to produce a force equal to that of the magnetised 
body. If the angle between the pole faces in the direction (X) is (y m ) and 
in the direction (Y) is (y v ), the main terms of this disturbance of the field 
may be expressed as follows 


H — H 0 (l +/(Y*> K R)®+/(Y v > R )j/ + ••■) 


(9) 
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where it is assumed that these two disturbances of the homogeneity of the field 
are each small enough to be regarded as independent perturbations. The 
condition for the elimination of the magnetic couple for a =» 0 can be obtained 
from (7), (8) and (9), and is 

/ = M/ ■ f: = M ®» [fit* h > R) - <k (*, R). 2 *] = o. (10) 

From this expression we can see that in our experiments we may adjust the 
value of (Ya,) by moving the wedge, in such a way that the condition of / = 0 
is fulfilled. Theoretically, by moving the balance and varying the value of x 
and independently adjusting (yj to the condition fulfilling equation (10), it 
should be possible to find such a position of the balance that in expression (7) 
the terms containing (a), wliich are responsible for the magnetic control of the 
sensitivity of the balance, would also vanish. In practice it was not possible 
to do this, as there were no means of telling when the sensitivity of the balance 
was the same with and without the controlling field. One may, however, use 
the adjustment of (:r) to make the couple (/) approximately independent of 
small changes of the magnetising current, but then (/) will not be zero. The 
disadvantage of such a method of eliminating the magnetic control is the 
extreme delicacy of the necessary adjustments, anti in any case terms of higher 
powers of (a) would not vanish. 

* In expression (10) we have a difference of two terms, each of which may 
represent a force a hundred times larger than that to be measured. A very 
small change in either will produce a considerable shift of zero. If the distance 
(2 h) between the poles of the magnet be slightly altered due to the heating of 
the copper distance pieces, the second term in the equation will vary in a 
different manner from the first. On the other hand, the heating may result 
in a change of the angle (y x ) between the pole faces ; the first term in (10) will 
vary but not the second. In either oase the equilibrium will be destroyed and 
there will be a zero shift. The magnitude of these effects may be judged from 
the evidence given in the previous section when the slow drift was described. 

At first glance it seems that the zero position should not be affected by the 
current strength, as in the first instance the current will only alter the magnetic 
field (H 0 ) in expression (10), which obviously will not disturb the equilibri um 
conditions. A closer examination shows, however, that the current may 
effect the equilibrium in two ways. In the first place the constants <f> x and <f> 2 
in expression (8) will depend on the distribution of polarity on the pole surfaces 
and must also take into account the contribution to the magnetic field of the 

2 a 2 
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exciting coils. Both these factors will vary with the magnetising current, and 
a complete analysis of these constants would lead to a very complicated 
expression, For the present purposes, as it is obvious that the resultant change 
in the magnetic field will be one of scale rather than of form, it is sufficient to 
consider (R) to be an effective radius depending slightly on the magnetising 
current. Since (It) enters into the two terms of (10) in different ways, it is 
clear that this variation of It is sufficient to account for the observed changes 
of zero position, with current variations. 

A second possible effect of changes in the magnetising current is probably 
much smaller and is clue to the change in the force of attraction between the 
poles. This force is proportional to (H 0 2 ), and in our magnet attains a value 
of 1 ton. It will depend on the current strength and by deforming the magnet 
may cause sufficient change in the value of either (h) or (yj to disturb the 
equilibrium of expression (10), resulting therefore in an appreciable zero shift. 

This analysis explains the disturbing effects which we observed with our 
preliminary balance and also indicates the possible method of elimination. 
Consideration of these effects led us to construct a compensated balance 
characterised by the introduction of a second iron rod which we may call the 
compensation rod, and which was fixed to the arm of the balance on the 
opposite side to the original rod. All possible care was taken in the con¬ 
struction of the balance to ensure that the compensating rod should have 
exactly the same magnetic moment as the other rod and that they should both 
be fixed exactly symmetrically in the plane passing through the pivoting axis. 
It will be seen in this case that the two couples produced on the balance by 
the non-uniformity of the field due to any inaccuracy in the parallelism of 
the pole pieces, as given by (9), will be equal and opposite; thus complete 
compensation is attained. Further, if such an ideal balance is placed between 
the pole pieces in such a way that the pivoting axis exactly coincides with the 
(Z) axis at its origin, it can be shown from (8) and (7) that the couples acting 
on tho two rods of the balance will be exactly equal and opposite for any angle 
a, even when we consider higher terms. 

This would give us, theoretically, a method pf complete elimination of the 
magnetic control, but in practice it is technically impossible to fulfil the 
conditions completely. In the first place it is impossible to make a completely 
symmetrical system for the balance, the value (M X l) for the two magnets is 
bound to differ, let us say by (AMZ), and it is then necessary to eliminate the 
effect of this inaccuracy in the same way as used for the (MZ) of a single rod 
balance. Replacing in (10) (MZ) by (AMZ) it is obvious that for the same 
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field distribution the magnetic control will be reduced in the ratio (AMZ/MZ). 
This factor, which will have a value of the order of 1 /100, makes the apparatus 
of practical use. 

Besides the non-uniformity of the field due to the particular geometrical 
shape of our air gap as given by (8) and (9), there must also be an irregular 
non-uniformity due to the surfaces of the pole pieces not being absolutely plane 
and to inhomogeneity in the magnetic properties of the iron. This non¬ 
uniformity is superimposed on that given by (8) and (9), and owing to its 
accidental character its influence on the stability of the balance cannot be 
estimated. The very considerable improvement achieved by introducing 
the compensating rod shows that the effect of these accidental disturbances 
on the field cannot be very great, and that they are certainly not of such an 
order as to interfere materially with the principles used in the elimination of 
the magnetic control of the compensated balance. 

§ 5. The Compensated Balance. 

The balance in its final form is shown in fig. 3. All the metal parts were 
made of cadmium copper, which was found to be the only metal available 
sufficiently non-magnetic for use in constructing the balance. In general 
construction the balance is similar to that already described. It has a central 
cross piece (u) in which a phosphor-bronze torsion fibre (i) may be clamped in 
a well-defined position. The two iron rods (Pj) and (P a ) are 1*6 cm. long and 
0*2 era. in diameter. They are soldered to the balance arm at a distance of 
1 *5 cm. from the position of the torsion fibre, the assembly being done with the 
aid of a special jig so that the rods are as nearly as possible symmetrical about 
the position of the torsion fibre. The balance arm is provided with two 
adjustable counterweights (c) and (h), one on a threaded rod forming a pro¬ 
longation of the upper end of the balance aim, the other on a short rod pro¬ 
jecting at right angles to the balance arm from a point on the torsion axis. 
A small mirror {m) is also carried and is mounted as near the torsion axis as 
is convenient. This assembly is supported by a phosphor-bronze strip (i) 
stretched between two copper pillars (6) screwed into the copper baseplate. 
The torsion strip has 2 mm. free length on each side of the balance arm, and 
is kept permanently in a state of tension by a small spring of hard-drawn 
copper wire, A stop (j) % which restricts the rotation of the balance arm to 
about 2*, protects the torsion strip from too violent strains. A fine wire (jfc) 
is strung loosely between the upper end of the balance arm and a movable 
copper pillar (d) insulated from the baseplate. As in the preliminary balance, 
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this arrangement was used for damping and eliminating the effects of high 
frequency disturbances as has been described above. Three coils are supported 
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Fig. 3. 

from the balance baseplate, (e) and (g) beside the two iron rods and (/) below 
the lower rod. The last is used, as before, to effect a final control on the 
sensitivity of the balance. The others primarily control the zero position, but, 
by a suitable arrangement to be described below, may also control the 
sensitivity. 

The balance as a whole is assembled in the following way. The arm is 
mounted on the torsion fibre, and the thin lead at the top is soldered to the 
arm but not to the fixed support. The counterweights are adjusted till the 
balance arm has a period of 3 or 4 seconds and is free of the stops. The top 
lead is then soldered to the fixed support, which is adjusted till the arm is 
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again free of the stops, and in such a manner that this top wire is slightly 
stretched. The counterweights are again moved till the period of the balance 
is 5 or 6 seconds. The balance is then placed in the gap of the magnet where 
it is mounted on a copper plate which can be moved in either a vertical or 
horizontal direction. The balance is adjusted relative to this plate till the arm 
swings clear of the stops. The magnet is excited and the plate moved vertically 
in the field till the arm again swings clear of the stops. This represents the 
condition / =» 0 of expression (10). The balance may now have such a 
sensitivity that the finally required sensitivity is within the reach of the coil 
controls ; if not, the plate may be moved in a horizontal direction till sxich a 
sensitivity is attained. It does not seem possible with the compensated 
balance to eliminate completely the effect on the torque (/) of small variations 
of the magnetising current by sacrificing the condition / 0 . But the com¬ 

pensated balance has proved to be very little affected by such changes in 
magnetising current and the adjustment of df'jdi = 0 is not so important. 
The wedge used to adjust the simple balance is not only unnecessary but 
comparatively ineffective. Further final adjustment of the sensitivity can 
be done using the coils. The coil (/) is used first up to the limit of its current 
capacity. If the sensitivity is not quite sufficient, a further increase may be 
obtained by using the two coils (e) and (< 7 ). These are connected in series in 
such a way that a current passed through them attracts the iron rods to which 
they are near. As the coils are made symmetrical, and are placed in similar 
positions relative to their respective iron rods, the resultant torque on the 
balance will be zero for a ~ 0 . But since the force between either coil and 
its iron rod will vary rapidly with the distance (r) separating them (this force 
ac r~ n where (n) lies between 2 and 3), it will also vary with angular deflection 
of the balance. For a given deflection (a) the force on the iron which has 
approached its coil will be increased and that on the other iron rod decreased ; 
there will therefore be a tendency for (oc) to increase further, which amounts to 
an increased sensitivity. This control is conveniently used to counteract the 
stabilising effect of any large piece of apparatus, say, a furnace, placed beside 
the balance, which, if appreciably magnetic, will affect the sensitivity of the 
balance in an exactly similar way. As the current required is small, one can 
place between the two ooils a comparatively large resistance, so that there 
will be no interference with the separate functions of the coils. 

This last control must be used with some discretion, as the force involved 
varies as a high power of (a) and may therefore lead to dynamical instability 
of the balance. The same remark applies to a lesser extent to all the othet 
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methods of control There is only one, the torsion fibre control, which i* 
simply proportional to (a); all the others have terms containing higher powers 
of (a) which have been neglected above* As the process of adjustment of the 
balance consists of balancing the terms in (a) one against another for forces 
which may be large compared to the residual control, there is considerable 
danger that higher power terms, by not cancelling simultaneously, may become 
important* These would produce dynamical instability of the zero or non¬ 
linearity and asymmetry of the scale. With a little experience it has always 
been possible so to weigh the various controls as to produce a dynamically 
stable zero and a reasonably linear scale. With these precautions it has been 
possible to produce a sensitivity corresponding to a deflection of 50 tin, at 
3 metres for oxygen at atmospheric pressure. The scale was reasonably 
uniform and the balance dynamically stable over the full working range of the 
balance, that is about 15 era. The zero position of the balance was not, 
however, very steady, as it wandered about slowly and erratically over a range 
of 3 mm. on each side of a mean position which remained constant to 1 mm. 
This illustrates the degree of sensitivity which may be obtained and also the 
handicap of zero fluctuations. It is more convenient and just as accurate 
to work with a sensitivity of 10 cm. for oxygen with a zero which will then 
be constant to 1 mm. or less. Such a sensitivity is sufficient for most measure¬ 
ments on liquids and solids, but for the adequate examination of gases and 
vapours the zero constancy must still be improved by a factor of 10. 

The measurements with the balance are always done by a zero method. The 
force on the magnetised rod produced by introducing a magnetised body, or 
by Change of the magnetisation of the body when the physical conditions are 
altered, will produce a deflection of the balance. This deflection will depend 
on the sensitivity and scale characteristics of the balance, quantities which 
are very sensitive to the magnetic and other controls, and which may vary 
from time to time. Repeated and elaborate calibration would, therefore, be 
necessary to use the deflection as an indication of magnetisation. Rut by 
passing a current through the coil (e) it is possible to bring the balance back to 
its original zero. It is evident that the current required to compensate the 
deflection of the balance will be proportional to the force produced by the 
magnetised body, and will be independent of the sensitivity of the balance. 
The magnetisation of the substance can therefore be measured by the com* 
pensating current in coil (e). This null method has the further advantage 
that high accuracy may be attained without provision for large deflections. 
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§ 6. The Use of the Balance , 

The balance may be used to perform, with few exceptions, the same measure¬ 
ments as carried out by other methods, and for some it has been found 
exceptionally suitable. But there are always some precautions which are 
particularly important in this method. 

In the simple case of measurement of relative magnetic susceptibilities, the 
distance between the body and the gradient-producing iron rod is usually of 
the same order as their linear dimensions. The force between them will 
consequently be quite sensitive to changes in their relative positions and also 
to the shape of the body under investigation. It is therefore essential in all 
measurements of the relative susceptibilities of different bodies, that they 
should always occupy the same position when acting on the balance, and should 
also have similar shapes. 

For liquids and gases, accurate measurements can be made by clamping a 
glass vessel in a definite position beside the balance. This can be filled with 
liquids or gases without being moved, and the difference in the balance 
readings, with the vessel empty and full, will be strictly proportional to the 
susceptibility of the particular substance with which the vessel is filled. If 
the absolute value of the susceptibility is assumed for one substance, say water, 
then the absolute values of the others may be deduced. This process may also 
be applied to powders, in which case it is only necessary to know the space¬ 
filling factor which may be determined from the volume of the vessel and the 
weight of the powder necessary to fill it. More rapid but less accurate relative 
measurements may be made for liquids and powders by filling similar glass 
test tubes with the various substances. If now a close-fitting holder is placed 
beside the balance, the test tubes can be inserted into the holder one after 
another and the resulting readings, corrected for the effect on the balance of 
the glass and of the air displaced, will again give the relative susceptibilities 
of the substances. As an illustration of the rapidity of this method, on one 
occasion some 60 substances were measured with an average accuracy of 3 to 
8 per cent, in the course of one morning. 

In the case of solids, the same method of replacement can be used for relative 
measurements. Where the bodies can be cut to the same shape and size it is 
only necessary to construct a geometrical elide to effect the replacement of 
the different substances in an identical position. No difficulty has been experi¬ 
enced in constructing a slide to suit any particular set of conditions. With 
solid bodies which cannot be reduced to the same shape and size, the effect of 
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these factors may be eliminated by an application of Archimedes’ principle. 
The effect on the balance of the magnetised body is measured first with the 
body surrounded by air, and second with the body immersed in a suitable 
liquid of known susceptibility. The difference in the two balance readings 
must be due to the effect on the balance of the liquid displaced, which must 
correspond in shape exactly to that of the solid body. The susceptibility 
of the Bolid relative to that of the liquid (neglecting that of air) will be given 
then by the ratio of the first to the difference of the two readings. 

This sensitivity of the balance reading to the exact position and shape of the 
test body renders the method unsuitable for absolute determinations, although 
with carefully chosen conditions it should still be possible. 

For measurements of magnetisation under varying physical conditions our 
method opens up a great range of possibilities ; it is most advantageous for 
this type of experiment, and can be used, with special modifications, for a 
number of researches. It is evident that there are complications which are 
peculiar to this method, but these require only a different technique and a few 
precautions, and have led to no fundamental difficulties. The chief of these 
complications is that with change of physical conditions the balance will record 
not only the change in magnetisation of the body, but also that of the apparatus 
producing the alteration of state. To disentangle these two factors, it is 
possible in most cases to do separate measurements on the apparatus alone so 
that the difference in corresponding readings will give the true contribution of 
the body. 

In special circumstances it may be possible to eliminate the effect of the 
auxiliary apparatus without ever measuring it. For example, in the simple 
case of the measurement of the susceptibility of a single crystal rod in different 
directions perpendicular to its axis, the rod may be mounted on a spindle 
so that it can be rotated about its axis. If now the spindle is either so non¬ 
magnetic as not to affect the balance at all, or at least magnetically isotropic 
in the plane perpendicular to its axis, then any change of balance reading with 
rotation of the spindle and crystal rod must be due to the rod alone and will 
measure directly the variation of its susceptibility with orientation. Again, 
in the measurements of susceptibility of a body at different temperatures, it 
may be possible to determine the magnetisation of the body alone, without a 
separate measurement on the furnace. If a fairly large furnace can be con¬ 
structed, the susceptibility of the body alone may be measured by mounting 
it on a non-magnetic support, and moving it always in the fur na ce, first, near 
the balance, then sufficiently far away so that the force between the balance 
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and the substance is negligible. The difference in balance readings will be 
proportional to the susceptibility of the substance alone. 

In general the exact procedure will depend on the nature of the particular 
change of state of the body and on the accuracy desired. Within the limit 
of error imposed by the unsteadiness of the zero, no difficulty has been experi¬ 
enced in carrying out measurements of any kind so far attempted. 

There remains one purpose for which this balance method is not convenient; 
that is the measurement of susceptibilities at different magnetic field strengths. 
Such experiments might be made in weak fields with a readjustment of the 
balance for each field strength, but the production of more intense fields with 
the necessary homogeneity and constancy, represents a problem which has 
not yet been considered. 

Summary. 

A method of measuring magnetic susceptibilities is described, which has the 
advantage that the body examined can be fixed in a definite position. The 
balance system used to measure the magnetisation is entirely separate from 
the body, and the latter can, therefore, be subjected to any change of physioal 
conditions without interference with the measurements. 

The theory and construction of the balance is described in detail. The 
difficulties encountered in its use are dealt with and the means of circumventing 
them are indicated. 

It is shown that this method of measurement of magnetic susceptibilities 
can be employed for most experiments carried out by other methods, and that 
for many of these it has decided advantages. 

In conclusion, we should like to thank Professor Lord Rutherford for his 
interest and encouragement in the course of this work. 
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The Adsorption of Hydrogen Cyanide and of Carbon Dioxide at 
Low Pressures by Activated Charcoals . 

By A. J. Allhand, F.R.S., and R. Chaplin, King’s College, London. 

(Received March 7, 1931.) 

These experiments were carried out, partly because of their own intrinsic 
interest, but chiefly as a preliminary to work on the simultaneous adsorption 
by charcoal of two or more vapouTs. Although for this reason the work here 
recorded was not pushed very far, it has nevertheless led to results of interest. 
The technique used, involving the measurement of pressure by the Pirani 
gauge, was essentially that already described* in connection with the sorption 
of carbon tetrachloride, except that the quantities of carbon dioxide adsorbed 
at these low pressures, being too small to weigh directly, were calculated from 
the pressure readings and the volume and temperature of the apparatus. 
This and other details will be described later. 

The working temperature throughout was 25° C., unless otherwise stated, 
and the charcoals in every case were graded by 10 to 12 mesh sieves, initially 
degassed at 100 ° to 110 ° C. down to 10~ 4 mm. of mercury, and then, after 
weighing, evacuated to “ zero ” pressure at 25° before admitting gas. The 
charcoals used with HON were A,f H,J K,§ and L.§ Experiments on the 
same four charcoals were done with C0 2 and, in addition on charcoals B,t 
C,f F|| previously used in this laboratory, and on two new charcoals N and O. 
Of these, charcoal N is a material of bulk density 0*436, manufactured in 
Czechoslovakia by zinc chloride activation from almond shells. Charcoal O, 
of Dutch origin, and of which the ash contains a fair quantity of zinc, is probably 
made from a soft wood by zinc chloride activation. Its bulk density is 0*31. 

1 . Experiments with Hydrogen Cyanide . 

Preparation of Sorbate. — 2 o.c. of anhydrous HON were prepared by a method 
very similar to that of Ziegler,^ i.e., by running a saturated solution of NaCN 

♦ Chaplin, ‘ Proc. Roy. Soo.,’ A, vol. 121, p. 344 (1928). 

t 1 J. Phya. Chem.,’ vol. 32, p. 452 (1928). 

X ‘ Soo. Chem. Ind.,’ vol. 47, p, 372 T (1928). 

§ * J. Phya. Chem., 1 vol. 34, p. 2202 (1930). 

|| Chaplin, loc. cit, 

f 1 Ber. D. Chem. Gee,,’ voL 54, p. 110 (1921). 
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from ft tap funnel into cold 50 per cent. HjS 0 4 , passing the evolved gases 
successively along a column of fused CaCl 2 and through a U-tube provided 
with taps and immersed in solid C0 2 and ether, and, after all the NaCN had 
been added, blowing a slow stream of air through the whole apparatus train. 
Keeping the condensed HCN at -—78° C. (its vapour pressure at this tempera¬ 
ture is of the order of O’ 1 mm.), the U-tube was sealed on to the apparatus and, 
after evacuation of the whole, the HCN distilled over into a supply-bulb, 
previously sealed on to the apparatus,* provided with a tap, and immersed 
in liquid air during the distillation. 

Calibration of Gauge .—As the measurements to be carried out were of no 
absolute significance, a complete gauge calibration was not undertaken, but 
the voltage function was determined for the saturated vapour in equilibrium 
with solid HCN when the latter was kept at a series of definite temperatures, 
determined by immersing the supply bulb in standard refrigerants. The 
results are shown in Table I, and plotted in fig. 1 as log/(u) against T" 1 . We 
conclude from the approximately linear nature of this plot that, for HCN, 
pressure and voltage function are essentially proportional to one another, up 
to a value of the latter which certainly reaches 1*75, and possibly may be a 


Table I. 


Refrigerant. 


Ethyl acetate .... 

Toluene . 

Carbon bisulphide 
Ethyl alcohol 


Molting 

point. 

T~*. 

f(v) from 
Pirani gauge 
reading*. 

1 

lo 81 •/(«)• 

°C. 

- 83 * 6 

0-005279 

5-433 

0-7360 

- 951 

0-005620 

1-748 

0-2426 

-111-8 

0*006196 

0-181 

I-2677 

-117-0 

0 006410 

0*079 

2-8976 

-126-3 

0-006818 

0-014 

2-1461 


good deal higher. The highest voltage function actually met with in the 
measurements described was 3*95 (p m in fig. 1). The fact that the ethyl 
acetate point falls below the linear curve, confirmed by an approximate un¬ 
plotted measurement made at — 78° C., the temperature of solid C0 8 and 
ether, may perhaps be due to a transformation from one form of solid HCN 
to another in the neighbourhood of -“88° C. Alternatively, the true form of 
the logp/T™ 1 curve may correspond to the dotted line in fig. 1. 

♦ Between tap T and freeaer F g . See Chaplin, to c. cit f , fig. 2. 
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It may be mentioned here that no sign of decomposition of the HCN, such 
as the production of permanent gas, was noticed during these or later measure¬ 



ments. For the approximate conversion of / (v) pressure units into millimetres 
of mercury, the value of a was taken as 0*05, whioh corresponded to some 
rough observations of pressure made during the work. 

Method of Experimentation. —As with other substances,* it was found that 
admission of HCN vapour to the evacuated charcoal resulted in the displace¬ 
ment from the latter of small quantities of gas, chiefly consisting of CO # , 
the actual amounts varying considerably with the nature of the charcoal 
In order to facilitate this cleaning-up process, the charcoal was, at the 
commencement of each experiment, wanned up to 60°-90° in presence of a 
relatively high HON pressure (0*26-0*3 mm,), and displaced permanent 
gases and CO a separated and measured by use of liquid oxygen and of melting 
methylcyclohexane (—183° C. and —126° 0. respectively). Charcoal K did 
not receive this treatment, as it merely furnished traces of CO a under the con¬ 
ditions of experiment. 

Results of Experiments. —(i) Charcoal A. During the course of this experi¬ 
ment, CO a was being continually evolved, accompanied by smaller quantities 

* E.g, t see 1 Proo. Roy, Soo.,* A* voL 129, p. 235 (1930) and voL 130, p, &10 (1930). 
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of permanent gas. After the determination of point 9, the charged charcoal 
was allowed to stand at 25° for some days, desorbed thoroughly for several 
hours until the pressure was imperceptible, and then again submitted to a 
high HCN pressure at 25° for some hours before taking the last reading. Point 
10 shows clear evidence of considerable drift. Carbon dioxide was still present, 
and it is probable that this drift was far from being completed. The data 
are plotted in fig. 2 (curve A-triangles). Between points 5 and 6, the charcoal 



stood overnight, but this also happened on another occasion, and resulted in 
no such sudden pressure drop. 

(ii) Charcoal H. The specimen used had already been employed in the 
determination of a C0 2 isothermal. To this circumstance may, perhaps, be 
attributed the fact that appreciable amounts of CO were displaced with the 
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CO a during the first treatment of the charcoal with HCN, No more was 
observed after the first point had been determined, but there was a steady, though 
never very large pressure of C0 2 present in the “ equilibrium ” vapour phase— 
about 1(H 2 mm. with the earlier points and working down to 2 X 10“* mm. 
towards the end of the experiment. After point 10, the closed container was 
heated for some hours to 65°-70°, and its gaseous contents four times drawn 
off at half-hourly intervals and analysed; they contained relatively high 
C0 2 partial pressures, of the order of 2 X 10 ~ 2 mm. In spite of this treatment, 
CO a was still present during the final readings ( 10~ 3 mm. at point 12 ). The 
results are plotted in fig. 2 (curve H-circles), 

(iii) Charcoal L, In this case, the quantities of C0 2 initially displaced were, 
relatively to the other charcoals, very considerable,* and several treatments 
with high HCN pressures at 60° C. were given the charcoal between the first 
few points. After point 3, the charcoal was thoroughly desorbed and re¬ 
weighed. The decrease in weight, roughly checked by an estimate of the total 
amount of carbon dioxide removed during the experiment up to that point, 
showed that the charcoal had lost in this way about 0*1 per cent, of its original 
evacuated weight. 

Point 4 was determined some days later than point 3. The quantities of 
00 2 which developed during the measurements became steadily less as the 
experiment proceeded, and in one or two of the latest point® were practically 
negligible. Between 10 and 11 both a desorption and a sorption had succes¬ 
sively taken place—the result was apparently a further cleaning up. The 
q values for points 13 and 14 were not directly determined, but estimated from 
the values of the pressure reading before and after the addition of the vapour. 
The results of the experiment are graphed in fig. 2 (curve L-squares). 

(iv) Charcoal K. This experiment differed in two respects from those 
described above. The quantities of CO* displaced from the charcoal were 
negligible, of the order of 10“ 4 mm. pressure; equilibrium was reached far more 
rapidly than in the other cases. These facts, as will be seen later, appear to 
be connected with the method of activation of the charcoal. Fig. 2 (curve 
K-crosses) contains the results. 

Discussion. —The above data are clearly of a preliminary nature, but in one 
respect are suggestive. In certain ways they resemble the results obtained 
with water vapour,f and both H 2 0 and HCN in the liquid state have 
exceptionally high dielectric constants and form associated molecules, 

♦ Of . 1 Froo. Roy. Soc,, 1 A, vol. 130, p. 615 (1931). 
f Allmend and King, * Proo. Roy. Soc.,* A, voi 130, p. 210 (1930). 
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Thus, the general form of the isothermal is similar, running out from the 
origin very near to the q axis, and then bending up relatively steeply from the 
latter, the first portions of adsorbed material being strongly held. With both 
vapours, charcoal L gives the steepest isothermal. 

The quantities sorbed at 0*1 mm. and 25° are in both cases, with charcoala 
A and K from 4-6 mg./gram, and with charcoals H and L from 2-4 mg./gram. 
A and K in both cases exhibit drift, and with HCN it is possible that the observed 
adsorption would eventually have become considerably greater owing to this 
cause. The drift is less with H and least with L. In the case of K, drift was 
unexpected with HCN, as equilibrium appeared to be reached rapidly at 
practically every point on the isothermal It is, however, of interest to note 
that this charcoal, thoroughly extracted with water in order to remove hygro¬ 
scopic matter, shows drift with water vapour also. 

Further, the curiouB hysteretic loop (points 8-47 in fig. 2, curve L) is reminis¬ 
cent of results with water vapour.* 

One last point is of interest. When working with charcoal L, we were 
impressed by the very great power displayed by HCN for cleaning up the 
charcoal surface from oxides of carbon. The quantity of OO a liberated by 
1 mg./gram of HCN adsorbed was even more than tlxat eliminated in subsequent 
experiments with CC1 4 when using an adsorbed concentration about one 
hundred times as great. We have been accustomed to look on water vapour 
as a relatively feeble displacing agent for oxides of carbon. The present results 
suggest that this view may be incorrect—carbon dioxide may be liberated in 
quantity during the adsorption of H 2 0 vapour on charcoal, but, owing to its 
solubility in liquid and in solid water, the fact may remain unrecognised. 

2. Experiments with Carbon Dioxide. 

General .—The gas was prepared by heating solid NaHC0 3 contained in the 
bulb Sf to 85° C. Water was removed in F 2 by means of solid C 0 8 and ether, 
and the carbon dioxide subsequently frozen out in Fj by liquid air whilst 
removing the last traces of permanent gas. During the actual measurements 
of CO B pressures, any traces of water vapour given off by the charcoal were 
frozen out by immersing F t in melting ethyl alcohol or methylcyclohexane. 
Permanent gas displaced from the charcoal was measured by replacing these 
refrigerants by liquid air, and was then removed from the gas space by 
immersing the clean-up charcoal P in liquid air. 

* See Albnand, Hand and Manning, * J. Phys. Chem.,’ vol. 33, p. 1004 (1929)* 
t This and subsequent similar references are to Chaplin, loc, tit., fig. 2. 
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The quantities of gas taken up by the charcoals under the low pressures 
worked at were too small to determine by direct weighing, and were calculated 
from the various equilibrium pressure values. The following example will 
illustrate the method (w = weight of charcoal = 1*783 grams; v 0 ~ gauge 
zero =» 4*07 volts). 



Gauge reading in volts. 

j /(»)■ 

t 

Increaso in 
charge of 

Total 
charge of 
COg per 
gram of 
charcoal. 

Point 

t 

Before opening 
to charcoal 

After opening 
to charcoal 

Before oponing 
to charcoal 

- t> 0 a 

After opening 
to charcoal 

•»■ - i ; 0 3 

Pressure 

change 

4/<*). 

COper 
gram of 
charcoal 

J/(e) 


tv 

»*• 

V 

«.*• ' 


w 


1 

7-25 

5 915 

2*172 

1*112 

-1*060 

0-895 

0 596 

2 

805 

7125 

2*912 

1 

2*066 

■ 

—0*847 

, 

0-475 

1 070 


The data ultimately plotted are shown in heavy type. 


As in the case of HCN, the absolute quantities adsorbed are of no great 
significance. Consequently both p and q are expressed in figs. 4 to 8 in the 
form in which they are primarily given by the experimental work, i.e ., in 
/ (v) and in / (v)/gram units respectively. A knowledge of the « value of the 
gauge for C0 2 and of the volume and temperature of the gas space (respectively 
about 0-033, 330 e.c., and 17° C.) enables these conventional figures to be 
expressed, approximately, in ordinary units (millimetres of mercury and milli¬ 
grams per gram); these scales also are shown in the diagrams. 

There is one complicating factor which should be mentioned at this stage as 
it affects both the measurements and the plotting of results, viz., the carbon 
dioxide which is evolved in greater or smaller amounts from a charcoal surface 
when the latter is allowed to adsorb gas or vapour. Before its displacement, 
this gas is imagined to exist on the charcoal surface as potential, not as actual, 
carbon dioxide, and the adsorption of CO a from the gas space is, qualitatively, 
just as capable of displacing this gas as any other adsorption process. Whereas, 
however, in other cases, the displaced CO* can be separated, measured, and its 
effect eliminated, in the present instanoe it adds itself to, and cannot be dis¬ 
tinguished from, the unadsorbed gas already in the apparatus. Moreover, the 
quantities of C0 a thus added to the system are, in some cases, of the same 
order of magnitude as the quantities already present, with the result that the 
calculation of the quantity adsorbed by the method given above, a calculation 
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which depends on the assumption that the total adsorbable CO a in the system 
is known, is liable to serious error. Fig. 3 shows diagrammatioally various 



types of false isothermals which might result from this cause. The true 
isothermal-curve (i) is assumed to be linear. Curve (ii) holds for the case in 
which a gradual and regular evolution of C0 a takes place during the whole 
of the sorption process, but none during desorption, curve (iii) for a considerable 
gas evolution on the first admission of sorbendum, and curve (iv) for a case in 
which C0 g liberation takes place on both the sorption and desorption branches of 
the isothermal. The general results are, of course, that the observed isothermal, 
whether adsorption or desorption, lies above the true curve, parallel to it 
when no gas evolution is actually taking place, but otherwise with its adsorption 
branch more and its desorption branch less steep than corresponds to actual 
facts. 

Results .—Our experiments all go to show that, at low pressures, the charcoals 
investigated by us divide themselves, as regards their behaviour towards C0 2 , 
into two distinct classes. 

Charcoals of the first group give linear CO a isothermals which run through 
the origin. Equilibrium is rapidly established, and the isothermals are 
reversible. Of this type are B, K, N and 0, all chemically activated charcoals. 
The second group of charcoals behaves as if, in addition to the above simple 
type of adsorption process, C0 8 were also being taken up at low pressures in 

2 H 2 
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a very different manner. This second process is associated with a slow approach 
to equilibrium, and the quantities of C0 a taken up in accordance with it 
probably depend on the degree of preliminary evacuation of the charcoal. 
The net result is that charcoals of the second type show marked drift when 
adsorbing C0 2 , and tend to furnish final isothermals which are composed of 
(a) a portion rising slowly or even imperceptibly from the q axis, and (b) a 
linear and reversible portion of the same general type of slope as is shown by 
oharcoals of the first group, but differing in not passing through the origin 
when produced. Of the charcoals of this type, A is air-activated and C, F, 
H and L are steam-activated. Fig. 4 contains isothermals given by charcoals 



of the first group. The points centring around OA (crosses, triangles, squares, 
full circles) were obtained in four successive experiments carried out with 
oharcoal B at room temperature (16°-20°). In every case equilibrium waa 
rapidly attained, and there was no drift—thus, 51 hours elapsed between the 
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determination of points 2 and 3 of one of these series (triangles). Very small 
amounts of CO were being continually given off, and the position of the last 
point in each of the experiments indicates that C0 2 was being gradually and 
continually cleaned up from the surface of the charcoal (fig. 3 (ii)). Curve 
OB (circles) is the isothermal for the same charcoal at 25°. In this case there 
was no trace of permanent gas evolved during the experiment. 

PX and PY (full triangles and squares respectively) were both obtained 
with charcoal 0, equilibrium again being rapid. A comparison will show that 
the slopes of PX and OB are practically identical. PZ (circles) is the isothermal 
of charcoal N, whilst the crosses centring around PY represent the last seven 
points measured during the determination of the isothermal of charcoal K. 

The complete data for K are shown in fig. 5 (i). Points 1-9 afford a striking 
example of the necessity of allowing for the presence of C0 2 displaced from the 
charcoal surface during the sorption process. A further unplotted measure¬ 
ment was, as a matter of fact, made between points 9 and 10. The calculated 



Fio. 5. 
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q value derived from the measured p value of 0*543 was —0*15 (both in/(v) 
units). The case clearly corresponds to those shown in fig. 3 (iii) and (iv). 
Before point 10 was determined, the charcoal was very thoroughly cleaned up 
at 25°. Whilst points 10-15 show that gas displacement had become un¬ 
important at that stage, point 16 indicates that it had nevertheless not been 
entirely eliminated. This was strikingly confirmed by the fact that an 
appreciable pressure of permanent gas, which had been undetectable in the 
earlier part of the experiment, developed overnight after the determination of 
the last point. 

Passing now to isothermals of the second type, curve (ii) in fig. 5 represents 
the behaviour of charcoal A, in so far as it was studied. Considerable amounts 
of gas were liberated at the start, equilibrium was reached very slowly, and 
the position of point 4 with respect to the sorption points shows drift to be 
present. Charcoal C (fig. 6, points 1 and 2 not plotted) was studied more fully. 



At the commencement, the C0 2 was taken up very slowly, and indeed no 
attempt was made to wait for true equilibrium. Between points 4 and 5, 
and again between points 10 and 11, the charcoal container stood overnight; 
the drift is very obvious in both cases. Adsorption and desorption became more 



471 


Adsorption of Carbon Dioxide. 

speedy as the experiment proceeded, and from point 12 onwards equilibrium 
was rapidly set up, this remaining the case until the last two points were 
reached. The isothermal has all the appearance of being reversible in this 
region. 

Charcoal F, like C a steam-activated nutshell charcoal, behaves in a similar 
fashion qualitatively, but under the given experimental conditions takes up 
far less CO a than does C. In fig. 7, the continuous curve and crosses denote 
the first set of measurements. Up to point 4, equilibrium was slowly reached, 



but after that comparatively quickly. The relative positions of the sorption 
and desorption branches of course indicate that sorption is slow. Practically 
no permanent gas made its appearance. After point 7 the oharcoal was 
pumped down to “ zero ” pressure at 25°, and a second similar experiment 
carried out. On the assumption that the charcoal was completely cleaned up 
before gas waB readmitted, the new isothermal is given by the triangles and 
dotted curve in the left of the diagram ; there is no sign of the drift found in 
the first experiment; on the contrary, there is evidence of CO* displacement 
from the charcoal surface. It is, however, improbable that the charcoal was 
actually freed from adsorbed gas after the first experiment by the treatment 
referred to. If we assume the extrapolation of the desorption branch of the 
curve as shown to give the quantity of CO* left in after this treatment, then the 
true position of the points of the second series of measurements is given by the 
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fall triangles, in which case the new sorption curve practically coincides with 
the first desorption curve. 

A considerable number of measurements was made with charcoal H; the 
results of the earlier ones were complex and will not be given in detail. In 
addition to slow equilibrium and drift, as shown by the fall in pressure twice 
observed when the charcoal was allowed to stand overnight, there was an 
unusually large evolution of gas from the surface, CO as well as CO a being 
present. From point i 4 onwards to point 20 (fig. 8, curve (i)), equilibrium 
was rapidly reached, and the isothermal is seen to be linear in this region. 
The last two points, however, showed a gradual evolution of fresh C0 2 (CO 



Fig. 8 
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was also detected) from the charcoal surface still to be taking place 
» (iv)). 

Fig. 8 also contains (curves (ii) and (iii)) the results of two sets of measure¬ 
ments made with charcoal L. Curve (ii) clearly shows (there was a 46-hour 
interval between 4 and 5) the existence of marked drift in the early stages of 
sorption. But this would seem to have disappeared from point 5 onwards, 
a view which is confirmed by the rapid rates at which equilibrium was reached 
between points 5 -12, and also by the fact that no drift took place between 
points 14 and 15 (18-hour interval). Nevertheless, curve (ii) is far from 
representing real equilibrium, as is shown by curve (iii). In this oase, the 
charcoal after its preliminary evacuation, which was rather less prolonged 
than usual, was found to be liberating C0 2 at 25° even before admission of the 
sorbendum. It was cleaned up, allowed to stand overnight, cleaned up again, 
C0 2 admitted and the first point (slow equilibrium) determined. Fresh CO t 
was charged in, and the charcoal allowed to stand for 46 hours before the second 
point was measured. The drift was very considerable, as it also was between 
points 5 and 6 (18-hour interval). From point 9 onwards, equilibrium was 
rapid, and the drift between 10-11 (19-hour interval) was much reduced. 
Subsequent points came to equilibrium rapidly (there was a 66-hour interval 
between 18-19) and must be regarded as falling on a single reversible curve 
within the limits of experimental error. 

Discussum .—It will be agreed that the statement made earlier regarding the 
two classes into which the charcoals fall in respect of 00 2 adsorption is justified. 
Moreover, the linear portions of the isothermals given at higher pressures 
by the charcoals of the second typo appear to correspond very closely in nature 
with the linear isothermals of the first group. Equilibrium is rapidly reached 
in this region, and becomes slow when, at lower pressures, the isothermal begins 
to turn in towards the origin. Further, as can be seen from figs. 5 (i), 6, 7 and 
8 (ii), (iii), even if the isothermal as a whole does not represent equilibrium, the 
slope of the linear portion is apparently not much affected by this circumstance 
but, within limits, assumes a value characteristic of the charcoal in question. 

It is plausible to conclude that on these linear curves or portions of curves, 
the nature of the process is the same in every case, viz., simple adsorption on a 
surface of uniform potential to a dilute unimolecular gas film in accordance 
with Henry's law. In this event, the values of dqjdp will afford a relative 
measure of the extent of available surface (of this particular type) per gram 
of charcoal. Table II summarises the approximate values of these slopes, 
using f(v) units. 
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Table II. 

Charcoal. 

dqjdp. 

! Nature of charcoal. 

i 

0 

F 

H 

A* 

L 

B, K, N, 0 

1-7 

1*0 

0-95 

0-85 

0*85 

0-30-0-36 

> Nutshell-steam activation. 

Birxihwood-air activation. 

Beech wood-steam activation, 

Chemical activation. 


* From fig. 5 (iii), see later. 


The correlation shown by the data is interesting and in general accord with 
what is known regarding the relative adsorption capacities of these charcoals 
at lower pressures for other vapours. Too much stress, however, must not be 
laid on this point, in view of undoubted specific effects and of the impossi¬ 
bility in practice of separating off sharply the process just discussed from the 
second one, of very different characteristics, which is active when charcoals of 
the second class adsorb. 

With regard to this second process, any kind of quantitative comparison 
between the different charcoals would be valueless. For one thing, it is 
doubtful whether, in this respect, equilibrium was reached in any single 
experiment. And secondly, the evolution of CO a into the system from the 
charcoal surface, which probably took place to some extent in every case, 
though only detected when the q values were relatively small and when it was 
not masked by simultaneous drift, will seriously upset any comparison. Thus, 
it is certain that, owing to this cause, the real position of the isothermal for 
charcoal H (fig. 8 (i)) is at higher q values. 

We think that the type of adsorption process here concerned is one which is 
closely bound up with the liberation of oxides of carbon from the charcoal 
surface, similar to that one discussed by us in a former publication* in con¬ 
nection with the adsorption of CC1 4 , and very possibly of the same nature 
as the processes responsible for drift in the adsorption of HCN and H a O vapours. 

It is possible that our views on this subject may need modification in the 
future in the light of the conception of “ activation energy of adsorption M 
recently put forward by Taylor.f At present it would seem that the activation 
energy required in the various cases studied by us may be specifically connected 
with the cleaning up of the charcoal surface. We shall, however, consider the 

* * Proc. Hoy. Soc./ A, voi. 129, p. 282 (1930). 
t * J* Amer. Chem, Soc./ voL 58, p. 578 (1931). 
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matter more fully in the light of the mass of data, published and unpublished, 
available to us, and further discussion is deferred. 

3. The Nature of Chemically Activated Charcoals . 

In the light of the above considerations, the absence of the slow, irreversible 
type of sorption, when using chemically activated charcoals, indicates the 
absence of highly active centres on the charcoal surface. Both soft wood and 
nutshell, the raw materials of charcoals B and 0 and of charcoal N respectively, 
are capable of yielding charcoals with such high potential centres when 
activated by steam or by air (<?.</., charcoals A, C, F, H, and L) and we weTe 
forced to conclude that, in the process of chemical activation, the potential 
active centres present in the raw materials are in some way neutralised or 
poisoned. It was natural to assume that this effect was due to the adsorption 
of the activating agent itself on the active centres,* and this view received 
support from experiments carried out earlier on the effect of extraction by 
alkali on the sorptive power of charcoals A, B and C for water vapour at low 
pressures.! In every case the sorptive power was very greatly decreased. 
At the time, although correlation both with the effect on the ash content and 
also with the effect of acid extraction were very imperfect, it was thought 
that the action of the alkali had perhaps been to dissolve out ash constituents 
which were capable of binding water at low pressures at which the carbon 
surface itself was inactive. In light of the results recorded in the present 
paper, it now seemed more probable that the alkali was adsorbed on active 
centres previously capable of binding water. 

To test this view, a specimen of charcoal A was extracted with boiling 
concentrated NaOH solution, thoroughly washed successively with water, 
dilute HC1 and again with water, and dried. Its ash content was found to be 
0*3 per cent., as compared with 4*6 per cent, for the original charcoal. The 
low pressure C0 2 isothermal was then determined on this material in the 
usual manner, with the result shown in fig. 5 (iii). The curve is of the type 
found for chemically activated charcoals linear, practically passing through 
the origin, with a rapid approach to equilibrium throughout, and reversible. 
Compared with the unextracted charcoal (fig. 5 (ii)), its capacity is decidedly 
decreased. 

This experiment having accorded with expectation, an attempt was then 

* We were assisted to this conclusion by observations made on the simultaneous sorption 
of two vapours by charcoal. These will be described by one of us elsewhere. 

t Allm&nd, Hand and Manning, loc. ciU 
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made to see whether, by removing the mineral matter from a chemically 
activated charcoal, the latter could be converted into one of the steam or air 
activated type. Charcoal B was selected. A specimen was first used which 
had been extracted with HC1, with reduction in its ash content from 3*9 per 
cent, to 0*13 per cent. Its sorptive power for water vapour at low pressures 
had been appreciably decreased by this treatment,* which did not suggest an 
increased capacity for C0 3 . This was found to be the case. The isothermal 
(fig. 4—dotted line OC—diamonds) is nearly identical with that for the un¬ 
extracted charcoal and of the same nature, although not passing quite linearly 
through the origin. It was, however, knownf that charcoal B, on evacuation 
at 800° (I, evolves relatively large amounts of a sublimate consisting essentially 
of NaCl, KC1 and metallic zinc, and it appeared likely that such treatment 
would prove the best way of freeing the active centres of the charcoal from the 
adsorbed zinc compound which they were postulated as holding. 

A specimen of the acid-extracted charcoal was accordingly thoroughly 
degassed in vacuo at 800°. A distinct grey sublimate of zinc was formed. 
After cooling, atmospheric air was allowed to enter the container ; the charcoal 
was then re-evacuated at 110° and the C0 2 isothermal determined. It is 
shown in fig. 4, curve E, As was anticipated, the removal of the firmly held 
inorganic material has had the effect of converting the charcoal into one of the 
steam-activated type. Equilibrium was approached slowly with points 
1-4 and 19-21 but rapidly with the intervening points. There seems to be 
drift between points 9-10, and it has very obviously affected the (overnight) 
transition from point 11 to point 12. Points 12-18 fall on a linear and 
practically reversible curve. 

Finally, some of the desublimated charcoal was boiled with a concentrated 
solution of ZnCl a , washed with dilute HC1 and then with water, dried, degassed 
at 110° C., and its C0 2 isothermal redetermined. The result (fig. 4—line OD— 
inverted triangles) was practically identical with that given by the original 
acid-extracted charcoal. The same was found to be true of the ash content. 
It is of interest to note that, whatever the treatment, the slope of the linear 
portion of the CO a isothermal of charcoal B remains practically unaltered. 

We think that the above results show fairly conclusively that the mineral 
agents used in chemical activation of charcoal are in practioe adsorbed on the 
highest potential regions of the charcoal surface, and that such charcoals can 

* AUmand, Hand, Manning and Shiela, * J. Phya. Chenu,’ voL 33, p. 1683 (1939). 

t 4 J. Phya, Chem./ vol, 32, p, 441 (1928). 
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not, therefore, be expected to be of high adsorptive power at the very lowest 
pressures. In full acoord with this view is the fact that they are freed from 
any bound oxygen held by them far more readily than are steam and air 
activated charcoals. 

Previous work on the adsorption of carbon dioxide by charcoals at low or 
relatively low pressures has been done by Rowe* and by Magnus and his 
collaborators.t The former worker employed a coconut charcoal, activated 
successively by steam and by air, and thoroughly degassed beforehand at 
450°, He obtained an isothermal of the same type as we get with such char¬ 
coals, concave to the pressure axis, and associated with drift and slow equili¬ 
brium. Its form at the lowest pressures does not agree with our results. 
This is perhaps not surprising—no particular care was taken to purify the CO a 
used, nor was an attempt made to estimate the amounts of any foreign gas 
introduced at the start or of any gas displaced from the charcoal during the 
experiment. There is evidence that such displacement may have been 
occurring in spite of the high evacuation temperature. 

Magnus has chiefly used soft-wood charcoals. In the earlier experiments, 
it was noticed that, the higher the degassing temperature of the charcoal, the 
more concave to the pressure axis was the resulting isothermal; charcoals 
treated at low temperatures gave curves which were almost linear. At the 
time he attributed this difference to the production, by heat, of centres of 
high adsorption potential on the charcoal surface. Our view is essentially 
the same, even if the exact mechanism assumed (removal of oxygen or of 
adsorbed mineral matter from existent active centres) is somewhat different. 
Later work showed that, if the charcoal were extracted with HC1, then any 
tendency towards concavity in the isothermals disappeared; they became 
linear and passed directly through the origin. This observation caused 
Magnus to alter his views. Outgassing is now supposed by him to cause 
decomposition, to an extent increasing with rise in temperature, of metallic 
carbonates contained in the charcoal. It is the residual oxides which form 
the centres of high adsorption potential, whilst the effect of acid extraction 
is, of course, to dissolve out these carbonates. 

Our view, on the contrary, is that, by way of solution followed by adsorption 

♦ ‘ Phil. Mag.’ (vii), vol. 1, pp. 109, 669 (1926). 

t (a) * Z. anorg. Chem.,’ vol. 166, p. 220 (1926). ( b ) (with Oahu), ibid., p. 204 (1926). 
(c) (with K&lberer), 1 Z. anorg. Chom.,’ vol. 164, p, 346 (1927), (d) (with Sauter and 
Krata), *2. anorg. Chem.,* vol. 174, p. 142 (1926). (e) (with Krata), *2. anorg. Chem./ 
vol. 184, p. 241 (1929). 
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from solution, the acid distributes over the active adsorption centres mineral 
matter which, in the unextracted charcoal, is perhaps present as small compact 
inclusions and, in any case, is not strongly adsorbed. This view is quite 
consistent with the experimental fact that extraction largely decreases the total 
ash content of the charcoal, and would, for example, account for the decreased 
sorptive power for water vapour which results when charcoals A and C are 
extracted with acid.* 

Admittedly it is difficult to decide between the two views, but such com¬ 
parisons as can be made appear to favour our own. For example, Magnus 
and Kratz find that their extracted charcoal does not change its characteristics 
when outgassed at high temperatures, whereas the opposite has been shown to 
be true of charcoal B, In our opinion this is due to the reductivity of ZnO 
and the volatility of metallic zinc in the latter case, as compared with the 
non-reductivity of lime and magnesia, and the non-volatility of iron in the 
case studied by Magnus and Kratz (the ash of their charcoal contained CaO, 
MgO and Fe 2 0 3 ). On the other hand, these authors would be driven to 
improbable ad hoc assumptions in order to explain the results of our experi¬ 
ments with charcoal B. 

A more important fact is that degassing for long periods or at high tempera¬ 
tures increases the adsorptive properties of charcoals at low pressures not 
only for C0 2 but also for CCl 4 ,j* and it is difficult to ascribe such an effect to 
the oxides of which Magnus postulates the formation. The sorption of water 
vapour at low pressures is also greater for charcoals degassed at high tempera¬ 
tures. Here the conception of Magnus might conceivably be applied, although 
its inherent probability must be rogarded as low when the properties of ignited 
oxides are considered. A similar suggestion has indeed already been put 
forward by Coolidge^ who found prior extraction with HF greatly to diminish 
the amount of water vapour taken up by a coconut charcoal at low pressures. 
The same, however, was true when using ammonia or benzene as sorbate, and 
it seems more satisfactory to assume as a general explanation of Coolidge’s 
observations the neutralisation of the most highly active centres of the charcoal 
by mineral matter, possibly silica, adsorbed during the extraction process. 
It may be added that recent results obtained by Magnus and Windeck,§ 

♦ Allmand, Hand, Manning and Shiels, loc. cit 
t Allmand and Puttick, * Proo. Roy. Soc.,’ A, voi 130, p. 197 (1930). 

% ‘ J. Amer. Chem. Soc,,’ voL 49, p. 708 (1927). 

8 * Z. Phys. Chem.,' A, voL 153, p. 113 (1931). 
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using ethylene and an acid-extracted charcoal, are anomalous from their 
point of view. 

Swnmary . 

(1) Using an adaptation of technique previously described, the adsorption 
isothermals of hydrogen cyanide have been determined on four different 
specimens of evacuated activated charcoals, at 25° and over a pressure range 
of about 10to 0*2 mra. The results indicate a resemblance between water 
and hydrogen cyanide coasidered as sorbates. 

(2) By a similar experimental method, the adsorption isothermal# of carbon 
dioxide have been determined on nine different charcoals, at 25° and over an 
average pressure range of 10 ‘ 8 to 0* 15 mm. The results indicate the existence 
of two very distinct types of adsorption process, of which both are active with 
steam- or air-activated charcoals, but one only with chemically activated 
charcoals. 

(3) The difference in charcoal type mentioned is ascribed to the fact that, 
in chemically activated charcoals, the regions of highest potential are occupied 
by mineral matter adsorbed during the activation. Certain further experi¬ 
ments are described which confirm this view. 

(4) The work of other authors is discussed in the light of the present results. 

The experiments described in this paper were carried out during the year 

1927. 
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The Wave Resistance of an Ellipsoid. 

By T. H. Havelock, F.R.8. 

(Received May 9, 1931,) 

]. In a recent paper* it was shown how to obtain, to the usual approximation, 
the wave resistance of a solid of ellipsoidal form submerged at a constant depth 
below r the surface of water and moving horizontally with any orientation of 
the axes ; and explicit calculations were made for prolate and oblate spheroids 
moving end-on and broadside-on. The present note is a brief study of an 
ellipsoid with unequal axes, moving in the direction of the longest axis. It had 
been intended to examine numerically in some detail the effect of different 
ratios of the axes upon the resistance-velocity curve ; but the necessary 
computations would have been lengthy, and the main results of interest may 
be seen from the form of the expressions obtained for the wave resistance. 
In the discussion attention is directed specially to cases in which the ratios 
of the axes are similar to the corresponding ratios for a ship. 

2. It is convenient first to evaluate some integrals which occur in the 
analysis. 

Consider the integral 

A = f f ( 1 —* — 2L ) cos 0 ^ C08 ftw dxdy, (1) 

JJ ‘ m 2 n 2 

taken over the ellipse 



Putting x = m sin <f> cos 0, y = n cos <f >, we obtain 

A = mn f [ sin 8 <f> sin 2 0 cos (mot sin ^ cos 0) cos (nfi cos <f>) <f0 d$, (3) 

J 0 J 0 ^ 

Integrating first with respect to 0, this gives 

A = (7tn/a) | cos (ftp cos <f>) J* (mot sin <f>) sin 2 <f> d<f> 

Jo 

* 

/ 27t®n a fiV /2 pt* 

— { - ) Ji («wt sin <f>) J„ l/2 (»(J cos <f>) sin 2 cos 172 d<f>. (4) 

ot J 0 

* • Proo. Roy. Soc.,* A, vol. 131, p. 275 (1931). 
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This is a particular oase of Sonine’s integral,* aud we obtain finally 

(tn* a 2 + TO z j3 2 )^ 4 

A similar integral which we require is 


B “ 1 j i 1 ~ 5 ~ S) 1 * ** oofl mdxdy ' 


481 


(6) 


( 6 ) 


taken over the ellipse (2). 

This may be evaluated in the same manner. To avoid possible ambiguity 
we distinguish between various cases according to the relative magnitude of 
ma and n(3. We find 


B = 2 lU v? ri mn 

(m 2 0C 2 —- 


ma> np; 
ma <n(S; 


( 7 ) 


( 8 ) 


= 2'Whnn 

(n a (J® — m 2 a 2 ) 3/4 
== |t mm, ma = np ; 

where I denotes the usual modified Bessel function. 

3. Consider a solid bounded by the ellipsoid 

1 4 . y* + £ - 1 

moving with uniform speed u in the direction of Ox, the axis Ox being hori¬ 
zontal and at a depth / below the surface of the water, while the axis 0 y is 
vertical. 

We shall consider first the case a > 6 > c. 

The image of a uniform stream in the ellipsoid is a distribution of doublets 
over the plane area bounded by the elliptic focal conic 

x 2 v 2 


1, 2 = 0; 


a 2 -c 2 ' &2_ c ss 

the axes of the doublets are parallel to Ox, and the moment per unit area is 
abou /, x 2 «® W 2 


(») 


tc (2 — a 0 ) (a a — o 2 )^ 8 (b* — c 2 )^ 2 


where 


a 0 « abc | 


du 


c* 6*-c* 


' Jo (a* + «)**(&* + u) L ' s (c* + u) 1 '*’ 

For numerical calculation otg may be expressed in terms of elliptic integrals. 

* G. N. Watson, “ Bessel Functions,” p. 376, 

VOL, CXXXII.—A. 2 I 


( 10 ) 
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From (12) of the previous paper, the wave resistance is given by 


R = 



Psec 5 0d0, 


(11) 


abcue~" ,! s 


7C (2 — a 0 ) (a 2 - c*) 112 (b* - c s ) l/a 


— y 8 f 1 * £>***'* 


X cos (k^c sec 0) dx dy, (12) 


the integral for P being taken over the ellipse (9), and /c 0 = gju 3 . 

Comparing with (6) and (7), we obtain for the integral in the expression for 
P the value 

{27T 8 (a 2 - e s ) (6* - c a )W 2 jafcjg* a ec e V - c 2 - (fr 8 - c 2 ) sec* P}*' 2 ] 

K 0 ali sec 3/2 0 {a 2 — c 2 — (6* — c 2 ) sec* 0} 3/4 * ' ’ 


when cos 0 > y{(^ 2 ° 2 )/(a* — c 2 )}, and a similar expression when cos 0 

is less than this value. Collecting these expressions, and for comparison with 
previous results, putting tan 0 = t, we obtain finally 

(2 — a n ) 2 (a 2 — 6 2 ) 3/z e^f 
* 327t^paW R 


*9 (! +_<*) (1 - a H'ftwy _ Wt 
Jo (I - aV) 3 /* . 



where a 2 = (6 s — c 2 )/^ 2 — b 3 ). 

This expression is for an ellipsoid moving horizontally in the direction of the 
longest axis, and having the least axis horizontal and the mean axis vertical; 
or, we may say, with the beam less than the draught. 

4. We consider now the case when the beam is greater than the draught; 
that is, keeping the axes Ox, Oy, Oz as before, we have a> e> b. The 
elliptic focal conic is now in the horizontal plane and is given by 


x* 

a* — 6 2 


+ 



-1, 


y = °- 


( 15 ) 


The doublet system is distributed over the area bounded by (15), the axes being 
parallel to Ox and the moment per unit area being given by 


M (x, z) 


_oftou_ j jjj z t\m 

n (2 — *n) (a 2 — (c* - 6«) M ~ — 6* ~ d 3 — "^) ' ^ 
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For a distribution of this type the expression 1 " for the wave resistance of 
any two doublets generalises into 


It = 16TCpK 0 4 j" Beo 5 Q 


(17) 


where 

F== M(a: ’ 2 ) m (*'* z>) cos {k 0 (a: — x f ) sec 0} cos {x 0 (z — z f ) sin 0 sec* 0} 

dxdzdx' dz\ (18) 

From the symmetry of the distribution specified in (15) and (16) we see that 

P — M (x, z) cos (* 0 $ sec 0) cos ( k& sin 0 sec* 0) dxdz t (19) 

where M iB given in (16) and the integration extends over the ellipse (15). 
Comparing with (1) and (5), we obtain 

p _ (2 tc) i/S! abcu J a/2 [k 0 sec 0 {a 2 — 6* + (c* — &*) tan* 0} 1/8 ] ^ 

2 - « 0 ’ k 0 3/2 Bee 3 '' 2 0 (a* ~ 6* + F - 6*)tan*0}^ * K ) 


From (17), after putting tan 0 « t , we deduce 

(2 — a 0 ) 2 (a* — 6*) 3/g ^ 

327r*^po 2 6*c 2 

» f 00 [js/a(<*» ~b*)(l + < 2 ) (1,+jffi e -u* dt 
Jo (l + aV) 3/ * ' ' ' 

where a* =» (c 2 — 6 2 )/(a* — 5*). 

The cases c < b and c> b have been worked out separately; however, on 
comparing (14) and (21), we see that the results could both be included in the 
same formal expression with a suitable interpretation of the integrand when 
a* and 1 ~f a?t 2 are negative, 

5. A numerical examination of these results could be made for different 
ratios of the axes a, b, c; certain points of interest may, however, be seen 
from the form of the expressions, keeping in view the analogy with the wave 
resistance of a ship. We note in the first place that the exponential factor 
exp. (—2*^/1*) in the integrand means in practice that the greater part of the 
value of the integrals arises from small values of the variable t. 

An interesting feature of curves of wave resistance and velocity is the 
occurrence of so-called humps and hollows which, on a simple theory, arise 
from interference between bow and stem wave systems. In (14) and (21) 

* • Proo. Boy. Soo., 1 A, vol. 118, p. 32 (1928), 

2 t2 
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these oscillations are due to the Bessel function J in the integrands, the 
modified Bessel function I being non-oscillatory; and one might trace the 
relative importance and positions of these humps and hollows with variation 
of the quantity a 8 , that is, (6 2 — c 2 )/(a 2 — b 2 ). For instance, in (14) the second 
integral is non-oscillatory; and, as one wotild expect, it becomes of less 
relative importance as the ratio of a to 6 is increased. Or, again, consider the 
positions of the humps and hollows. The maxima on the resistance-velocity 
curve will be in the neighbourhood of the maxima and minima of 

J3/2 (^oV^ 2 — 6 a ), 

while the minima will be near the zeros of this function. Suppose, as an example, 
we take a — 56 and compare ellipsoids with different ratios of c to 6. When 
c lies between zero and 6, the factor (1 — cA 2 ) in the integrand of (14) lies 
between 1 — and unity ; further, if in (21) we take c as much as 26, the 
corresponding factor is 1 + It is clear, without further calculation, that 
the positions of the interference maxima and minima will be altered only 
very slightly by such a variation in beam when the ratio of length to draught 
is five or more. It appears in fact, that when the beam and draught are of 
the same order of magnitude and the length is of the order of 10 times either 
of these quantities, the form of the resistance-velocity curve is comparatively 
insensitive to changes in beam. This consideration may, perhaps, account 
partly for the measure of agreement which has been obtained between calcu¬ 
lated values of the wave resistance of ship models and experimental results; 
the theory, of course, fails in many details, but the agreement in general 
character is better than might have been anticipated in view of the simplify¬ 
ing assumptions which have to be made. 

6. The calculations for ship models are usually made from Michell’s formula 
for the wave resistance. That expression holds for a model with a longitudinal 
vertical plane of symmetry, and is derived from an assigned distribution of 
horizontal velocity at right angles to that plane; it is, in fact, the same as can 
be obtained from a distribution of sources and sinks, or of horizontal doublets, 
in the vertical plane. In applying the expression to a ship there are two 
approximations, which probably involve the same limit ation; one is in 
extending the distribution right up to the surface of the water, and the other 
is in obtaining the equivalent distribution from the slope of the ship’s surface. 
The latter approximation could, of course, be examined quite independently 
of the wave phenomena, but it is of interest to compare the expressions for the 
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wave resistance in one or two definite cases. In a former paper* the com¬ 
parison was made for a submerged prolate spheroid, and from the formulae 
given then numerical calculations were made later by Wigleyf in connection 
with an experimental investigation. We may make now a similar comparison 
for a flat ellipsoid moving in the direction of the greatest axis, that is, for the 
case a > b > c worked out in § 3 above ; it has, moreover, been found possible 
to put all the expressions into the same analytical form, and we can see from 
inspection the difference between them. 

MichelTs formula for wave resistance is 


where 


r = r (p*+qv 

re a '../..I I 


nfidm 


ng (rnW/g 3 — l) 1 *’ 

P f iQ = ff ~^e- m ' u ‘ v l g+in *dxdy. 


( 22 ) 

(23) 


The integration in (23) is taken over the vertical longitudinal section of the 
model, that is, in the present notation, over the section by tue xy-plane; 
and dzjdx is derived from the equation to the surface. Applying this to the 
model specified by (8), with Ox at a depth/ below the surface, and putting the 
expressions into the form used in § 3, we obtain after some reduction 


R = 4rr igp^hi* 

J r/ji A s e _2 ' , *- r ® fiC * < sec 5 0 dQ, 

(24) 

#-$-£) 

1/2 

e*^*™'* oos sec 0) dy } 

(25) 


the integration in (25) being extended over the area of the ellipse 

z*/a ! + y 3 /& = 1. 

Carrying out the integrations in (25), we obtain finally 

*-*«*•- P _ r PafaVd +<1(1 - 
Jo (1 — ps**)*/» 

r [U {«.v (1 +n (P y - dt, 

+ (pv-ir 

where p = bja. 


( 26 ) 


* > Proo. Roy. Soo.,’ A, vol. 103, p. 674 (1923). 
t W. C. a Wigley, • Tran*. In*t. Nav. Arch.,’ vol. 68, p. 131 (1920). 
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Comparing (14) and (26), we see how the latter approximates to the former 
when b and c are small compared with a . We have, for instance, a difference 
which is independent of the velocity in that the factor (2 — a 0 )*(a 2 — 6 2 )®^ in 
(14) is replaced by 4 a* in (26); this makes the value of R calculated from (14) 
greater than that found from (26) in a certain ratio. To give a few numerical 
examples:—When a = 56, c = 6, the ratio is 1*2; when a = 56, c — \b, it 
is 1*12; while for a = 106, c = 6, it is about 1*05. Again, comparing the 
integrals in (14) and (26), (a 2 — 6 2 ) 1/2 is replaced by a in the argument of the 
Bessel functions, and the quantity a = — o 8 )/(a 2 — 6®)} by p = 6/a. 

From the considerations given in § 5, it appears that these differences would 
have only a slight effect upon the character of the resistance-velocity curve for 
a body with proportions like those of a ship. 

7. For a ship model with fine ends and the usual ratios of length to beam 
and draught, experimental results have shown that the theoretical expressions 
form at least a good first approximation. A more exact solution of the 
theoretical problem for a surface ship of simple form moving in a frictionless 
liquid is desirable, but it presents considerable difficulties. As regards com¬ 
parison with experimental results, such a solution would probably not improve 
the present position appreciably, on account of the effects of fluid friction in 
the actual problem. So far as the ship problem is concerned, it seems that the 
approximate theory might be supplemented by semi-empirical assumptions of 
a suitable nature, possibly as regards the effective distribution equivalent 
to a ship under actual conditions. 
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The Isotopic Constitution and Atomic Weights of Selenium, Bromine, 
Boron, Tungsten, Antimony, Osmium, Ruthenium, Tellurium, 
Germanium, Rhenium and Chlorine. 

By F. W. Aston, F.R.S. 

(Received May 29, 1931.) 

Introduction . 

In two previous communications* the application of photometry to mass- 
spectra was described and results given for krypton, xenon, mercury, zinc, 
tin, chromium and molybdenum. Observations have been made on eleven 
more elements and will now be described in the order in which they were 
successfully performed, together with incidental facts considered worth 
recording. The methods used were the same as before modified in detail to 
suit particular difficulties as they arose. A great advance in the technique 
of the subject was made during the work on boron. This consisted in the 
application of a new type of photographic plate. Previously the photometry 
had been carried out exclusively with the standard Paget Half-tone emulsion 
coated on plate glass. A process by which ordinary plates could be rendered 
more sensitive was described some years ago,f but as it was impossible to 
secure either uniformity or keeping qualities such “ schumannised ” plates 
were quite useless for photometry. The new plates, which for convenience 
will be referred to as “ Q ” plates, are coated with a fast process emulsion of 
low gelatine content and were prepared in one of the Ilford Company’s labora¬ 
tories. They are from 5 to 7 times as sensitive to mass rays as the commercial 
half-tone plate. Their uniformity appears not quite so good, but this is partly 
due to the fact that they are not yet available coated on plate glass. In any 
case this disadvantage is largely offset by a steeper and longer linear log range 
and other desirable qualities. 

Experiments with Selenium . 

Of the many methods tried in attacking this element only one has proved 
practicable. This consists in introducing selenium in the metallic form into 
the discharge tube at such a point that it is heated by the cathode rays. It 

* 1 Proo, Roy, Soc.,’ A, vol. 126, p. 511; vol. 130, p. 302 (1931). 
t Aston, ‘ Proc. Camb. Phil. Soo,,’ vol 22, p, 548 (1925). 
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then distils to form a coating on the neighbouring walls and this appears to 
give off sufficient vapour to maintain a suitable discharge pressure. 

This arrangement though serving for long exposures does not give any 
assurance of constant intensity, so the relative intensities of its lines were 
measured by the method of intermittent exposures. A series of exposures 
with the arms at 120° giving 2 :1 was sufficient to determine the ratios of the 
five strongest isotopes. The very faint one at 74 is present to an extent of 
less than 1 per cent., and its abundance was only roughly measured. 

The value for 76 is suspect, as almost all mass-spectra taken in this region 
with an ordinary discharge show traces of a line at this point. Its origin is 
unknown and may be CS a . Other possibilities are OO a S, Si 28 OS or Si 28 0 3 . 
There is, however, no doubt that the intensity from this unknown source 
cannot be more than a very small fraction of the total intensity of line 76 when 
plenty of selenium vapour is present. 

Packing Fraction of Selenium .—In order to get a value of this constant 
methylene bromide was introduced into the discharge. It is of interest to 
record that this increased the brightness of the selenium lines to a very marked 
degree, probably by the action of the bromine ions on the selenium on the 
walls. The series of lines 78, 79, 80, 81 were now examined by the method II 
u series shift using a shift of slightly less than one unit of atomic weight 
checked by another of slightly more than one unit. The HBr lines were 
much too faint to cause any appreciable error in these measurements. The 
small intervals were estimated by means of the photometer, and although 
the slits fitted in the mass-spectrograph at the time were not fine enough for 
really accurate work, consistent results were obtained indicating that both 
Se 78 and Se 80 have negative packing fractions leas than Br 78 and Br 81 . The best 
mean value for Se 80 is —7*3 with an extreme uncertainty of ± 2. That of 
Se 78 appears to be nearer —8*0, but could not be determined so accurately. 

The packing fraction of Se 80 is of particular interest since that of Kr 80 has 
already been found to be —9*1. These form the first isobaric pair of atoms, 
the weights of which have been determined to 1 in 10,000. On the soale 
O 1 * = 16 they are :— 

Se 80 = 79*941 
Kr 80 *= 79*926. 

The difference is too near the possible experimental error to be of much 
* Vide Bakeri&n Lecture, 1 Proo. Roy. Soo.,* A, voL 115, p. 498 (1927). 
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significance, but it is interesting to note that the atom of lower atomic number 
is the heavier. 

Selenium Results . 


Mass numbers of isotopes .... 

74 

76 

77 ■ 

78 

80 

82 

Log reciprocal line intensity .. 

1*70 

0-67 

0-74 

0-29 

0 

0-72 

Relative abundance So 80 —100 

1-8 

20-0 

17-4 

60*1 

100 

19-5 

Percentage abundance . 

0-9 

9-5 

8-3 

24-0 

48-0 

9-3 


These figures give an isotopic moment of 1*49 and a mean mass number of 
79*023. Correcting this for packing fraction and change of scale we get 

Atomic weight of selenium = 78*96 ± 0*04, 
a value considerably lower than 79*2 now in use. 

Experiments with Bromine. 

Throughout the earlier work on mass-spectra no certain difference of intensity 
could be observed between the two lines of bromine 79 and 81. Accurate 
photometry has now supported that conclusion. Many plates showing the 
bromine lines have been examined photometrically from time to time, and 
though on the average the 79 line was more intense than that at 81 the difference 
was just about cancelled by the correction for position. The plates obtained 
with methylene bromide and selenium contained many spectra suitable for 
this test, and the best mean value of the difference was cancelled well within 
the probable error by the correction for position. It can, therefore, be assumed 
that the ratio of relative abundance of its two isotopes, and in consequence 
its isotopic moment differs from unity by an insignificant amount. The 
weights of the atoms on the physical scale O 10 = 16 are 78*929 and 80*926 
respectively. Combining these and correcting to the chemical scale by the 
latest factor 1*25 in 10,000 we get 

Atomic weight of bromine = 79*916 s ± 0*002, 

a value in exact accord with the one derived by chemical methods which, 
in the case of this element, are exceptionally reliable. 

Experiments with Boron . 

Boron, the lightest complex element which can be dealt with by the ordinary 
gas discharge, has two isotopes 10 and 11, so will only provide a single ratio 
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of abundance. This ratio is, however, of peculiar interest since it has recently 
been measured by a method entirely independent of the mass-spectrograph, 
namely, that of band spectra. There is also considerable evidence that it 
may vary in nature with the source of the boron. 

As the source of the rays in these experiments the same sample of boron 
trifluoride was used which yielded the first analysis in 1920 when its isotopes 
were discovered. It had been prepared from potassium borofluoride and boric 
acid both of unknown origin. The method of intermittent exposures was 
applied in several ways. Ratios of 3:1 and 4:1 were used and the ratio 
giving identical peak values of line intensity was worked out by interpolation. 
The contact maker was also set at various angles 80°, 82°, 84° and the angle 
giving the same result similarly ascertained. Two different types of plates 
were employed, half-tone on plate glass as previously used and the new Q 
variety of higher sensitivity. Both gave consistent results. The log reciprocal 
line intensity varied from 0-514 to 0*530, depending on the position of the 
lines on the plate. As these were in some cases as much as 3 cm. apart the 
correction for position, about 15 per cent., is too large for accuracy since it can¬ 
not be checked. Its application gave log abundance ratios from 0*579 to 
0*593, with a mean of 0*586 indicating a ratio of 3*85. 

The masses of the atoms of B 10 and B u have been determined with excep¬ 
tional accuracy by the mass-spectrograph to be 10*0135 and 11*0110 (O w =16). 
Taking ratio 3*85 we get for boron an isotopic moment of 0-326 and a mean 
mass of 10*805. Hence on the chemical scale 

Atomic weight of boron = 10*806 ± 0*01, 

a figure identical with that given by Stock and Kuss * The value in use at 
present is 10*82.f BriscoeJ gives values 10*817 to 10*847 depending on the 
origin of the element. From his photometrical measurements of the band 
spectra of BO (Chilian boron) EUiott§ estimates the ratio to be 3*63 ± 0*02, 
giving an atomic weight of 10*794 on the assumption that the masses of its 
atoms are as given above. 

Packing Fraction of Silicon ,—On some of the spectra obtained with Q plates 
during the work on boron fluoride a faint line could be seen corresponding to 

* * Bor. Bouts. Chetn. Ges.,’ vol. 56, p. 314 (1923). 

t Baxter and Scott, ‘ Proo. Amor. Acad. Soi./ vol. 5ft, p. 21 (1923); Honigsohmid and 
Birekenbach, ' Ber, Bouts. Chem, Ges,/ vol. 56, p. 1467 (1923). 

t Brisooe and Robinson, * J. Chem. Soo.,* vol. 127, p, 696 (1925); &«!., p. 70 (1926). 

j 4 Nature,’ vol. 126, p. 845 (1930). 
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«i mass of 9$. This was clearly Si te -|-++ and provided an opportunity for 
obtaining a provisional value of the packing fraction of Si 2s . Its first and 
second order lines at 28 and 14 are invariably invalidated by the presence 
of 00, CH # , N and other bodies. The new third order line, on the other hand, 
does not suffer from this disability, and moreover, is so close to F++ (9*5), 
a body the mass of which is known with great certainty, that approximate 
determinations can be made by direct measurement. The best values so 
far show that the packing fraction of Si 3R lies between —6*1 and —7*2 and 
can be taken provisionally as — 6*5 ± 1*0. 

Experiments with Tungsten. 

An account of unsuccessful attempts to get the mass-spectra of this element 
by means of its hexafluoride has already been given.* Success has now been 
attained by the use of the hexacarbonyl which was prepared specially for the 
purpose by Dr. A. v. Grosso, of Berlin. The procedure adopted was the same 
as that with the corresponding compound of molybdenum ( loc . tit.), but owing 
to its smaller volatility and the greater atomic weight of tungsten the effects 
were much weaker and it was only by long exposures and the use of Q plates 
that lines of satisfactory intensity were obtained. Tungsten has four isotopes 
of which the two strongest give lines of practically identical intensity. In order 
to measure the relative abundance of its constituents it was assumed that their 
photographic effect would be the same as that of the slightly heavier ones of 
mercury. The lines of the latter were, therefore, photographed on the same 
plate with a graduated series of suitably short exposures. From the known 
abundance of the mercury isotopes those of tungsten were deduced with the 
following results :— 

Tungsten Results. 


Mass numbers of isotopos. 

... 182 

183 

184 

186 

Log reciprocal line intensity . 

0-12 

0-24 

0 

001 

Relative abundance W 184 = 100 . 

... 74-8 

57-1 

100 

99 

Percentage abundance . 

... 22-6 

17*2 

30-1 

30-0 


These give an isotopic moment of 1*23. The packing fraction of tungsten 
has not been measured with accuracy, but owing to the nearness of the mercury 
lines on the mass scale it was possible by measurement of their relative positions 
to prove that they were related as whole numbers to within 1 part in 2000. 


* ‘ Proc. Boy. Soo./ A* voL 115, p. 507 (1927), 
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Adopting, therefore, a value zero for the packing fraction and correcting to 
the chemical scale we get 

Atomic weight of tungsten = 183*96. 

In good agreement with the value 184*0 now in use. 

Experiments with Antimony . 

Antimony methyl was used and gave rather more trouble than when first 
examined.* The discharge was very irregular, but fairly consistent results 
were ultimately obtained by the use of Q plates and the method of inter¬ 
mittent exposure. The ratio between lines 121 and 123 was provisionally 
established as 100 : 78*5, giving a mean mass number of 121-88 and an isotopic 
moment of 0*96. The packing fraction of antimony was not determined, but 
if we assume a value intermediate between those of tin and xenon, after apply¬ 
ing the usual correction we get 

Atomic weight of antimony = 121*79, 
virtually identical with 121*76 now accepted from chemical work. 

Experiments with Osmium . 

This element was investigated by means of its tetroxide, a pure sample of 
which was kindly supplied by Sir William Pope, It is a solid sufficiently 
volatile for use, but the effect of introducing its vapour into the normal discharge 
is quite amazing. The best analogy is that of the injection of a violent drug, 
such as strychnine, into a living organism. The ordinary mechanism of the 
discharge appears to be completely upset and only slowly recovers. No doubt 
part of this transformation is due to the decomposition of the compound in 
the body of the discharge, but in addition the vapour appears to act on the 
surface of the wax forming the joint between the bulb and the mass-spectro¬ 
graph, depositing a layer, presumably of osmium, which while fresh behaves 
somewhat like a Wehnelt cathode. The best way of minimising these objection¬ 
able properties was to admit small doses intermittently while the discharge 
was being fed with a small leak of C0 a . By means of long exposures fairly 
satisfactory spectra were obtained which showed four strong isotopes and two 
very weak ones, one of which is isobaric with W 186 . As with tungsten, the 
only practicable method of deducing relative abundance was by comparison 
with the mercury lines. 


* Aston, 1 Phil Mag., 1 vol 4fi, p. 943 (1923). 
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Peaking Fraction of Osmium .—la order to measure this advantage was 
taken of the appearance of two lines 206, 208, due to compounds of the two 
strongest constituents with oxygen. These two lines were sufficiently close 
to those of mercury for the masses of the groups to be compared. The use 
of wide slits make the measurements rather rough, but they indicate a value 

— 1 dh 2. 

Osmiun Results . 


Mass numbers of isotopes .... 

186 

187 

188 

189 

190 

192 

Log reciprocal line intensity .. 

1-60 

1-84 

0-49 

0*38 

0*22 

0 

[Relative abundance 0s l92 =100 

2-4 

1-4 

31-6 

40*8 

68*9 

100 

Percentage abundance . 

1-0 

0-6 

13-5 

17*3 

25*1 

42*6 


These give a mean mass number of 190*35 and an isotopic moment of 1*40. 
Correcting to the chemical scale we get 

Atomic weight of osmium — 190*31 ±0*06, 
a value very considerably lower than the chemical one 190*9. 

Experiments with Ruthenium . 

As soon as the preliminary trials with osmium tetroxide promised ultimate 
success, steps were taken to obtain the corresponding compound of ruthenium. 
No immediate source of supply could be found, and in the end a small sample 
was prepared by Messrs. Johnson and Matthey. This was an orange-coloured 
transparent solid which, however, tended to change into the non-volatile black 
oxide even in the dark. Its action on the discharge was even worse than that 
of the osmium compound, and the incidental difficulties attending its use are 
so excessive that it must be regarded as distinctly lucky that any useful 
results were obtained at all. The action of its vapour on the grease of the stop¬ 
cock used for its admission was so rapid that this soon jammed, making the 
delicate operation of dosage almost impossible. Another difficulty, which 
had been expected, was the occurrence on the same range of the mass-spectrum 
of the group of doubly charged mercury atoms. By the use of liquid air and 
careful washing the apparatus was freed from mercury as far as possible, but 
only on one spectrum were its lines reduced sufficiently to allow conclusions 
to be drawn that ruthenium has six isotopes with the possibility of au extremely 
faint seventh. Only a very rough estimate of relative abundance could be 
made by photometry. The following are the most probable values:— 

Mass numbers of isotopes .. 96 98 99 100 101 102 104 

Percentage abundance .... 5 \ 12 14 22 30 17 
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These give an isotopic moment of 1*44 and a mean mass number of 101*18. 
The packing fraction could not be measured but will be probably near —6. 
This gives an atomic weight of 101*1. The present chemical one is 101*7, 
but although on the best spectrum no effect at 99*5 or 100*5 due to second 
order mercury 199 and 201 could be seen, there is no doubt that the lines at 
99, 100 and 101 will have been slightly enhanced by the stronger mercury 
components 198, 200 and 202, so that a correction for this effect will increase 
the mean mass number and lessen the discrepancy. 

Mass numbers 96, 98 and 100 form isobaric pairs with molybdenum to which 
they certainly belong. There seems no reason to doubt that 96 is a true isotope 
of ruthenium, consequently confirmation of the so far doubtful Zr 96 would 
prove the existence, hitherto unknown, of an isobaric triplet. The three 
nuclei of Zr, Mo and Ru would contain 96 protons combined with 56, 54 and 
52 electrons respectively. 

Experiments with Tellurium . 

The atomic weight of tellurium is of particular interest owing to its anomalous 
relation with that of iodine which follows it in the periodic table. On this 
account it has received unusual attention from chemists. A great many 
values from 127 to 128 have been obtained and the present one in use is 127*5. 
Its analysis by the mass-spectrograph was first achieved in 1925 by anode 
rays after many abortive attempts had been made with its volatile compounds, 
including the chloride. These results suggested an atomic weight at least as 
high as 128.* The improvements in technique since that date made it worth 
while to make another experiment with the chloride, a pure sample of which 
was kindly supplied by Professor O. T. Morgan. This was vaporised in exactly 
the same way as selenium. The lines of tellurium have now been obtained, 
the previous analysis confirmed and a new faint isotope at 125 discovered. 
Some idea of the difficulty of working with the chloride can be gathered from 
the fact that photometer measurements showed the tellurium lines to be over 
1000 times fainter than those of chlorine. In addition, the decomposition of 
the compound soon made the discharge tube unworkable. The spectra were 
feeble, but several were good enough to be used for the photometric deter¬ 
mination of abundance. These gave consistent results, the most probable 
mean values being :— 

Mass numbers of isotopes. 125 126 128 130 

Percentage abundance .. 6*6 20*9 36*1 36*4 

* Aston, ‘ Phil. Mag.,’ vol 40, p. 1197 {1925), 
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These give an isotopic moment of 1*34 and a mean mass number 

128*11. 

Packing Fraction of Tellurium ,—A line of 127, undoubtedly due to minute 
traces of iodine liberated by the abundance of free chlorine, appeared on 
several of the spectra. Its absence on that showing the tellurium lines most 
strongly proves that this element does not contain mass number 127 to a 
measurable extent. Its position relative to 126 and 128 could be measured 
with considerable accuracy, and assuming the packing fraction of iodine as 
already measured —5*3, the value for tellurium is very nearly identical and* 
may be taken as — 5 ± 2. From this, correcting to the chemical scale, we 
get 

Atomic weight of tellurium = 128*03 ±0*1, 

confirming the previous estimates from mass-spectra as against the lower 
chemical value 127*5. 

Experiments with Germanium , 

Unsatisfactory work with germanium tetraethyl has been recently described.* 
It gave a hope that the tetramethyl might prove more amenable, whioh has 
now been amply justified. A sample of the latter compound specially prepared 
for the purpose of Professor L. M. Dennis, of Cornell, has enabled a satisfactory 
analysis to be obtained. Germanium tetramethyl boils at 43*4° C. It was 
in consequence necessary to cool the liquid in a freezing mixture while admitting 
the vapour through the leak. Strong lines were easily obtained by the use 
of Q plates and all eight isotopes previously observedf were confirmed. The 
values of their relative intensities were arrived at exactly as with those of 
rinc. The remarks made above concerning Se 7B apply to its isobaric twin 
Ge 76 , but to less degree owing to the great strength of the germanium spectrum 
compared to other lines. 

Germanium Results. 

Mass numbers of iso¬ 
topes . 70 71 72 73 74 75 76 77 

Log reciprocal line in¬ 
tensity . 0*22 1*34 0*125 0*57 0 1*20 0*77 1*72 

Relative abundance ..56*23 4*36 72-44 26-30 100 6*45 17*87 2*00 

Percentage abundance 19*72 1*53 25*41 9*22 35*47 2*26 6*09 0*70 

* See * Proc. Roy. Soc.,' A, vol 130, p. 303 (1931). 
f Aston, * Nature,* vol. 122, p. 167 (1928). 
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These give an isotopic moment of 1*50 and a mean mass number of 72*730* 
The packing fraction of germanium has not been determined, but may be 
assumed to lie between those of Zn and Se* Subtracting 0*08 to correct 
for this and for change of scale, we get 

Atomic weight of germanium = 72*65 ± 0*05, 
a value in good agreement with the international figure 72*60. 

Experiments with Rhenium. 

This recently discovered element was investigated by means of itB volatile 
heptoxide, a pure specimen of which was available through the kindness of Dr. 
Noddack. The way in which its analysis was accomplished is an excellent 
illustration of the capricious nature of the problem of producing mass rays by 
means of the discharge tube. The substance, which is a highly hygroscopic 
crystalline solid, was first treated in the same way as osmium tetroxide, but 
although a somewhat similar disturbance of the discharge made it clear that 
doses of the vapour had entered the bulb, yet no rhenium lines were obtained. 
The solid was then introduced into the bulb itself, as had been selenium and 
tellurium tetrachloride, but notwithstanding the fact that the distillation was 
made so copious that a visible layer was formed on the glass walls, still no lines 
could be seen. At this stage work on the element was abandoned as quite 
hopeless and preparations were made to proceed to the next. By a piece of 
remarkable good fortune this happened to be gold which it was intended to 
attack by means of its slightly volatile chloride. This compound gives off 
chlorine when heated and as previously it had been noticed that the presenoe 
of a halogen gas often stimulated the appearance of lines otherwise faint, it 
was considered just worth while to make one trial with it before the rhenium 
oxide deposit had been removed from the walls. This procedure was successful 
beyond all hopes. Although no lines of gold were visible the rhenium doublet 
appeared in great strength and was repeated 16, 32 and 48 units higher as ReO, 
ReO a and ReO a , in this way providing unusually convincing evidence of its 
isotopic constitution. 

The fact that it consists of isotopes 185 and 187 was expected from the general 
rule that complex elements of odd atomic number (above 9) consist of two odd 
mass numbers two units apart, but it is of interest as being the first odd element 
analysed in which the heavier constituent is the more abundant. The ratio 
-of this abundance was established photometrically, by analogy with the 
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mercury lines, to be 1*62, The favourable position of line 208 due to Re 187 0 
among those of mercury enabled an estimate of its packing fraction to be 
obtained with comparative ease. This appears to be — 1 ± 2, the same as 
that of osmium with which it shares the isobar 187. From these measurements 
after making the usual corrections we get 

Atomic weight of rhenium = 186-22 ± 0*07, 
showing good agreement with HonigsohmkTs latest value 186*31. 

Experiments with Chlorine . 

During the work with the chlorides of tellurium and gold photometric 
measurements were made on the Cl and HC1 lines. These were undertaken 
more as a test of the method than to check the chemical atomic weight which 
is one established with the highest certainty. Except that its lines can easily 
be produced chlorine presents the worst features for photometric determination 
of atomic weight. The ratio of abundance of its constituents is too high for 
accurate photometry but not high enough to red uco the effects of such inaccu racy 
on the mean atomic weight. A further and even more serious uncertainty is 
caused by the wide spacing of its lines which introduces, as in the case of boron, 
a relatively enormous correction for position. A number of plates were taken 
by the method of intermittent exposures. The Cl pairs and the HC1 pairs were 
both used in the measurements and final values ranging from 3 • 0 to 3 • 1 were 
obtained. The masses of the chlorine atoms calculated from their packing 
fractions and corrected to the chemical scale are 34*978 and 36*975. Com¬ 
bining these to give the chemical atomic weight 35 *457, we get a higher ratio 
3*18. Owing to the uncertainties in the photometrical calculations the 
discrepancy is not regarded as of much significance, but as this ratio may be 
measured by some more reliable direct method these results are considered 
worth recording. 

General Conclusions . 

The measurements given above for eleven elements supply 96 ratios to add 
to the 175 already determined, but the discovery of simple relations between 
them seems as far away as over. Tabulation has so far failed to show any 
doser groupings than would be expected from pure chance. 

Comparisons between the atomic weights determined and those derived 
from chemical work are of great interest. A reasonable degree of agreement 
can be claimed for bromine, tungsten, antimony, germanium, rhenium and 

VOL. OXXXU.—A. 2 K 
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chlorine, and the discrepancy in the case of ruthenium ia attributable to the 
difficulties connected with the presence of mercury already referred to. In 
the case of selenium, tellurium and osmium the discrepancies are serious and 
make a revision of the atomic weights of these elements by the best modern 
methods highly desirable. In this connection it is to be noted that support 
for the value obtained by mass-spectrum photometry as against that pre¬ 
viously accepted has already been obtained in the case of krypton* and xenon.f 
In conclusion, the author wishes to express his thanks to the chemists who 
have so kindly supplied the specimens for analysis and to the Ilford Company 
for their co-operation in connection with the photographic plates employed. 


Amended Table of Isotopes, 


Element. 

Atomic 

number. 

Atomic 

weight. 

1 

Minimum 
number of 
isotopes. 

1 

Mass numbers of isotopes 
in order of abundanoe. 

Bu . 

44 

101*7 

(7) 

4 

102,101, 104,100, 99, 96 (98) 
128, 130,126,125 

184, 186, 182, 183 

Te . 

52 

127*5 

W ... 

74 

184*0 

4 

Be . 

75 

186*31 

2 

187,185 

192,190,189,188,186,187 

Os . 

76 

190*8 

6 



/Summary. 

Measurements of the relative abundance of isotopes by means of the photo¬ 
metry of their mass-spectra have been extended to eleven more complex 
elements. Methods previously described were employed and supplemented 
by the use of a new and more sensitive type of photographic plate. 

In the course of the work twenty new isotopes were discovered, including 
those of tungsten, osmium, ruthenium and rhenium. The values of many 
new packing fractions have been determined, including incidentally that of 
silicon. 

Of the atomic weights calculated the majority are in agreement with the 
accepted chemical values, but in the case of selenium, tellurium and osmium 
the discrepancies are serious and render a redetermination of these three atomic 
weights desirable. 

* H, TL Watson, • Nature/ voL 127, p. 631 (1931). 

t Whytlaw-Gray, H. S. Patterson and W. Cawood, * Nature/ vol. 127, p. 970 (1931). 







Effect of Variation in Density on the Stability of Superposed Streams 

of Fluid . 

By G. I. Taylor, F.R.S., Yarrow Research Professor. 

(Received April 7, 1931.) 

§ 1. The chief part of the work described in this paper was done in 1914 
and formed part of the essay for which the Adams Prize was awarded in 1915. 
During the war years it was laid aside, and since then I have delayed publica¬ 
tion, hoping to be able to undertake experiments designed to verify, or otherwise, 
the results. Lately, however, Mr. Goldstein has told me that he is engaged 
on similar problems and he has encouraged me to publish the work without 
waiting for experimental results. 

It is well known that when the wind near the ground drops at night owing 
to the cooling of the ground, the wind at a higher level frequently remains 
unchanged so that the effect of a decrease in density with height is to enable 
a large velocity gradient to be maintained. This implies that the turbulence 
is suppressed or at any rate muoh reduced by the density gradient. To the 
mathematician this at once presents the problem of the stability of a fluid in 
which the density and velocity vary with height above the ground, regarded 
as a horizontal plane. 

It is a simple matter to work out the equations which must be satisfied by 
waves in such a fluid, but the interpretation of the solutions of these equations 
is a matter of considerable difficulty. 

An attempt in this direction is made in § 2 where the stability of a fluid of 
variable density p » p 0 e~^* moving parallel to the horizontal axis of x with 
a uniformly increasing velocity U = U 0 + az is discussed, z measures the 
height above the horizontal plane where the velocity is U 0 and the density 
p 0 . It is shown that if a 2 < 4 g$ progressive waves can exist in the medium, 
but if a a > no waves either progressive or exponentially unstable can exist. 

The difficulty of solving the equations of motion of a fluid of variable density 
and velocity in any but the simplest cases leads one to consider problems of 
a more artificial nature which might perhaps be completely soluble while at 
the same time retaining some of the dynamical characteristics of the problem 
outlined in § 2. The wave systems and stability of the surface of separation 
of two superposed homogeneous fluids which move with relative velocity are 
well known. Such a system is always unstable, but with a given relative 

2 k 2 
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velocity XJ 2 — U x and a given ratio of densities p a /p x only waves whose wave¬ 
length is less than 2np x p 2 (U 2 ~ Ui) s /0(Pi 8 — pa 2 ) 8X6 unstable. Longer waves 
are propagated at a constant speed and with constant amplitude. 

It will be seen that there is no limit of stability, the motion being unstable 
for all values of U 2 — XJ V The stabilising effect of the density distribution is 
insufficient to stabilise short-length waves even at very small relative speeds 
of the two fluids. It seems, therefore, that there is a difference in regard to 
the type of condition of stability between fluids in which the velocity and 
density vary continuously and those in which both of them are discontinuous. 
It appeared to be of interest therefore to consider the stability of a fluid whose 
velocity varies continuously while its density varies discontinuously. The 
first problem of this type attacked was that of two fluids of density p x and p 2 
moving with velocities U x and U 2 separated by an intermediate layer of thick¬ 
ness A of intermediate density p 3 in which the velocity varies continuously 
from U x to U 2 (see § 3). 

The waves in this system are investigated and in one particular case, that 
of two fluids whose densities are in the ratio 2 :1 separated by a layer of inter¬ 
mediate density the complete set of waves for all possible values of U 2 — U a 
is worked out and illustrated by curves. It appears that for any given value 
of U B — V v there is always a range of wave-lengths in which the flow is un¬ 
stable, but as the wave-length diminishes the effect of the transition layer is 
to make the flow stable again for very short waves, which in the discontinuous 
case become more and more unstable the shorter the wave-length. In the 
case when U a — U x is small, the small range of unstable waves centres round 
the particular wave which is such that a backward-moving wave at the upper 
surface regarded as existing at a discontinuity of density in a fluid all of which 
is moving with speed U 2 exactly coincides in velocity with a forward-moving 
wave at the lower discontinuity of density regarded as existing in a fluid 
moving with velocity U 1 . The instability may therefore be regarded as being 
due to a backward-moving free wave at the upper surface of separation forcing 
a forward-moving wave at the lower surface of separation when the velocity 
in space of the two waves coincides. 

The next case investigated is that of three superposed fluids in which the 
velocity increases with height at a uniform rate a throughout, so that there is 
no discontinuity of velocity gradient. The limiting case when the thickness 
A of the intermediate layer tends to become infinitely small and the change in 
density also infinitely small is discussed in § 4, If (JpA is the change in density 
at each of the two surfaces, then the motion is stable or unstable according 
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as «*/?(} is < or > 2*0. This may be compared with the continuous case 
where the criterion separating cases where waves are possible from cases where 
they cannot exist was found to be a 2 /^(3 — 4. 

The case of four superposed fluids was next solved. In this problem the 
small change in density at each interface was (IpA, the two intermediate layers 
each being of thickness h and the rate of increase in velocity with height 
constant throughout and equal to a. The criterion for stability is then 
a z jg$ <2*11, This is slightly greater than the criterion for three fluids and 
it seems possible that if the number of layers were increased indefinitely the 
criterion a % jg$ < 4 might be found. 

If this were true one might be tempted to suppose that limiting case of a 
large number of superposed layers of fluid is identical in regard to its stability 
with that of a fluid of continuously varying density. This is not the case, 
however, for unstable waves cannot occur in the contbmous case when a a > 4 
The stream lines appropriate to the case of neutral stability for the super¬ 
posed layers are shown in fact to be of a type which depend essentially on 
uniformity of density in the immediate neighbourhood of the layer where the 
wave velocity coincides with the undisturbed velocity of the fluid. 


§ 2. Waves in a Fluid when the Density and Velocity vary with Height . 


We will assume that the undisturbed flow is in the direction of the axis of 
x and that the velocity U is a function at first undefined of z , the height. If 
p t is the density in the undisturbed fluid at height z it will be sufficient for our 

purpose to assume a variation in accordance with the equation ^ » — (Jp x 


or p x = p 0 e~**. The velocity components of waves in this system may be 
written 

ii = U*f ttC, V = vz, w = wz, (1) 


where t is and u, v, to are functions of z only. The equation of 

continuity is 


du> 

dz 


+ + US ssz 0. 


( 2 ) 


Since the density remains constant at points which move with the fluid 

D 

UJ (p) « 0 and writing p — Pi + p* this gives 

-«rp + tU*p + «&l=0. 


(3) 
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If the pressure is zero at z = oo the undisturbed pressure pi is 

The pressure at any point is p = pi + pe and the pressure equations are, to 

the first order of small quantities 



Eliminating p, u, v, p from the five equations (2), (3) and (4) and the equation 
for 5 is 


«Pt£ 


-»*+* 



1 gu 


(«* + J«) 



= 0 . 


( 8 ) 


In the case of a fluid of uniform density for which (3 = 0 this reduces to 


d?w 

dz* 



+ K*+P 



When l = 0 so that the motion is confined to the plane xz this reduces to the 
equation given by Lord Rayleigh in his discussion of stability of fluid motions. 

Case where U = «z. —In the case where the velocity increases with height 
at a uniform rate to that dU/dz = a we may take the origin at the height 
where the velocity is zero so that U = az. 

Writing w =/e w * (5) becomes 


dz* 


«* + l* + iP* 


9t[ 1+g) _ 


i* 


= o. 


( 8 ) 


We may now limit our objectives still further by supposing that the wave¬ 
length is small compared with p _1 (i.e., k is great compared with |3) and we 
may further suppose that k is small compared with g/a}. Under these 
circumstanoes Jp* may be neglected compared with k* -j- 1*. 
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When is of the same order of magnitude as a*, ** is of the same order of 
magnitude as 


jfp 1 


£)/(-£ 


provided z ia comparable with a wave-length. For values of z of this order 
the term 


Pa 




is small compared with while if a z — <j/k becomes very small the term 


becomes very great compared with 

(3a 


WM)’ 




Hence the last term in (6) may be neglected and the equation for / becomes 

*»(*+&) 


dji 

ds t 


f< ** + **■ 




( 7 ) 


Writing z' for z — — and then / = hz i , (7) becomes 
out 

g + ||.-(«* + ‘*)» + {^( 1 +^)-l}^-0- (8) 

This is the equation for Bessel functions of order v where 

Taking the case when l = 0 so that the motion is confined to the plane xz 
the general solution of (8) is 

where B„ represents any linear combination of two independent solutions, 
Bessel’s equation of order v and the vertical component of velocity is 

w B# (s — e ls> B,l^KZ — ^ e > («•-««_ 


(9) 
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It will be noticed that there are two very different types of solution according 
as a 2 is > or < 4$r(3. In the former case v is real and in the latter it is imaginary. 
These may be treated separately. 


a 2 > 4 

If a 2 !> 4 gfi then v is a real number such that — £ <C v K, + £• 

To find waves which could exist when the fluid is contained between two 
horizontal planes it would be necessary to find two values of z for which 

B,t (kz — - j vanishes, i.e. t writing £ = t (kz — to find two zeros of B„ (£) 

having the same real part. 

It seems unlikely that it is possible to do this when — | < v < + but to 
prove the existence or non-existence of zeros of Bessel functions is not an easy 
matter. 

Case of Fluid of Variable Density Bounded by a Horizontal Plane and 
extending to Infinity. —The only case in which I have been able to obtain a 
definite result is when the fluid extends to infinity either upwards or downwards. 
In this case we must use the solution of Bessers equation which vanishes 
when z tends to infinity near the imaginary axis. Taking the case when the 
lower boundary of the fluid is a horizontal plane, the Bessel function which 
vanishes at infinity in the half plane defined by 0 < arg C < w is H„ (1J (£).* 
Hence any wave disturbance, whether stable or unstable, which vanishes at 
z zzs -f oo must contain as a factor H„ (U (Q, where £ lies on a line in the £ plane 
which is parallel to the imaginary axis and at a distance from it equal to 
— a” 1 1 (a) where tl(cr) represents the imaginary part of <r. This line extends 
to oo in the positive direction so that the whole of it must therefore lie in 
the out of the £ plane defined by — < arg £ < $ir. 

The condition which must be satisfied at the horizontal plane which forms 
the lower boundary of the fluid is H„ a> (£) = 0. Hence the problem of finding 
wave disturbances reduces to that of finding zeros of H, a) (0 in the cut of the 
£ plane defined by — < arg £ < ^7r. If this has a positive real part cr 

has a positive imaginary part and the disturbance has an exponentially 
increasing time factor. A zero which lies on the imaginary axis corresponds 
with a translational wave. 

It can be proved that when — | < v < (£) has no zeros in the cut 


* Bessel function of the third kind. See Watson** “ Bessel Functions,” $ 3.6. 
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— frc < ar g ^ < fit for it is known that the function K„ (Q has no zeros in 
the cut defined by — n < arg £ < n* and since 

K„ 

H„ (1) (ify has no zeros in the cut — n < arg £ < 7r. Hence H„ a) (0 has no 
zeros in the cut — frc < £ < fra. 

We have therefore proved that when a 2 < 4y(3 no waves either stable or 
unstable can exist when the fluid is bounded by a horizontal plane and is 
unbounded upwards. The same result applies to a fluid bounded by a 
horizontal plane at the top so that the result may have some bearing on 
oceanographical problems. 


a 2 < 4 g$. 

When a 2 < so that v is imaginary the problem of the stability 
and wave systems of a fluid bounded by horizontal planes depends, as in 
the case when v is real, on the possibility of finding suitable zeros of the 
Bessel function (w <z — i o/a). In order that a wave system either stable or 
unstable may exist in the fluid contained between two planes z « z x and 
z «= z % , it is necessary that B v (^) = 0 and B v (£ a ) 85=5 0> where = it<z x — toa“ x , 

w %kz 2 — Since z x and z a are both real, and £ a have the same real 

part, namely, ioC x times the imaginary part of or so that in order that a wave 
may exist it is necessary to find two zeros of B„ (£) with the same real part. 
Whether it is possible so to choose the ratio of the two (complex) constants 
contained in B k (Q so that this may be possible is a mathematical question 
which I cannot answer. If it were possible to find a pair of such zeros the 
amplitude of the vertical component of velocity would be proportional to the 
modulus of C* (£), £ lying on the line parallel to the imaginary axis 
of the £ plane which passes through and £ a . 

In the case when only one boundary z = z x exists and the fluid extends to 
+ oo the function B„ (0 must vanish at ^ — ucz x — tooT 1 and at infinity on 
the positive part of the imaginary axis. The function which satisfies this 
latter requirement is, as before, H„ a) (£), but little knowledge of the zeros of 
this function when v is imaginary seems to exist. If a complex root of H„ (1) {£) 
could be found in the part of the £ plane defined by — < arg £ < $ 7 r then 

unstable waves would be proved possible. 

So far I have been unable to find any real or complex zeros of H„ a> (£). 

• See Watson's (< Bessel Functions,” § 15.7. I am indebted to Professor G. N, Watson 
for pointing this out to me. 
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On the other hand, it may be shown that H„ u) (£) has an infinite number of 
zeros on the imaginary axis. To prove this first express H, al (Q in terms 
of the Bessel functions J„ (£) and J_„ (£), then substitute the power series for 
J„ and J_„ thus :— 
i sin v7tH„ U) (Q 


J-rK) 

(Kr( 


2 _ (M 




ML 


r(i-v) 1 • r (2 — v) i-2-r(3~v) 

i flS£. 4 - —USE 




‘(* 0 - 


ir(l + v) 1 • r (2 + v) l-2T(3-v) 

writing v = ip and £ = i!; so that p and $ are real numbers 

(££)~ v = an( j i e W e Wog(U> 

so that (10) becomes 
-~sinhpuH v (1, (0 


.)■ (10) 




I log it / 


1 


+ 


JE>! 


m 


'r(i-»» T i-r(2-»|i)^i-2r(3-t|jL) 


. e -c M l0g it 


1 


mi 


r(i + in) i-r( 2 +i|i) i *2 r(3 + »pl) 


...) 


JiSL 


(ii) 


If n is a real number the real part of F (n + ip) is equal to the real part of 
T (w — ip). The imaginary part of F (n + ip.) is equal in magnitude but 
opposite in sign to the imaginary part of F (n — ip.). Hence when £ is a pure 
imaginary H, 1 (£) is a pure imaginary. It is equal to 


1 (£) 2 = iel* 1 " cosech ptt 


sin ((x log $5) (r 




+ COS 


(RiogH){i 



1 1 

r 1 “* r ( 2 +»p) 

+ ^R 

n 1 • I 

1*2 

r(s+»^)/ 

i <H)*i 

i 

i 

r(2+*>j 


_ i 

1 1-2 

r(3+»p)Jj 


where R yrA ■ \ represents the real part of ■ *.. : t and tl _, * . 

l(w + t ( i ) x r ( n + tp ) r (» + tjjL ) 

is the imaginary part. 


(12) 
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When % is small (£) is proportional to sin (p. log £5 -f s) where t is the 

i 

argument of - - t . As^O, (xlogji;-* — oo,sothatsin((ilogi5 + *) 

changes sign with increasing rapidity as % “* 0. There are therefore an infinite 
number of zeros of H„ <1) (£) on the imaginary axes of the £ plane. 

If — i£ t and £ 2 ss= i£ 2 are two of these zeros then rigid horizontal planes, 
may be placed at heights 

*1 = §» + -, * s = ^ + - (13> 
K KOL K KCL 

without affecting the flow, so that if the fluid is contained between parallel 
planes distant b apart, waves defined by $i — £ a = *6 can be propagated, 
and since from (13) a must be real they are not unstable waves. The wave 
length corresponding with the zeros x and 8 of H„ a> (£) is therefore 

- W. 

It appears therefore that for any given value of 6 a series of wave-lengths 
can exist. In the case of a fluid bounded by only one plane and extending to- 
infinity on one side of it, waves of all lengths can be propagated. 

§ 3. Waves and Stability in Two Superposed Fluids Separated by a Layer of 
Intermediate Density in which the Velocity varies continuously from that 
of the Lower Fluid to that of the Upper Fluid . 

Two Superposed Fluids without Intermediate Layer, —In the case of two super¬ 
posed fluids of densities p x and p 2 with no intermediate layer, moving at speeds 
Uj and U a the possible waves and conditions of stability are well known, but 
it will assist in making clear the more complicated cases of three fluids which 
are discussed later if the solution of this simple problem is presented in the 
form adopted in the later work. 

Assuming that the velocity components of the disturbance of wave-length 
2rc/#c contains a factor the period equation for <r can be shown to be* 

Pi (a — kUj) 8 + p, (<T — *u a ) 8 = gK (p, — p 2 ). (14> 

For stability o must be real and for instability it must be imaginary or 
complex. The ranges of values of U x and U a for which the motion t is stable or 
unstable can easily be discussed analytically, but they can equally well be 
disoussed graphically, with the advantage that the whole system of all possible 
progressive waves can be represented on one or more diagrams, and the effect 
* See Lamb's “ Hydrodynamics," 4th ed„ p. 860. 
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of any given change in the conditions can be seen at onoe without further 
analysis. This method also throws into relief the relationships which exist 
between the various types of wave. Writing 

u, —- = Uj\ U 2 -? = U 2 ' 

K K 

(14) becomes PiIY* + p a U 2 ' 2 — p 2 ). (IB) 

Suppose that the relative velocities of the two streams is V so that 

V = Uj — U a =s Uj' — u a \ 

then substituting U/ — V for U a ' in (15) a quadratic equation for U/ is 
obtained and its solution gives the two possible values of U/ for a given 
value of V. To find whether these are real or complex the following 
graphical method may be used. Taking 

l = u x ' V‘2K/g, 7] = U 2 ' V2*lg 


as rectangular co-ordinates the ellipse 


(—a —\ -f ( —£a—^ = 2, which represents (IB) 

\pl p a / Xp! - pjj/ 


(16) 


\?l - Pa 7 
is drawn as shown in fig. I. 

For any given value of V, £ and 7) must be on the line £ — y) = V V2#c/j. 

This line is drawn on the diagram at 45° to the axes, 
and if it cuts the ellipse, the two points of intersection 
(AB, fig. 1) correspond with particular values,of £ and 
>), which are two possible solutions of the problem. On 
the other hand, if the line does not cut the ellipse then 
since, analytically speaking, there must be two points 
of intersection, the two solutions must involve complex 
values of £ and 7). Hence when the line 

£ — tj = V V2 Kjg 

does not cut the ellipse the corresponding wave system 
is unstable. The maximum value of V for stability when the line touches 
the ellipse corresponds with a wave-length 



2* « JZEffP iPi . 
* 9 (Pi 2 -?,*)' 


(17) 
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It will be noticed that when V is given this method does not determine the 
real part of o, in fact this is necessarily indeterminate because an arbitrary 
velocity may be given to the whole system without altering V, the relative 
velocity of the two layers. The addition of an arbitrary velocity, W, to the 
whole system corresponds with a change in <r equal to kW. 

Three Superposed Fluids. — The conditions assumed in the case when the 
velocity changes continuously in a layer of thickness h from TJ V at the top of 
the lower fluid, to U 2 at the bottom of the upper fluid is shown diagram- 
matically in fig. 2a. 



Fig. 2a.— -Velocity diagram for Fig. 2b.— -Velocity diagram for 
problems of § 3. problems of § 4. 


The densities are p t , p 8 , p a and pi > p 3 > p 8 * 

Taking the axis of z vertical and x horizontal the velocity components of 
waves in this system are :— 


Upper fluid p 2 . 

== U a + 

= fCe“" 

Intermediate fluid p 3 . 

u 3 « V x + a* + (- B^* + BrfT") 

v, == i (B^* + BgC - **) 

Lower fluid p v 

t*! = U, - Ae'* e* 

v t = 


(18) 


where U, — U x = xh, so that « is the rate of increase in velocity with height 
in the intermediate layer. 
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In order that these may be geometrically consistent at the bounding surface 
the following conditions must be satisfied 

B, + B a = A | 


B x e Kh + B 2 <r 


(19) 


The pressure conditions at the surface of separation may be found as follows : 
If 0 is the inclination of the surface to the horizontal, then at the lower surface 
of separation 

0 — { ?lJ~ & <**-"*> 

U, 


a 

K 


The pressure at each of the surfaces of separation is continuous, so that if 
p t is the pressure at any point in the lower fluid and p 3 that in the intermediate 
fluid 


& +A. 

ox oz ox oz 


( 20 ) 


The equations of motion, namely 




§Ei 

dz 


fdv i , dv x , 

Pl(^ + w i a^ + v l^)' 


( 21 ) 


■9Pi 


dt 1 dx 1 dz 1 
give values of dp i /dx 1 dpjdz which may be substituted in (20), To the first 
order of small quantities the resulting pressure condition at the lower surface 
of separation becomes 


<B X + B t ) 


Pi* 


U x —g)+p 3 a- liP l ~M^ i 




~ (®i — B g ) p^ic (u, — =s 0 

( 22 ) 


And at the upper surface of separation the pressure condition is 


(Bje** + B a <r**) 


— p 3 ot 


9 (Pa Pi) 

u»-- 


+ W (u, - 1) (B lC «» - Bge - **) = 0. (23) 

B i + - 
+ BjC" 


— W\ 

e -*h sas A J 


Writing 



511 


Stability of Superposed Streams of Fluid. 

it will be found that 

B* — B a as* b % cosech kK — b x coth kAI 
and >. (24) 

— B g e“** — b % coth kA — cosech kA J 

Substituting these in (22) and (23) 6 X and b 2 may be eliminated. Writing 

\ kJ g \ k) g 

the resulting equation for determining a is 

p„® {;*kj* cosech® kTi = jj? (pi — & + p 3 coth kK\ + &^ — 2 (p x — p 8 )J 

x [y( p * — ft +pa coth Kh ) + ^ — 2 * ps—p *0' ( 25 > 

Coae of Uniform Density . 

The stability of a fluid of uniform density which has the distribution of 
velocity represented in fig. 2 a has been discussed by Lord Rayleigh. Putting 
p x a p # = p 3 in (25) the equation becomes 

(£Z + tq) (r\l + 5) = &Q k 2 A 2 cosech 2 kA, (26) 

where l is written for kA — 1 + kA coth kJi. It can be shown that equation 
(26) can be satisfied by real values of 5 and y) provided (kH — l) 8 , 

t.e., provided *A > 1-3. 

The motion is stable or unstable according as cr is real or complex, i.e., 
according as £ and t) are real or complex. Hence the motion is stable or un¬ 
stable according as kA is greater or less than 1*3. This is Rayleigb/s result. 

From this result it appears that when the density is uniform the effect of a 
transition layer is to cause the long waves to be unstable while waves of wave¬ 
length less than 2 ttA/ 1 -3 are stable. The effect of a discontinuity in density 


Table I. 


kK 


F.W- 

10 

0*457 - 0*467 cob 40 + 0-187 sin 40 + l*48sin20 

1-97 + 0-Boos 20 + l-6tin20 

1*6 

0*602 — 0*592 oos 40 + 0*117sin 40+ 1 *025 sin 20 

2 18 + 0 0 006 20 + 0-04 sin 20 

2*0 

0*683 -0*683 oos 40 + 0*094 sin 40 + 0 • 864 sin 20 

2-31 -+- 0-6 oos 20 + 0-70«in 20 

3-0 

0*793 — 0*793 oos 40 + 0*062 sin 40 + 0*628 sin 20 

2-51 + 0-5 oos 20 + 0-00 sin 20 


when there is no transition is to make the long waves stable while the short 
waves are unstable. The answer to the question whether when the two effects 
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are combined there are any cases when the flow is stable for all wave-lengths 
must be contained in equation (25). 

Complete Analysis in a particular case .—To get some idea of the meaning of 
(25) particular ratios of the densities have been chosen, namely, p x = 2pg, pa 
=s | p a , and the corresponding real values of £ and r\ for several values of kJi have 
been calculated from (25). Putting £ = r cos 0, tj = r sin 8 (25) becomes 


Jr 4 cos 2 0 sin 2 0 cosech 2 t<h 

= 11 — r 2 cos 0 

{ 


2 Kh 


X 11 — r 2 sin 0 


+ l coth Kh ^ cos 0 + sin ©J j 

1 ~ 'ich +f coth Kh ) 8in 0+ 2^ 008 e ]} • 


This may be written in the form 

r 4 F 1 (0)+r ! F 2 (0) + 1 - 0, 


where 
Fi(0) = 


2*k 


+ 1 coth Kh ) (1 


2 Kh 


+ 


4#c*A* 


+ f coth kJi) 

J cosech 2 Kh J — 


cos 40 


8 


+ (l- ( i-fcoth^) o8 m20 + i ^8in40 

F 2 (0) — | (l —\ + coth Kh) + ^ cos 20 + ~ sin 20 
\ kh / IkH 


(27) 


Y (28) 


Taking values of 0 at 10° intervals from 0° to 180° the values of F x (0) and 
F # (0) were calculated from these formulae. They are given in Table I for 
K h = 1*0, 1*6 and 3*0. Corresponding values of r were then calculated from 
(27). These values were set out on the polar diagrams, figs. 4, 5 and 6, and a 
series of curves were drawn through the calculated points. Each point of 
any one of the curves represents a possible wave motion. If the system is 
reduced to a standing wave system by the imposition of a velocity —<j/k to 
the whole field, then the ordinates or abscisses represent U 8 V2 k/j and U X V 2 xjg 
respectively. U tt and U x are then the velocities of the upper and lower fluids 
relative to the wave system. 

To complete the series of diagrams the sketches shown in figs. 3 and 7 have 
been prepared to show the nature of the limiting forms of the curves where 
the thickness of the layer of transition is very small (fig. 3) and very large 
<% 7). 
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In the case when tch -*■ 0 the curve degenerates to the two axes and the 
ellipse 2£ 2 + rf =» 2 , which is the form for two superposed fluids shown in 
fig. I. This ellipse is shown as a dotted line in each of the diagrams of figs. 3 
to 7. 

It will be seen that in each case the wave has an inner portion which is a 
closed curve. If k!i < 1 there is one pair of infinite hyperbola-like branches 
in the first and third quadrants, while if kH > 1*6 an additional pair of branches 
appear in the second and fourth quadrants. 

Methods of Using the Diagrams of jigs, 3 to 7. 

To find the waves which are possible when there is any given relative velocity 
V between the upper and lower fluids, the line y\ — i; == \\%cjg is ruled on 
the diagram. Each point of intersection of this line with the curve then 
represents a possible wave system. To discuss the effect of increasing V when 
the wave-length and thickness of the transition layer is supposed constant a 
series of parallel lines 7 ) — £ Y \/2k jg are ruled for an increasing series of 
values of V. 

It will be seen that for all values of kH when V is small there are four 
possible values of ^ and 7 ). As V increases there comes a time when the line 
7 ) — 5 == V y/2 kI g touches the inner closed branch of the curve. This line is 
shown in fig. 4 touching the inner branch at A. For slightly greater values 
of V the line yj — ^ = V V 2 k jg cuts only the branches in the first and third 
quadrants. 

Since the substitution vj = \ + V V 2k/ g in (25) yields a biquadratic for \ 
which has four roots, and since all the possible real roots are found by the 
graphical method given above, one may legitimately infer that when the line 
yj — £ as V V 2 Icjg outs the curve in only two points there must exist also two 
complex roots corresponding with the particular value of V concerned. Since 
one of each pair of complex roots of (25) corresponds with an exponentially 
increasing disturbance (the other corresponding with an exponentially 
decreasing disturbance), the diagrams afford a ready method for testing 
whether with any particular relative velocity of the upper and lower layers 
the flow is stable or unstable. It is merely necessary to draw the line 
7 j — £ = V Vifc/g on the diagrams and see whether it cuts the curve in two 
points or four. In the former case the motion is unstable while in the latter it 
is stable. 
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Effect of Increasing the Thickness of the Layer of Transition when Wave-length 

is Fixed . 

Drawing lines at 45° to the axes on the diagrams of figs. 5, 6 and 7 so that 
they touch the inner closed curve in each case 1 find that when 

k% = 0 the motion is stable when V < 1*75 Vgfix 
t<h =s ] „ y t V <1*53 \/gfix 

kA = 1*0 „ „ Y<l-47Vjr/Sc 

«A = 13*0 „ „ v<i-3V5yST 

and as 

*h-+<*>* „ „ V<M«7V^ 

The effect of an increasing V beyond this limit depends on whether kA is 
above or below a certain value which lies between 1*0 and 1*6. Thus when 
tch sss 1 * 6 1 find on drawing the tangent CD, fig. 5, that the motion is stable 
provided V > 3 • 3 Vgfix, In the same way I find from fig. 6 that for xh = 3 * 0 
the motion is stable if kA> l*§Vgfix- 

it appears therefore that when xh is > 1 *6 there is a limited range of values 
of V sar u a — V x for which the motion is unstable. For values of V outside 
this range, on either side of it, the motion is stable. When xh < 1 this range 
is limited on one side only, all values of V above a definite value corresponding 
with possible unstable motions. 

The stable waves which are possible when xh is greater than some definite 
value (which is less than 1*6 but greater than 1*0) evidently correspond with 
the stable waves discovered by Hayleigh for the case of a fluid of uniform 
density when *A> 1*3. It is curious that the effect of a stratification in 
density gives rise to unstable waves for certain velocities when the same waves 
in a homogeneous fluid would be stable. 

Comparison with Mr- Goldstein's Results . 

The problem treated graphically by means of the curves of figs. 3 to 7 has 
been treated more analytically by Mr. Goldstein, who expresses his results in 
terms of a number n which in the notation here employed turns out with the 
densities assumed in the present case to be equal to §xh (g/xV*) 9 

The limit ing values of V V%*lg obtained from the stability diagrams of 
figs. 4, 5 and 6 may be used to give the limiting values of n consistent with 

•1*167 - V2/5+ 


2 l 2 
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stability. These have also been calculated from Goldstein's formulae and the 
results compared in Table II. The differences are no doubt due to errors in 
the graphical method which is not very accurate for obtaining numerical 
values, but has the advantage that the solution of the problem can be viewed 
as a whole in a stability diagram. 


Table II.—Limiting Values for Stability of n = (<?//cV 2 ). 


nh. 

Upper limit. 

Lower Hindi. 

Stability 

diagrams. 

Goldstein’s 

analysis. 

Stability 

diagrams. 

Goldstein’s 

analysis. 

10 

0-67 

0*66 

0 

0 

1*6 

0*90 

0-96 

0-2 

0*26 

3*0 

23 

21 

11 

1*8 


In the limiting case when xh becomes very great so that the thickness of 
the layer of transition is many times the wave-length the curves degenerate 
into the two pairs of lines 2 ; = ± (f)*, 73 = ± (£)*, except close to the 
points (C and D, fig. 7) where these lines intersect and there they are inter¬ 
connected in the manner shown in fig. 7. 

If a line such as AB, fig. 7, is drawn at 45° to the axes so that it passes 
near one of the points of intersection C or D, it will cut the curve in only two 
points (A and B, fig. 7). There is therefore a small range of values of V 
near that corresponding with the points 5 = + (|)*, 73 =* — ($)* and 
5 = — (f)*> 7 ) «= + ($■)*, for which the flow is unstable. The value of V is 
here {#/7 k)* + (g( 5k)*. It will be noticed that is the velocity of a free 

wave at the lower surface of separation regarded as existing in fluids at rest, 
while ( 0 / 5 *)* is the velocity of a free wave at the upper surface of separation, 
so that the unstable range of relative velocities is a very narrow one in the 
immediate neighbourhood of the relative velocity for which the backward- 
moving free wave at the upper surface of separation moves at the same speed 
as the forward-moving wave at the lower surface of separation. Thus the 
instability might be regarded as being due to a free wave at the lower surface 
forcing a free wave at the upper surface when their velocities in space 
coincide. 
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Stability of Flow when all Wave-lengths are considered. 

Up to the present we have considered only waves of a given length. To 
examine the ranges of stability when the thickness of the layer of transition 
is given but not the wave-length, the same system of diagrams may be used 
but the oo-ordinates must now be regarded as 

5 = (Ui-f) V^lVtih, ■/) — (uj l) V^h/Vyh- 

To trace the stability of waves of different lengths therefore lines 

ri - l = W^h/Vigh 

must be traced on successive diagrams for a given value of V. As tch 
increases these lines recede from the origin so that however small V may be 
there is some large value of kH for which the flow becomes unstable. 


Case when the Changes in Density and the Thickness of the Layer of Transition 

are Small. 


In order to afford some scope for comparison with the case when the density 
and velocity changes continuously, we may take the limiting case when #c& 
is jamall and p x — p 3 == p 8 — p* == Ap is small. Since 


and 


Lt 1-7 + coth Kh) = 1 + 0 (tch) 

«A-+o' Kfl ! 

Lt (cosech® *A) = {1 + 0 (A 3 )}, 

hA—► o K h 


(25) may be written 

{5‘(Ap + P8 ) + ^f 


2Apj ■{■»)*(— Ap + Pa) +^Pa ~2Ap| 


2a! 

K*h* 


= 0 . 


(29) 


The coefficient of k~‘ A - * vanishes identically. In the limit where kK-+ 0 the 
coefficient of A -1 must vanish, henoe 


e (P8 + Ap) + rf (— Ap + p 3 ) — 4 Ap = 0, 
and since Ap may be taken as small compared with p 3 this is 

+ — 4(Ap/p 8 )=0. (30) 

The maximum real value of 7) — 5 = V V%k Ig consistent with (30) is 2*Ap*p # ~ l , 
so that the maximum value of V s for stability is 4^Ap/xp 3 . Remembering 
that the difference in density between the top and bottom fluids is 2 Ap, it will 



618 


Gk t Taylor. 

be found that this agrees with the result quoted in f 1 for the maximum velocity 
consistent with stability in the case of two superposed fluids when there is a 
discontinuity of velocity at the surface of separation* 

Writing (1 for Ap jhp 9 and a for the condition for instability may be 
expressed in the form 

oc 2 !> 4yP/icA. (31) 

§4* Stability of Three Superposed Fluids when there is a Uniform Rate of 
Increase in Velocity with Height through the whole System . 

In the problem now to be discussed the lower fluid of density p x extends from 
2 = 0 to z = — oo t The middle fluid p 8 occupies the layer between 2 = 0 and 
z =* h and the upper fluid p 2 extends to 2 = + 00 , The whole system has 
a velocity U = Uj + otz where a defines the rate of increase in velocity with 
height and JJ 1 iis the velocity at the lower surface of separation* The velocity 
at the upper surface of separation is U 2 = U x + aA. This distribution is 
shown diagrammatically in fig, 2 b. 

Consider now disturbances in the fluid specified by the following components 
of velocity which satisfy the equations of motion :— 

Upper fluid of density p 2 . 

w 2 = U* + oz + C<T“ e 11 ""- - * 

v s = tCe-** e' <■*•-*» 

Intermediate fluid, density p 3 . 

u% » Uj + 02 + (— B x e?* + e l > . (32) 

v 9 = i (B x e u + B a e~**) e 1 
Lower fluid, density p x . 

u t = U x + o 2 i — A& 

Vx — iAe KZ e l t**-"*o 

These are identical with those previously considered except that the upper and 
lower fluids have a superposed shearing flow represented by the term oc# in 
^ and u r 

The notation and method of the previous work may be adhered to and the 
equation equivalent to (25) is found to be 

p,*$V cosech s *ft = [?* (pi + & - Z-Pf + p 3 coth <cft) - ~ ^-2 ( Pl - p,)J 

X [^(pa - £a ^- £2 + Pa coth Khj + - 2 (p, - Pi )]. (S3) 

This equation ia of the same general nature aa (25). 
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When teh is large the curve representing (33) degenerates into the four lines 



points on which represent free gravity waves at one surface of discontinuity 
in density travelling independently of the other. As before instability arises 
in a narrow range near the condition for which the forward-moving free wave 
at the lower interface travels at the same speed in space, as the backward- 
moving wave at the upper interface. 


Case when kIi is small. 


The most interesting case from the point of view of the present investigation 
is the limiting case when kA becomes very small and the changes in density 
are small. The results are then quite different from those of § 3. Taking the 
case when the change in density at the lower interface is equal to that at the 
upper one we may write pj — p» = Pa — Pa = Ap and p = Ap/pA. When 
tch is small coth *cA = (kA)“ x (1+0 (k 2 A 2 )} and cosech x*A = (kA)" 1 {1 + 0 (* 2 A 2 )}, 
so that (33) becomes 



p+Ap+ ^ + i { 1+0 ( * %a) }] “ f* ^ ~ 2 Ap } 

x M> - Ap -1+5, {1 +°«]+ £ - 2Ap } 


= p ! §-J i +°(' f2fea )}- w 

The term p 2 occurs on both sides of the equation. Taking only the terms 
of highest order of magnitude in each of the coefficients, (34) may be written 
(£ — 2p •—£ (ij a + tf) + frl a 2 -r; 2 )p^ + 4(Apr = 0. (35) 

J *h~ l »*p p a A a 


Writing (3 = Apjhp and 5 — r cos 0, >j = r sin 0 and dividing by p a , the orders 
of magnitude of the terras of (35) are written below each term. If h is taken 
very small, the terms of order r*(3 are small compared with the terms of 
order r*[3 and j3*A*, so that in the limiting oase when h-*0 (35) becomes 

r* = 5* + 7) a = 2*/t 2 p. (36) 

The limiting form of the (|, tj) ourve for small values of \ and yj is therefore a 
circle. 
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The maximum positive real value of v) — 5 consistent with (36) is 

7) — £ =2 VkA 2 (3 and since yj — £ — V V2k/j 

where V = U 2 — Uj = ah, the maximum value of «® consistent with stability 
is given by 

a 2 A 2 {2k jg) — 4kA 2 (3 or a 2 — 2g$. (37) 

If |a| is greater than (2^6)* the motion is unstable beoause the line 

y — £ = aA\/2 K/g 

does not cut the curve which oontains all the real possible values of i; and 7 ) 
near the origin. Since the condition for stability does not contain k the 
flow becomes unstable for all wave-lengths when a 2 > and is stable for 
all wave-lengths which are great compared with h when a* < 2g[3. 

Comparing this with the result previously obtained for the case when the 
shearing motion is confined to the transition layer and where the flow is stable 
provided « 2 <4 g$/i<h, it will be noticed that as h decreases indefinitely the 
flow is stable for all finite rates of shear provided Ap/Ap = [3 remains constant 
as h decreases, whereas when the whole fluid shears the flow is unstable for all 
wave-lengths when ** > %(3. 

This result given above may be compared also with that in which it was 
shown for a continuous density variation that the change from conditions in 
whioh waves can, and that in which they cannot, be propagated oocurs when 
a* = 4 g$, but it must be remembered that the symbol (3 has a slightly different 
meaning in the case of continuous variation in density. 

Case of Four Superposed Fluids. 

Three superposed fluids are not capable of affording a density distribution 
which is really comparable with the continuous decrease in density whioh exists 
in the atmosphere. A large number of superposed fluids arranged in layers 
of small thickness A and each denser than the one above it by a small amount 
{Iph would be the most appropriate discontinuous system for such a com¬ 
parison. It seems possible that if one could solve the problem of the stability 
of such a system when the whole moves with a steady shearing motion U = az, 
it might be found that the limiting value of a 2 consistent with stability for 
waves long compared with h is 4#(3. In the absence of a solution of this 
problem it seems worth while to solve the problem of four fluids in order to 
find out whether the change from one intermediate layer to two intermediate 
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layers has the effect of increasing the maximum value of a 2 consistent with 
stability above the value 2<7 (3 found for three fluids. The analysis may be 
simplified by assuming in the early stages of the work that kJi is small and that 
(i is small compared with k~ 1 . Under these circumstances I find that the 
equation giving a is 

r 4 (| + i sin 20 - 1 cos 40) - r 2 (3 + sin 20) + 4 = 0, (38) 

where 

r cos 0 = (Uj — cnc -1 ), 

r sin 6 = 2‘<T*P~‘ ;i ~ 1 (U, - ok' 1 ), 

where U x is the velocity at the lowest interface and U 3 that at the upper inter¬ 
face so that U 3 — Uj =s 2fta. 

The curve whose polar equation is (38) is shown in fig. 8. 



To find the maximum value of U 3 — Uj draw the tangent to this ourve 
which makes an angle 45° with the axis 6 = 0. It touches the curve at the 
two points A, B (fig. 8) whose co-ordinates are r = 3-3, 0 = 107° and r — 3-3, 
0 =* 163°. Henoe the maximum value of U 3 — Uj is (3’3) (sin 107® 

— oos 107®). Substituting U 3 — Uj = 2 xh the maximum value of a* con¬ 
sistent with stability is found to be 2-11^^. 


522 G. I. Taylor. 

It appears therefore that the effect of increasing the number of intermediate 
layers is to increase the critical value of a 2 above the value 2*0^ which applies 
to one intermediate layer. 

Form ojf Instability which first appears when a 8 = 2jj(S. 

Taking the case of three fluids, the intermediate one being of small thickness 
h t if the rate of shear, a, is supposed to increase gradually till it reaches the 
limit (20(3)*, the first instability which occurs corresponds with — 5 = ^ 
or U + U 2 = ctk ** 1 — A(£)* 

By imposing a velocity equal to the wave velocity, — owe” 1 , on the whole 
system the motion becomes a steady flow and the stream lines become identical 
with the paths of particles of fluid, so that the history of any particle can be 
studied during its motion. 

The form of the stream lines due to a wave motion in a shearing fluid has 
been studied by Lord Kelvin, who showed that in general when the wave is 
reduced to rest by imposing the necessary velocity on the whole system, the 
stream lines in the neighbourhood of the level where the wave velocity is equal 
to the stream velocity (ie., zero) assume the appearance of the “catVeye” 
pattern shown in fig. 9. 



Taking the origin in the middle of the intermediate layer so that the two 
surfaces of separation before being disturbed are z =* ± the equations to 
the stream lines are found to be 

+ D sinh (kz) cos kx = constant = M. 

D is a constant proportional to the amplitude of the wave. When z is com¬ 
parable with h t and is therefore small compared with k~\ ftinh kz may be 
replaced by kz , and the values of z for any given value of M are 

* * — DkoT 1 cos kx ± or 1 (DV cos 8 kx + 2Ma)*. (39) 
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When M = 0 the stream lines consist of the line 2=0 and the line 
z = — 2DkoT x cos kz. When M is negative the stream lines axe closed oval 
curves which lie inside the loops formed by the stream lines for M = 0. When 
M is less than — ^AV 2 a -1 the stream lines have no real existence. 

When M is positive the stream lines are wavy lines which as M increases 
approximate to ordinary sine curves. The pattern of stream lines is shown in 
fig. 10. It will be seen that it is different from Kelvin’s “ cat’s-eye ” pattern. 



Fig. 10.—Stream lines when instability appears in the intermediate fluid. 

and the reason for the difference is that in the present case the vertical com¬ 
ponent of disturbed velocity vanishes at the same level as the stream velocity. 
In Kelvin’s case this was not so. 

It will be seen that the first type of instability which occurs when a* reaches 
the value 2g$ involves a tendency for the intermediate fluid to collect into 
lumps which form separate eddies and are projected alternately upwards and 
downwards into the neighbouring fluids. 
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On the Stability of Superposed Stream of Fluids of Different 

Densities . 

By S. Goldstein. 

(Communicated by G. I. Taylor, F.R.S.—Received April 7, 1931.) 

1 . 

l.L The gliding of warm air over cold air, and of fresh water over salt 
water, without appreciable turbulent mixing, is a known phenomenon.* 
Theoretically we know that, with a sudden transition in velocity and density, 
the laminar motion of superposed streams of fluid is unstable for any relative 
velocity, no matter how small, when visoosity is neglected. In reality, how¬ 
ever, such sudden transitions cannot occur, or at any rate oannot be permanent, 
and when the width of the layer of transition is comparable with the wave¬ 
length of the disturbance assumed, the analysis for an abrupt transition has no 
physical significance. The stability of such a system with a finite width of 
the layer of transition is therefore investigated below by the method of small 
oscillations. The investigation is a generalisation to heterogeneous stratified 
fluids of Rayleigh’s discussion of the homogeneous case. 

1.2. The effect of a stratification of density in tending to prevent turbulence 
has lately been investigated by Prandtl,f who, by considerations of energy, 
has arrived at the following criterion for the continuance of turbulence. 



Here the axis of y is vertically upwards, u is the mean value of the velocity 
at any point, p the density, and g the acceleration due to gravity. The 
numerical factor is uncertain. 

1,3. The transference of energy in such a stratified fluid had previously 
been studied by Richardson,^: who took thermal processes into account. 
Richardson’s result, when simplified to apply to the problem as considered 

* For a laboratory demonstration, see G. I. Taylor, * Proc. Oamb. Phil, Soo„* vol. 23, 
p. 730 (1927), Other observations showing the effect of a stratification of density in 
preventing turbulence were described by Professor Taylor in * Quart; J. R, Met, Soo./ 
vol. 53, p. 201 (1927). 

t “ VortrAge a us dem Gebiete der Aerodynamik und verwandter Gebiete,” p. 1 (Aachen, 
1929). 

J ‘ Proo, Roy. Soc„* A, vol. 97, p. 354 (1920). 
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by Prandtl, differs from Prandtl’s result, as given above, by the omission of 
the factor \ on the right-hand side, 

I understand that Professor Taylor had also considered the problem in a 
similar manner, and obtained the same result as Richardson. The cause of 
the discrepancy between this result and PrandtPs is to be dealt with by 
Professor Taylor in a later paper. 

1.4. After most of the calculations in this paper had been completed, 
Professor G. I. Taylor kindly showed me some old unpublished solutions of his 
on related problems. It turned out that my problems and solutions were all 
somewhat different from his. 

1.5. The investigation was originally suggested to me by Professor Prandtl, 
to whom my best thanks are due. 

1.6. The calculations, especially in § 5, are somewhat complicated, and it 
has been represented to me that I should attempt some description of the 
contents of the following paragraphs, even at risk of prolixity. 

An infinite expanse of fluid is considered in every case, with the velocity 
and density constant over any horizontal plane, and viscosity, diffusion and 
compressibility are not taken into account. A steady motion and distribution 
of density are specified, and the stability of the system investigated in accord¬ 
ance with the usual theory of small oscillations about a state of steady motion. 
In every case here investigated there is a layer of constant velocity and density 
and infinite depth on top, a layer of a different constant velocity and larger 
constant density and infinite depth at the bottom, and one or more transition 
layers in between. The nature of the transition layer or layers varies from 
paragraph to paragraph. 

The disturbance assumed is in the form of a progressive wave moving in the 
direction of the steady flow. The main interest lies in cases in which the change 
in the total density from the bottom layer to the top layer is a small fraction 
of the mean density, and in every paragraph except 3.12, and part of 4,1, the 
effect of the change in density on the potential energy of a deformation is alone 
considered, its effect on the inertia being neglected. The results can then be 
expressed in terms of two non-dimensional variables, namely, a, equal to 
SttH/X,* where H is the depth of the transition layer or layers, and X is the 
wave-length of the disturbance; and n, equal to g(Ap fpR) ( Au/H) # , where 
Ap is the difference in density and A u the difference in velooity between the 
top and bottom layers, and p the mean density in the transition layer or layers. 

* In § 8.3 « has half this value, and in § 3.31 one-third of thk value. 
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When the effect of the change in density on the inertia is not neglected, the 
results depend also on Ap/p, which is denoted in §§ 3.1, 3.11, 3.12 by 2e. 

In § 2 the general mathematical equations and boundary conditions govern¬ 
ing a disturbance of a steady shearing motion of a stratified fluid are set out. 

In §§ 3.1, 3.11, 3.12, 3.2 one transition layer is considered, in which the 
density is constant and equal to the mean of the densities in the top and bottom 
layers, so that the density is discontinuous at the top and bottom of this 
transition layer; and the velocity changes linearly with height, so that the 
velocity is continuous, but the velocity gradient discontinuous. In § 3.11 the 
effect of the change in density on the inertia is neglected, and it is shown that 
there is instability if n lies between a/(l ± e~ a ) — 1. The region of instability 
is that between the full line curves in fig. 1. There is always a band of wave- 



Fio. 1. 

lengths giving instability, no matter how great the value of n. For the 
disturbances of critical wave-length, the wave-velocity is equal to the fluid 
velocity at the middle of the transition layer. In § 3.12, a correction to these 
results is found if the effect of the change in density on the inertia is not 
neglected (that is, e is not neglected), and general formulae are given. When 
the densities of the fluids are in the ratios 1; 1* 5 :2, the region of instability 
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ifl that between the broken line curves in fig. 1, The region of instability, 
for large values of n and ot (small wave-lengths), ultimately lies outside that 
obtained when e is neglected, but the results are similar in character. The 
wave-velocities for the disturbances of critical wave-length are not given 
explicitly, but are easily calculated as the double roots of a quadratic equation 
(3.12 (15)) for the corresponding values of n. 

In § 3.3, the same distribution of velocity in the transition layer is taken, 
but as regards the density the transition layer is divided into three, of which 
the middle one is double the thickness of the other two. The density is again 
constant in each layer, with that in the middle the mean of those in the top 
and bottom, the two extra layers having densities halfway between those of 
the neighbouring layers, the top and middle, or bottom and middle, respec¬ 
tively (see § 3.3. (20)). There are then two distinct regions of instability in 
the («, a) plane, the boundaries of which could easily be drawn. Similarly, 
when, for the change in density, the transition layer is divided into five layers 
each of constant density, with the middle one double the depth of the other 
four, there are three regions of instability in the (n, a) plane. In every case 
the lowest critical value of n enters for the same value of 27tH/X (about 1*28) 
as for the full line curve in fig. 1. 

We shall not, in this way, approach the case of a continuous distribution 
of density. This case is attacked in § 5, prior to which, in § 4, the principal 
periods of oscillation of the system are found when the density changes con¬ 
tinuously and there is no foundation of steady motion. 

5.1 sets out the equations and some mathematical consequences for the 
general problem. In Rayleigh’s well-known discussion of the problem for the 
homogeneous fluid, he found stability if 2 tcH/X is greater than about 1*3, 
and maximum instability when it is equal to 0*8 approximately. It appears 
that a slight heterogeneity would cause instability for all wave-lengths, but 
the wave-length for maximum instability would probably remain unaltered 
(§5.11). 

The course of the investigation from this point onwards is summarised with 
mathematical details in § 5.2. The results of § 4, where it was supposed 
there was no foundation of steady motion (Aw — 0), are obtained as a limiting 
form of the present results for n infinite. The system is then completely 
stable, and there are an infinite number of principal periods of oscillation. 
These periods are shown to vary continuously and to remain real and distinct 
as n decreases from infinity to just greater than X/H being supposed large 
for this part of the work. Then, when n is just greater than the periods 
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are shown to vary continuously and to remain real and distinct when the wave* 
length is varied over all possible values. It is deduced that the motion is 
stable for n > When n is equal to there is one real principal period if 
2 tcH/X is less than about 0-4, and none otherwise ; and when n is less than 
there is, for 2 tcH/X small, one real principal period and an infinite number of 
imaginary ones, which correspond to unstable modes of oscillation. It is 
deduced that the motion is unstable for n < It appears that this is true 
for all wave-lengths. 


II. 

The equations of motion are 



^ \ dt ' dx dy) dx 

(1) 

and 



jdv . dv , dv\ dp 

(2) 

The fluid is 

assumed incompressible, so that 




(3) 

and the equation of continuity is 



dx + dy ~ 

W 

Use the suffix 0 to denote values in the undisturbed flow, so that u 0 

and p 0 

are functions of j/, u 0 is zero, and 


^e + ^Po* 0 - 

(5) 

Write 


u 

= u 0 + u\ v = v', p = p 0 + p\ p = Po + p'. 

(6) 

Neglect second order terms in the equations, and assume that u f and so 

on are 

functions of 

y multiplied by e <(w + km \ the real part being taken at the end. 

Then 




Po [t (a + ku 0 ) + = - ity, 

(7) 


ip 0 (o + ku 0 ) v' + gp' = —|£, 

oy 

(8) 


lr- + iku' = 0, 

dy 

(9) 


i (o + ku 0 ) p' + v' = 0. 

ay 

(10) 
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Eliminating p', p', and u' gives the following equation for v ': 

(O + H)‘ (f^r - *v) -1 (o + fci„) ts »■ 

+ihn {<•+ fa « ) '^ - * <”+ fa « ) ^ •' -’* v }=°- (11 > 


2.2. Let y — j/ 0 a surface where, in the undisturbed flow, w 0 , p 0 , or 
du 0 /dy is discontinuous, and let y = y 0 d tj be the equation of this surface in 
the disturbed motion. Then v' must be continuous at the surface of dis¬ 
continuity ; to the first order v f must be continuous at y — j/ 0 . Also, to the 
first order, the value of v f at y — y 0 is connected with tj by the equation 

t>' * |j + «o = »(® + K) V). (12) 


The pressure p must be continuous at y ^ y 0 + so that p -f v\dpjdy or 
p — yp<tf must be continuous at y = y 0 . So then must p' — yp 0 7 j. Sub- 
Btituting for p' from (7) and rj from (12), we find that 


Po 


l (a + Jcu 0 ) v' 4- gk 2 v' -- (a + /:w, 0 ) 2 


0 


(13) 


must be continuous at y = ?/ u . The last condition can also be found from the 
continuity of Dp/Dt, or direct from (11) by integration. 


III. 


3.1. We begin by assuming that, in the undisturbed flow, the velocity passes 
linearly from one constant value to another (plane vortex stratum of constant 
vorticity), and the density changes by jumps, namely, 


«„ = «i for y> h 'j p„ — p } (1 — e) for y > h 

— Ujtf/h for h > y > — A ? — p, for h > y > — h > . 

— — w, for y < — h J = p t (1 + e) for y < — A v 


Then 
or 

Hence we write 

v' = A.e~ kv 
a* Be - ** + Ce** for h> y> —h ^. 
= De** for y < — h J 

von.oxxxii.— a. 


a ~f k»o — 0 
0%' 




jfeV = 0. 


for y> A 


2 M 


( 1 ) 


( 2 ) 

(3) 
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The continuity of v f requires that 

Ae~ kh = Be"** + Ce**i 

r» (4) 

De"** » Be** + Ce~ kh J 

and the continuity of the expression 2 (13), after substitution for A and D 
from (4), leads to the equations 

Be" 2 ** [t (l* + gk) 4- h h jh] + 0 [. (/ 2 4- gh) - 2 1* + lujh) - 0 ^ 

r (o) 

B [e (m a — #&) + 2m 2 + mujh] + Ce~" afc * [e (w a — #&) 4- ntujh] = 0 > 
wherein we have written 

l = cr + A« 1 , m = o — (6) 

Now let 

2M =«, = n. (7) 

A:^ iq 8 

The equation for £ obtained by elimination of B : 0 from (5) is 
V [4 - e 2 (1 - e" 2 *)] - 4?e (1 - ^ 2 “)/a 

— E 2 [4 + 4 {(a — l) 2 — e~ 2a }/a 2 — 2e 2 (1 — e“ 2a ) + 8n/a] 

+ 4?e (1 - e" 2 ‘) (2 n + l)/a 
- c 2 (1 - e" 2 *) + 4 [n (1 - e" a ) - (a - 1 + e~*)] 

X [n (1 + <r a ) - (a - 1 - e~ w )] /a 2 = 0. (8) 

3.11. The main interest lies in cases in which the change in density is but a 
small fraction of the mean density, and a great simplification follows if we 
suppose e to be so small that it may be neglected (while w, of oourse, remains 
finite). This amounts to considering the effect of the change in density on 
the potential energy of a given deformation, and neglecting its effect on the 
inertia. The equation for E becomes 

5 4 - [1 + {(a - 1)* - <T 2 ‘}/a* + 2n/«] 

+ [»(!- e-*) - (a - 1 + O] [»U + O - (a - 1 - OJ/a* = 0- (9) 

For stability no value of <y, and therefore of 5» may have a negative imaginary 
part. But if one value of E is complex, then the conjugate complex number is 
another possible value. Hence, for stability all the roots of the equation for 
E must be real, and the roots of (9) as an equation for £ 2 must be real and 
positive. The condition for the roots to be real is easily worked out to 

[? + 2a - 1? ~ [(2a - l) 2 - e“*] > 0, (10) 

where 

q = 2naeT Sa /(2a - 1 + «-*■), (11) 
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so that q> like n, must be positive (since 2a ~~ 1 + z~ u is positive). Now 
there is one value of a (call it a 0 ) for which 2a — 1 «<r*; for a < a 0 , 

(2a - l) 2 - 

is negative, and therefore (10) is satisfied. For a> a 0 , (2a — l) 2 — c~ 2a is 
positive. But a 0 is greater than so that for a> a 0 , (2a — 1) is positive ; 
hence the first term of the left-hand side of (10) is greater than (2a — 1)*, 
and (10) is again satisfied. The roots of (9) are therefore real for all positive 
values of a and n. 

The sum of the roots of (9) is easily seen to be positive, but the product is 
negative if n lies between 


For such values of n the motion is unstable. The region of instability lies 
between the full-line curves in fig. 1. We see that for all values of n> no matter 
how great, there is always a band of wave-lengths giving instability. For 
large values of the values of a at the edges of the band giving instability 
are approximately (n + 1) [1 ± 

3.12. When e is not neglected, we have to study the reality of the roots of 
the biquadratic equation (8). If we write the equation as 

ac* + 4 bi* + 6c5 2 + Mi + e = 0, (13) 


the discriminant, A, iB I 3 — 27 J 2 , where 


I =* ae — 4 bd + 3c 2 
J sss ace -f* 2 bed — ad 2 — eb 2 — c 3 


The critical values of n are the roots of A = 0,* which is an equation of the 
sixth degree in n. The equation involves even powers of e up to the twelfth. 
To test the validity of the approximation in 3.11,1 have retained only the terms 
in s 2 , and worked out the correction to the previous results. 

When t vanishes, so do b and d, and the discriminant, A, is equal to 
ae (ae — 9c 2 ) 2 . The equation, ae — 9c 2 = 0, is the condition for the equality 
of the two roots in i 2 of equation (9), and is equivalent to the vanishing of the 
left-hand side of (10). The roots of this equation in n are negative or complex. 
The correction terms for a finite value of e 2 are easily calculated, but the roots 
remain negative or complex, and therefore without physical significance. 

* See, for example, Burnside and Panton, “ Theory of Equations,” voL 1 # p. 144. 

2 M 2 
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Then all that remains to be done is to find the corrections to the two values of 
n given by ( 12 ). 

This we can do direct from the discriminant, when we verify that we are 
expressing the condition that 

6 c £ 2 + 4 dl + e = 0 (15) 

should have a repeated root. If we write 


then 


act 


i + 




+ 7 J 


3C-jj = I 


D = (1 — e~ 2n ) (2m + l)/« 


Ej = ~ (l — e~ 2a ) (n — Mj) (n — n 2 ) 
oc 

». = -(! -«'*•) 

c = C t 4- C 2 e®, d = De, e — E x 4- E 2 e®; 


(16) 


(17) 


the first approximation to the equation required is Ej — 0 , and the second 
approximation is 

Ei = e(I^ 2 -E 2 ). (18) 

Approximate roots of this equation are 




- (1 - c-**)]" 



and 


I 

> . 

(19) 


-+55 fir 11 - e ">- 

-(l-e- 2 ‘)]l 




These formulae give the corrections to the values of n found in the preceding 
paragraph. If we write them as rq 4 - XjC®, n 2 4 - X 3 e 8 , then for large values 
of a, Mj and n 2 both approximate to a — 1, and X 2 and X 2 to 


— a* (3a — 2)/4 (2a — l) s , 

or, less accurately, to 
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With c = so that the densities of the fluids are in the ratios 1 :1 *5 : 2 f 
the region of instability is that between the broken line curves in fig. 1 .* 

3.2. In obtaining the equation (2) above, the factor (a + ku 0 ) was discarded. 
Because of this factor, £ may have any value between ± 1, end values excluded. 
(For a homogeneous fluid, the end values ± 1 arc included in (8)). dv f fdy 
will then be discontinuous, and there will be infinite vorticity (c<p. 2 (9)) at 
the surface which in the undisturbed state is y = — where the undisturbed 
velocity of flow and the phase velocity of the disturbance are equal. At this 
surface the continuity of 2 (13) is automatically satisfied when v’ is continuous, 
and we obtain a solution for v f involving one arbitrary constant. 

When $ is between ± 1, it is possible for the surface y ~ to be displaced, 
and for the disturbance to be otherwise zero (neutral equilibrium); indeed, 
unless v' is everywhere zero, the displacement of the surface y = — Ui increases 
with time (like t cos a £), till our approximations break down. All this has 
been pointed out by Rayleigh or Orr. 

3.3. The discussion in §3.1, with e = 0, is easily extended to cases where 
we have more than three layers, if we assume that the critical values of n 
correspond to or = 0. If, for example, we take five layers 

w 0 = 2% for y >2 h p 0 = p 3 (1 — 2e) y > 2 h 

= u t yjh for 2 h > y > —2 h ~ p x (1 — z) 2 h > y > h 

= — 2tq for y < — 2 h = pj h > y > — h * , (20) 

-Pi(l + e) - h> y> — 2h 
-p l( l + 2e) -2 h>y 

then, with 2 kh = a, and tgh/u^ = n f as before, the equation for the critical 
values of n splits up into two quadratics 

n 8 (i - e“ 2a ) - n {5a - 2 + 4ae“‘ a + (2 + a) <T 2a } 

+ 4a 2 - 2a (1 + e~ 2 «) = 0 (21) 

and 

— « {Sot — 2 ■+- (2 + a) er*} + 4a 2 - 2* (I - <T 2 *) =» 0, (22) 

where $ «= n{ 1 — e~ a ). When « is zero, the roots in n of (21) are 3*562 and 
—0*562, and of (22) are 0 and 4. When a is large, the roots in n of both (21) 
and (22) approximate to a and 4a — 2, and we have now two bands of 
instability, which, for large n, are in the neighbourhoods of a and 4a — 2. 

* Professor G. 1. Taylor informs me that he had done some calculations for this case 
by a different method, and that the results agree. Professor Taylor’s calculations will 
be published elsewhere. 
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u 


3.31. Similarly, for seven layers, in which 
= 3^ for y > 3A Po = Pi (1 “ 3e) f° r V > 

= u x yjh for 34 > y > - 3 h = p x (1 - 2e) for 34 > y > 24 

= — 3v x for y < — 34 = Px (1 — c) for 24 > y > 4 

— Px for h> y> — h 

= Pi (1 + e) for — * > y > — 24 

= px (1 + 2e) for — 24 > y > — 34 

— Px (1 + 3e) for y < — 34 


>,( 23 ) 


the equation for the critical value of n splits up into two eubics, whose roots for 
a = 0 are - 0*4211, 2*1465, 13*2746 and 0, 2*7085, 13*2915 respectively. 
For large values of a, the roots of either cubic approximate to a, 4a and 9a — 3. 

3.32. For three layers, we have seen that the second critical value of n 
enters (n 2 =s 0) when a has a certain value, a 1? which is a root of the equation 

+ 1 = a (24) 

and which is near 1-28.* For smaller values of a, all values of n less than n x 
give instability. In the same way, for five layers, a lowest critical value of n 
enters for a finite value of a, which, by putting n = 0 in (21), we see is a root of 

e~ 2a + 1 = 2a, (25) 

and, is, therefore, equal to Ja v And I have proved that the lowest critical 
value of n enters, for seven layers, when a is and so on.f 

3.33. By proceeding in this way, taking more and more layers, we shall not 

approximate to the case of a continuous change in density. For the graph of 
density against height is a step-like curve, and when the number of steps 
becomes infinite, and each step infinitesimally small, this curve does not tend 
to a continuous curve. (That it does not tend to a straight line, a consideration 

of the length of the curve will show at once.) The matter iB quite different 

from approximating to a velocity profile by means of an inscribed polygon, 
in the manner of Rayleigh. 

Now the result of 3.1, that there is instability for any value of n, no matter 
how large, probably arises from the assumed discontinuity in the density. 
We must attempt to solve the problem with a continuous distribution of 

* When t *= J, this value becomes 1*305. 

t If H is the total depth of the transition layer, hH has the same value (1*38) in every 
ease. 
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density, and since the general problem is not easy, and the special problem 
has some interest of its own, we shall first find the periods of the system when 
there is no motion in the undisturbed state. 


IV. 

4.1. We now assume that u 0 = 0, and 

p 0 p x for y < — h 

— p l e~* <r+ * > for —h<iy<ih>. 

— pj e~ s * h for y > h 
The equation for v' for — h < y < h is 

Tib)' ?)i>' 

and we may write 

v,' = Ac * v for y > h 

— Be Kv + Ce MV for h > y > — h > 
— De kv for y < — h j 


( 1 ) 


( 2 ) 


where X and a are the roots of the quadratic 

X 2 ~ px + * 2 ((fy/c 2 - 1) = 0. (3) 


Both v' and dv'/dy must now be continuous. The continuity of v' requires 
that 


Ae~ th = Be A * -f (V* 
De~ kh « Be - ** + Ce~^ 


(4) 


and the continuity of dv'/dy, after elimination of A and D by means of (4), 
provides the equations 

B^(X + Ar) + Ce“»(p + Ar) = 0-| 

r • (5) 

Be - ** (X - k) + O - ' 1 * (p - k) = oJ 


By elimination of B : C, after some reduction we arrive at the period equation 

tan {kh (4s 2 — (J 2 /fc 2 ) 1 } _ 1 , fi . 

(4s 2 - (i 2 /F)* s 2 -1 ’ ( ' 

or 

t&nh {kh /It? — 4s 2 )* _ 1 

— 4a*)* “«*-l 

** for $gj<P — 1. (8) 


where we have written 
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If A tends to zero while (3 h remains finite, (7) becomes 

a*/gk = tanh (3A, (9) 

the known result for an abrupt transition. 

If we suppose (3/A small, and again neglect the effect of the change in density 
on the inertia, (6) becomes 

tan sot 1 

2s ' - 1 ' ' 

where we have again written 


a for 2kh* 


The equation (10) is equivalent to 


so that 


s =s cot Jsa or - tan = — I. 

-V 


z = Jsa 


2s/a = cot s or - tan z — 
2 


The roots are all real and are easily found graphically. The large roots in z 
approximate to z == -± Jnr, where r is a positive integer, leading to 


so that there is always an infinite number of modes in which the frequency or 
wave-velocity is as small as we please. (This remains true in the general 
case when j3/fc is not neglected.) Further, for small a, the values of o 2 approxi¬ 
mate to 

a 2 - $gkh or d&fAW/rV (r « 1, 2, 3, ...). (16) 


5.L We now assume the same distribution of density as in the last paragraph, 
and for the velocity distribution 

u Q ~ u x for y > A 1 

— u x yjh for h > y > — A > (1) 

— «i for y < — A J 

as in § 3. The effect of the change of density on the inertia is neglected from 
the beginning. Then the equation for v* when y is between db A is 

(a + tutf/Ap (2£ - *V) +gP£v' = 0. (2) 



K — *®/«x + ky, 

f¥* a /V == i - «*, 


Put 
and 
so that 


0?? ' " \ C* 

Let / K) and # K) bo two independent solutions of (5). Then 
v' = Ae~ kv for y^> h 

= B/K) + tyK) for h> y> —h 

= Dfi iv for y < — A 

If C = £, at y ~ h and £ 2 at y = — A, the continuity of ?/ requires that 

Ae-^B/KiJ + tyKiH 
De-» = B/Kg) + C&Ki> J ’ 




Put 

so that 




- 5, 2M = «, 
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(3) 

W 

( 5 ) 


( 6 ) 

(7) 

( 8 ) 


Z = {1 + 1} Ci = i«« + 1), Sg = £«K~l)- (9) 

■ 9 <wi =n.(io, 


The continuity of the expression 2 (13) then gives 

B [/ Kx) +/' Ki) - CrV o + C to Kx) + </' Kx) - ^9 Kx« = O' 

B [/Kg) -/' K*) + S,~VKg)] + C [g Kg) - </' Kg) + V 

and the period equation is 

[/Kx) +/' Ki) - WKx)] [g K*) - a' K.) + C,' 1 ? Kg)] 

- [<? Kx) + 9 ' Ki) - Si" 1 5 Kx)] [/ Kg) -/' Kg) + crv Kg)]- (11) 

Now when m is not zero, two independent solutions of (5) are 

/(C) = c- + * + 

5K)-V ffl+ ^K)J 

where 


and 


( 12 ) 


*K) = i 


and 




2(2 + 2m) 2.4 (2 + 2m) (4 + 2m) 

C* 


+ 


2.4.6 (2 + 2m) (4 + 2 n») (6 + 2m) 


+ ... 


V. (13) 


*K)-l+7 


+ ■ 


2 (2-2m) 1 2.4(2-2m) (4-2m) 

,_ 2 _ 


2,4.6 (2 - 2m) (4 - 2m) (6 -2m) 


+ 
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so that 


and 


I» (9 


I.«(0 


(*9* 


r (1 + m) 


<MC) 


JET 


*(C) 




(14> 


r (1 - m) 

I being the “ Bessel function of imaginary argument.” 

The period equation can then be put into the form 

[+ (Cl) + +' (C,) + SL ^ + (Cl)] [* (W - f (C.) +* (C,)] 

= (c 8 /c,r [* (W + v (Ci) - * (Co] 

[+ (C«) - (C.) - <KW} (1B> 

If m is zero, we may take / (£) to be £*I 0 (Q and g (£) to be £*K 0 (£)» when the 
period equation is 

Po (W + v (Ci> - iC,' 1 1« (C,)] [Ko (C.) - K 0 ' fly + K*- 1 K 0 (C,)l 

- [K 0 Ci) + k 0 ' (Q - Kr 1 k 0 (Ci)] [i 0 (C*) - v (C.) + Kr 1 1» (C.)]- 

(16> 


It is easy to see that if !; — 5i + i5a m a root, 80 are ± 5i ± 80 that * or 

stability all the roots must be real. 

Now from (4) we see that m must be real and not greater than zero, or 
purely imaginary. When m is imaginary and £ real, <f> and ^ are conjugate. 
Thus if the principal values of the arguments of 

«HW + f (Ci)+ ^4-(Ci) 

M 

and 

+ «»)-+' (C,)-^i<HC,). 

are y and 8 respectively, equation (15) is equivalent to 

e*"-" = (Ci/Ci) 8 ”*. (17) 


^ * If the bar denotes the conjugate, then when m is real + (Ci) “ +(Si)» etc., and » 

(C«/C)'"‘ i when m is imaginary = <|> (Ci). etc., and (C./C,)*"' ** (C7/C7)*"’- The 

equation conjugate to (15) must hold, and therefore if 5j -f *5s is a root, so is £j — *£,, 
whether m be real or imaginary. And when the sign of 5 is changed, becomes — £*» 
and vice rerea, so that if 5 is a root, so is — When 5 is oomplex there is no trouble about 
the branch point, since we may suppose tj mode single'valued by a cut along the negative 
real axis. 
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II now we put 

m ~ iv f 

(17) becomes 

exp {2 i ( Y - 8)} - exp {2iv log £ g /£,} f (18) 

or 

v lwR = (r — 5) — (r + 1) 7t, (19) 

where r is a positive or negative integer or zero. ( (r + 1) is written for future 
convenience. It is clearly immaterial whether we write r or (r + 1)0 This is 
the most convenient form of the period equation when m is imaginary. 

5.11. An immediate inference from the various forms of the period equation 
((15), (16) and (19)) is that unless that m is J there can be no real root for 
J; between Oil (except that an isolated double root \ = 0 is possible for m = 0 
and for a particular value of ot). Now for m equal to the equation reduces 
to that given by Rayleigh, with the roots 

? = {(a-l )»-«-*}/«* (20) 

giving stability for a greater than about 1*3. But then 5 hes between ±1, 
and when m is near to but not exactly equal to i, the two real roots are replaced 
by an infinite number of complex roots, at any rate when m is irrational. 
Thus a slight heterogeneity causes instability for all wave-lengths, though it 
probably remains true that the maximum instability occurs for a about 0*8. 

5.12. It does not follow that oscillations in which £ lies between ± 1 are 
impossible, Bince the constants B and C in (6) may then change disoontinuously 
at y aa — Indeed, £ is zero at t/ — — and v f vanishes there, so that 
continuity of v' is thereby assured. Thus we have a solution containing two 
arbitrary constants, the extra constant being accounted for by the fact that 
the displacement of the surface y = — does not now increase with the 
time in an unstable manner if the disturbance is not zero everywhere else, 
but is arbitrary. On the other hand, when £ vanishes, dv jdy, and therefore 
not only the vorticity, but also u\ are infinite. 

When £ is between ± 1, /(£) and g (£) have branch points in the fluid at 
JaO, y* - As y decreases through — %h 9 £ changes from positive to 
negative. According to what has been said above, there is no difficulty as 
to which branch of a function is to be chosen ; dv'jdy is in any case infinite at 
£ » 0, and then, in agreement with the only conditions we can lay down in 
an inviscid fluid, the constants B and C may be discontinuous. What was 
assumed in proving that the so-called period equation has no root between 
± 1 was simply that if, say, £ a is negative, then its argument is the same in 
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both/(£ 2 ) and g (£ a ). And once we have shown that the period equation has 
an imaginary or complex root, the difficulty does not arise, since there is no 
branch point in the fluid. 

5.2. We now proceed to consider the period equation more closely, and shall 
be concerned almost entirely with the case in which m is imaginary and equal 
to iv. Any rigorous theoretical treatment of the reality of the roots of the 
period equation seems to be extremely difficult, but the following discussion 
appears to be sufficiently convincing. We first derive the equation (10) of 
§4 as a limiting form of the present equation for large v. Now the small 
values of o 8 given by 4 (10) are, according to 4 (15), equal to and in 

our present notation this gives = (4v 2 + 1 )fr 2 n 2 . This formula makes the 
origin a cluster point of the roots for 5, and, since i; cannot lie between ± 1, it 
is invalid for finite v. An approximate formula for the roots for large v and 
small a shows, however, that ^ ± 1 are cluster points, but that as v tends 

to infinity any chosen root can be identified with (becomes ultimately in a 
ratio of equality to) a corresponding root of 4 (10) as given by 4 (16), and that 
each root of 4 (10) has its corresponding root in this way. It is then shown 
that 5 = ± 1 are always cluster points of real roots. The next step is to show 
that for small a the above-mentioned formula, valid for small a and large v, 
is valid for all v. There is thus a (1, 1) correspondence between the real roots 
for v infinite, and the real roots for small a and any v. Then for small v the 
variation of the real positive roots is traced as a varies, and it is shown that 
none ever disappear. Thus there is always a (1, 1) correspondence between 
the real roots for small v and the roots for v infinite. For v = 0 we find that 
there is one positive real root if a is less than about 0*4, and none otherwise. 
Lastly, for small a and m real and less than we show that there are imaginary 
roots. 

Hence when a is small, the motion is stable if $gh*ju^ is greater than £, 
and unstable if it is less than And when $gh*ju^ is just greater than £ 
there are just as many stable modes of oscillation for any value of a as there 
are for small oc, the periods varying continuously as a varies. Thus for 
just greater than there can be instability only if a new unstable mode of 
oscillation enters when a is increased. Since the modes of oscillation will 
vary continuously with a, however, we conclude that the motion is stable for 
greater than The argument may be put in other ways, but rests, 
in every case, on the results summarised above. 

Since if ^ ia a root, so is — we need consider only positive roots when dealing 
with real roots. 
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5.21. We first derive the equations 4 (10) as the limiting form of equation 
(11) above for large v. 

For large v we find, either by Jefireys’s metliodi* or from ohap. 8 of Watson’s 
“ Bessel Functions/’ that asymptotic approximations to two independent 
solutions of (5) are 

f( r\ _ COH jl ( tenh Y ~ Y)) "] 

(sinbY)* 

and y, (21) 

(tituli y - : T ) ) I 

J (sinh y)i J 

where 

v/C = cosh y, (22) 

and y has been assumed real. With these approximations the period equation 
becomes 

ta„ [v{toohr, - Y, - tonl. Y, + Y,)l - 


where 

cosh Yj = v/£,, cosh y 2 — v/S 8 , 
To find the equation (10) of § 4 as a limiting form write 


(23) 

(24) 


C = lot', 


cosh y -- v/£. 


so that 
Then 


and 


Similarly 


+ i«, - C - K 

sinh Yi = sinh y + Jot J; sinh Y + ••• 
. a cosh 3 Y i 

- d,, -r,aT + '" 

,mh Y! -.mhY+|teS£?+.... 


d 


(25) 

(26) 

(27) 

(28) 


v (tanhyi — Yi) — v ( taQ h Y — Y) + i a ^ [ v ( tan b Y — Y)1 


d* 


and 


+ l> ( tonh Y — Y)1 + ••• 

v (tanh y - Y) + i* sinh Y-i^ C ^|- + ... 


(29) 


* , _ 

' (tanh y« - Ya) - v (tanh y - y) - sinh y *- i ~ + - • (30) 

* • Proo. London Math. Soo.,’ vol. 23, p. 428 (1928). 
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If now v tends to infinity, so that a/v tends to zero, and if in addition 5 (*<r/fcwj) 
tends to infinity, so that - cosh y, etc., tend to zero, the equation (23) becomes 

tan (a sinh y) = (31) 

suih 8 y — 1 


But 


cosh 2 y 


4V 2 ___ 4{ty/* 2 /?q 2 — 1 

a 2^2 - otV/fttj* 




= (since % —► 0) = s 2 + 1> 

G* 


(32) 


where $ has the same meaning as in § 4. Hence 


and (31) becomes 


sinh y = 5 , 
tan 8<x « 2s/(s 2 — 1), 


(33) 

(34) 


which is the equation previously obtained. 

5.22. As previously pointed out, this makes the origin a cluster point of 
roots in which is not valid for finite v. 

If we assume that £ 2 /v is small, asymptotic approximations to / (£) and </(£) 
are 

/K) = P COS (v log 0 'l 

and y, (36) 

g (£) = $ sin (v log 0 J 


and the period equation becomes 


leading to 


sin (v log Zi/Z») — 0, 

Si/S, = e n, \ 

\ — coth m/2v, 


(36) 

(37) 

(38) 


where r assumes all integral values. Thus no root lies between ±1, but for 
any given root, as v tends to infinity we may write 


leading to 


5 — 2v/nr, 

o s = 4(ty*W/W 


(39) 

(40) 


as in 4 (16). The condition for the validity of the approximation is simply 
that a should be small, and from 4 (16) we see that all except one of the roots 
are included in the formula. The root a* = Qgkh corresponds to t — 0, and 
to obtain it, we must proceed to the next approximation for/and g. I have 
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verified that if we do this, then for small a we obtain 5 = v (2/a)*, which is 
the root in question,* 

5.23. That when m is imaginary ^ ===== 1 is always a cluster point of real 
seros is most easily seen from equation (19). For suppose that £ is very near 
to 1, so that ^ is nearly a and is small. Then (Jd5 2 ), (5 a ) may be neglected 

in comparison with (^ 2 )* Thus y and S are approximately the arguments 
of 

<!> («) + <K (*) + ^ 4* (<*) 

<X 

and 

“ .<KW 


respectively, and since £2 is real and (£ a ) is 1 + 0 (£ a 2 ), these are approxi¬ 
mately independent of Then (19) gives 


log * (S — 1) = ^ 

V V 

5 = 1 + 2 exp {(y — 8 — nx — 7r)/v}, 

£ a /a = exp {(y - $ — m — 7t)/v}, 

so that for sufficiently large positive r our assumptions are justified. 
5.24. Next let us assume that a, £1 and £2 are small. Then 


+ (Ci) + <K (Ci) + <!» (Ci) = (2Ci -1 + 2iv + 0 (Ci*)}/2C„ 

Ol 

4 (Cl) - <!>' (Cl) - * (C«) = {2C a +1 - 2iv + 0 (C a *)}/2C«, 

0)2 

<f> (Cl) + f (Cl) - —^ t (Cx) = {2C| -1 - «v + 0 (Ci a )}/2C|, 

0)1 

4 (Ca) - f (Ca) + i (Ca) = (2Ca + 1 + 2*v + 0 (Ca a )}/2C,. 

Hence equation (15) becomes, approximately, 

_ (2£, - 1 + 2iv) (2g, + 1 + 2iv) 

\V “ (2^ - 1 - 2tv) (2C, + 1 - 2iv) ’ 


(41) 

•(42) 

(43) 


(44) 

(45) 

(46) 

(47) 


(48) 


:C* 


* The next approximations to / and g are £oos (v log C) + 
£sin (v log 0 - j; cos (v log £) J respectively. 



(v iog 


and 
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or, approximately, 

(if-ir- 1 --’ (49 > 

so that 

$ = ooth mj 2v. (60) 


When r is zero, we must proceed to the next approximation: 



% 

2 tv — 1 


+ 7 


2C* 


+ 


2k. 


2iv + 1 2 iv + 1 




Hiv (£ t + k _ , _ _8iva|_ 
47^+1 4v a + 1 * 


(60 


For this root, ' most be large, and we have 


Therefore 


and 


!\ — l\* m . , 4iv _ . 8fva^ 

U+l / 5 4v*+T 

2a? 2 = 4v 2 + 1 

2 4v*+l _ 4g^ 

* 2a ’ 


or 2 « 


( 62 ) 


(53> 


We verify that if a and av 2 are small, ^ and ^ are small; and we see that 
when a and av 2 are small, the roots are all real. Moreover (50) is the same as 
(38), and corresponds to all but the first of 4 (16), while the first of 4 (16) 
corresponds to (53). 

5.25. Now let us consider the form our equation (19) takes when v is small. 
If we assume <J* and <f> expanded in a power series in v, we find 

ra + H*«) + 0(*) (54> 

and 

*«)“I o(0”ivMS) + 0(v»), (66) 

where 

<M5) = — 2» 2^4*^ + ^ ~ 2 * 7 4» , ~ 6» ^ i + !) — ••> 

- - [K 0 <0 + Io (0 log K + ci 0 (01 (56> 


where C is Euler’s constant. 
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Then 

4- (Ci) + 4' (Ci) + 4 (W = I 0 (Ci) + I 0 ' (Ci) - ~r I 0 (Ci) 

*Vl 

+ w[i I„ &) + 4-1 «|) + +i' (W - ^ +1 &)] + 0 (V*), 

4' «i) - f (W - 4* (W - Io (W -V <W + si-W 

Wa zc *a 

+ <v[- £i, (C a ) + +1 (W - V K.) + ~ 4h «t)] + 0 (V*). 
Remembering that I 0 ' (£) = I* (£) and K 0 ' (£) — — K X (C), put 

F 1 (0 = 2UI 0 (« + Ii K)}-IoK).' 

F a (^ = 2aio(0-I i ra} + Io(0, I 

Gi (?) = 2£ {K 0 «) - K x «)} - K 0 (0, [ • 
and 

G t (0-«{K,«) + K 1 ra} + K # (0j 


(57) 


(58) 


( 69 ) 


Then, terms of order v a being neglected, we have, after substituting for in 
(57) and (58) from (56), 


m+m + ^ 

*»i 

and 


+ (Ci) - F, (C*)/2C! - »v [F CC,) (log Ki + 0)/2Ct 

+ Gi (Ci)/2CJ (60) 


4* (C s ) - +' <W 

so that 
and 


- + (C.) = F 2 (W/2C, ~ *v [F a (t,) (log K» + C)/2C t 

+ G,(C t )/2C i ) (61) 

tan y = — v [log ^ + C + G x (^J/F, («] (62) 

tan S = - v [log + C + (63) 


Fj, G x , F s and G a were tabulated from the tables of 1 0 , I 1( K 0 and K x in 
Watson’s “ Bessel Functions,” and the results are shown in the table below 
(Table I, p. 546). We see that for positive £, F a (£) and G a (£) are always 
positive, that G x (£) » always negative, and that F x (Q lias one positive aero, 
which we shall denote by Z, and which is about 0-415. Then, so long as the 
factors multiplying v in (62) and (63) are not numerically large, we have 
approximately 

Y «7t - v [log Ki + C + G a (C,)/Fi (iyj (64) 

when Fjt^j) is negative, 

Y = — v [log Ki + C + G x (CjJ/Fj &)) (65) 

VOt. CXXXII.—A. 2 W 
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when Fj(Ci) is positive, and 

8 = — v [log JC* + C -+* G a (Cs)/Fg (Ca)3- (®®) 

Hence the equation (19), which is 

ILzi-log^-^-EF, (67) 

v ° Ci v v 

/ (?) = G a (C»)/Fj (C») - Gi (Ci)/Fx (C,) = nt/v (68) 

if Fx(Ci) is negative, and is 

/ (« = G a (C*)/F, (C 9 ) - G x (C x )/F x (Cx) - w/v - nt/v (69) 

if Fj (Cx) is positive. 

We shall now consider the graph of / (£) against £, and since G a (C a )/F a (C|) 
— Gx (Ci)/Fx (Ci) is an odd function of £, we shall consider only positive values 
of £• Further, since no root of the period equation lies between ±1, /(C) 
being complex for such values, we shall consider only values of C not less than 
1. As C increases from 1, C» increases from 0, and Cx, which is C« + *» increases 
from a. 

We must first enquire under what conditions equations (68) and (69) cease 
to be valid. This happens when the factors multiplying v in (62) and (63) 
become infinitely large. Now Cx, being always not less than «, is never zero ; 
while when C» is zero, log JCg + G, (Ca)/F» (Cs) remains finite. 


Table I. 


{. 

*,(£>• 

*.(£>■ 

0,(0- 

«,({)• 

Gi ({>/*.({>• 

G.({)/F,({). 

0 

-1 

1 

— 00 

oe , 

00 

oe 

0*02 

-0-9597 

1 0397 

-5*8655 

6*1878 

6*112 

5*952 

0-04 

—0*9187 

1*0788 

-5*0636 

6*5974 

5*512 

6*189 

0-0fl 

-0*8772 

1*1174 

-4*5686 

5*2725 

5*208 

4*719 

0*08 

-0*8349 

1*1554 

-4*2038 

6*0509 

5*035 

4*372 

0*1 

-0*7920 

1*1930 

—8*9124 

4*8832 

4*940 

4*093 

0*2 

-0*6668 

1*3738 

-2*9620 

4*3642 

5*236 

3*177 

0*3 

-0*3180 

1*5465 

-2-3826 

4*0296 

7-402 

2*606 

0*4 

-0*0449 

1*7095 

-1*9704 

8*7537 

43*9 

2*196 

0*42 

+0*0132 

1*7417 

-1*9011 

3*7023 

-144*0 

2*126 

0*6 

0*5948 

2*0260 

-1*4079 

3*2789 

-2*367 

1*616 

0*8 

1*8926 

2*3404 

-1*0397 

2*8488 

-0*747 

1*217 

1*0 

2*3964 

2*6680 

-0*7828 

2*4669 

—0*327 

0*925 

1*4 

5*2772 

3*4218 

-0*4598 

1*8242 

-0*0871 

0*538 

1*8 

9*9147 

4*4102 

-0*2780 

1*8287 

-0 0280 

0*301 

2*2 

17*3614 

5*7751 

-0*1712 

0*9568 

-0*0099 

0*186 

2*6 

29*2513 

7*7026 

-0*1068 

0*6829 

-0*0037 

0*0887 

2*0 

48*1249 

10*4445 1 

-0*0672 

0*4841 

-0*0014 

0*0468 

4 

157*188 

23*641 

-0*0218 

0*2004 

-0*00014 

0*0085 

5 

488*617 

56*278 

-0*0072 

0*0811 

-0*00001 

0*0014 
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It thus appears from Table I (combined with the usual asymptotic expansions) 
that the expressions (68) and (69) break down only when is in the neighbour¬ 
hood of Z, the zero of F x (£), This, of course, can only happen if a is less than 
Z, Then if £ x is equal to Z, tan y is of order I/v, sin y is positive, y is nearly 
frc, and we have 

/(5) * - */2v + log Ki + o + G, (Q/F a (Ct). (70) 

Furthermore, y, and therefore / (£), is continuous as increases through Z. 

Now consider the variation in/(!;) as 5 increases from 1, or increases from 
0, taking first the case when a is smaller than Z. Then when ** l 688 than 
Z — oc,/ (£) is given by (68), and is + oo when £ a is 0, decreases as increases, 
becomes negative, and, when £ a is near Z — a, is numerically large. When £ a 
is equal to Z — * (or $ is equal to 2Z/a — 1), / (5) is given by (70), and so is 
approximately — 7r/2v. For greater than Z — a, /(?) is given by (69), 
and so is algebraically greater than — rc/v, continually decreases as £ a or 5 
increases, and tends asymptotically to — rc/v as £ a or 5 tends to infinity. 
Hence/ (£) is + oo when £ is 1 and continually decreases, tending asymptotically 
to — 7t/v as S; tends to infinity. Thus the equation/(5) = nr/v has one root 
for each positive or zero value or r, and this is true for all a less than Z. 

When a is greater than Z,/(£) is given by (69), and is easily seen to decrease 
continually from + oo to — tt/v as \ increases from 1 to ao, so that again the 
equation/ (5) — rrc/v has one root for each positive or zero value of r; and this 
is true for all a greater than Z. And when a is equal to Z, the only difference 
is that/ (£) is given by (70) when £ a is small, so that/ (5) is still + oo when £ a 
is zero and decreases as £ a increases. Hence in all cases there is one positive 
real root of the equation/(5) » rrt/v for each positive or zero value of r, and 
these correspond exactly to the roots of the period equation when there is no 
foundation of steady motion, as in § 4. 

We infer that the motion is stable if v is small and positive. 

6,26. Again, when v is zero, the period equation becomes 

<W/F* ft) - G a (W/F. (W - 0, (71) 

which has one real root if a is less than Z, and none otherwise. Hence we infer 
that the motion is unstable for v = Q, or $gh 2 /u x * = £, Instability will first 
show itself in ft wave of increasing amplitude whose velocity is equal to the 
mtnfiirmiin velocity of the fluid flow, and this is true for all wave-lengths, 
viscosity being neglected. 


2 N 2 
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0.27. When a is small, the calculation of § 5.24 applies when m is real, if we 
write m for iv. This leads to the values 

5 toot (r = 1, 2,3,...), (72) 

2m 

corresponding to (50), and to 

= <**=&**, (73) 

corresponding to (53). The last equation gives a stable mode with the same 
expression for the speed, a, as before, but (72) gives unstable modes, of which 
there are an infinite number for irrational m. 


The Dehydration of Copper Sulphate Pentahydrate. 

By John Hume, B.Sc., and James Colvin, Ph.D., the University, Leeds. 
(Communicated by R. Whytlaw-Gray, F.R.S.—Received March 28, 1931). 

In a previous paper* * * § were described the results of an investigation of the 
rate of dehydration of a hemihydrate, where the reaction presumably proceeds 
to completion without the occurrence of intermediate hydrates. In the course 
of the work it became evident that further information might be gained from 
the study of a dehydration reaction whioh could take place in several stages. 
For this purpose copper sulphate is eminently suitable since a penta-, a tri- 
ancla monohydrate exist. It was hoped that by a choioe of suitable conditions, 
the several stages of the reaction might bo observed. The dehydration of 
copper Bulphate pentahydrate has been extensively investigated, notably by 
Rae,t Crowther and Coutts.J and recently by Garner and Tanner.§ 

The most direct method of following the course of such a reaction is dearly 
the measurement of the rate of ohange of mass of a number of small crystals 
of uniform size. Then, if the reaction is assumed to occur at the interface 

* Hume and Colvin, ‘ Proo. Roy. Boo.,’ A, vol. 135, p. 685 (1926). 

t ‘ J. Chem. Soc.,’ vol. 109, p. 1229 (1916). 

t ‘ Proc. Roy. Soc.,’ A, vol. 106, p. 215 (1924). 

§ * J. Chem. Soc.,’ p. 47 (1980). 



separating the solid phases, values for the mean rate of linear propagation* 
can be derived. These values will have real significance only if the liberated 
water molecules are immediately removed from the mixture of reactant and 
resultant. The experiments of Rae and of Crowther and Coutts, made at 
atmospheric pressure are invalidated since the free diffusion of the water 
vapour was restricted by the air pressure. The results of Gamer and Tanner 
obtained in high vacua will be considered in detail later. 

Specimens of copper sulphate pentahydrate prepared by recrystallisation 
and sized by sieving, were examined under the microscope. It was con¬ 
sidered that for simplicity the crystals might be treated as thin rectangular 
parallelepipeds of approximately equal length and breadth. On gently 
warming the crystals, it was found that nucleation proceeded rapidly over the 
entire surface. This suggests that the linear rate of propagation might be 
derived from the experimental curves by the application of a contracting 
rectangular parallelepiped formula (cp. Hume and Colvin, vol. 125 (1929), loc. 
oit.). 

Let l = length (or breadth) of each crystal; 0 « thickness ; V = volume 
of each crystal = Z 2 0 ; t « time after the “ arbitrary zero ” ; u = linear rate 
of propagation ; <x = fraction decomposed at time t ; then 

V —(i~ 2ui) 2 (0 - 2 ut) 
a _ ^ , 

or 

2 ut ( l 2 + 20?) - 4u*t* (21 + 6) + 8«V m 

* “ . m ' '' 

Experimental. 

The experimental method was similar to that adopted for the measurement 
of the mass rate of decomposition of potassium hydrogen oxalate hemihydrate. 
In addition the balance case was in communication with an oil gauge in order 
that the effect of small gaseous pressures on the reaction, might be determined. 
The loaded balance was lowered into the thermostat (maintained at 20*20 ± 
0*02° C.) and allowed to remain at atmospheric pressure for 15 minutes in 
order to attain the temperature of the bath. The balance case was then 
evacuated as rapidly as possible and readings of the extension started as soon 
as the buoyancy effect became negligible. Throughout the investigation 
crystals of the same size, and from the same preparation, were used exoept 
where otherwise stated. 

* Hume and Colvin, * PUL Mag.,’ vol. 8, p. 589 (1929). 
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Results. 


I .—Experiments in vacuo over Phosphorus Pentoxide . 

In these experiments the balance case contained a mass of phosphorus 
pentoxide to absorb the water liberated during the reaction. The evacuation 
was as complete as possible using a Hyvac pump in conjunction with a single 
stage mercury diffusion pump. 

Fig. 1 shows the type of curve obtained. Complete decomposition corre¬ 
sponds to the complete conversion of 
the pentahydrate to monohydrate. It 
is to be noted that there is no evidence 
for the existence of more than one stage 
in the dehydration process. Further¬ 
more, the general shape of the curve, 
having a very short induction period 
confirms the expectation that the rate 
of nucleation is very high. In con¬ 
sequence of this great rate of nuclea¬ 
tion the crystals are rapidly enveloped 
in monohydrate, so that the effects of 
infection by contact are nullified. That 
is to say, even a single crystal can be 
regarded as typical of all the others in 
the decomposing mass. The close 
similarity in the form of the curves 
indicates the degree of reproduoibility, 
which is better shown by the calculation of the linear rate of propagation. 

Derivation of the Linear Rate of Propagation ,—In equation (I), the quantity 0 
is obtained by the direct measurement of the thickness of a large number of 
crystals whose lengths (a) and breadths (b) were also obtained. The quantity 
I was derived from the equation 



Incidentally for the size and shape of crystal used, a and b are approximately 
equal. Substituting the experimental values {l « 0*136 mm., 0 » 0;060 mm.) 
equation (I) becomes 


0 -06982m - I-324Su¥ + 8 
0-001103 
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Thom this, by substituting arbitrary values for (ut) a curve can be obtained* 
From the experimental curve values for the percentage decomposition (100 a) 
at any time t f from the start of the experiment can be read off and hence values 
of (ut) from equation (II). The magnitude t is the time measured from an 
arbitrary zero which would be required for crystals to attain the observed 
degree of decomposition if they had been completely nucleated at the arbitrary 
zero. In general t will be smaller than t\ To obtain values of w, the linear 
rate, from (ut), the discrepancy between t and t f must be determined. On 
the basis of previous experience, assuming that u is a constant, 

(ut)jt f *— A t (constant). 

Clearly, if these views are correct, the product (ut) should be a linear function 
of t\ the time from the start of the experiment. The intercept of the line 
(ut), tf on the time axis gives the magnitude of the correction A t. The results 
of the calculation for the runs (fig. 1, curves I and II) are shown in Table I. 


Table I. 



Curve I, At » 

> 6 minutes. 

Curve II, At 11*5 minutes. 

t\ 

100a. 

ut. 

u x 10 4 in mm. /min. 


100a. 

ut. 

ttXlO 4 in mm./min. 

\ 

10 

12*2 

0-00210 

4*20 

20 

17*9 

0*00310 

3*26 

16 

20*4 

0*00370 

3*70 

26 

24*1 

0*00420 

3*11 

20 

29*2 

0*00615 

3 43 

30 

32*2 

0*00580 

3*13 

26 

37*1 

0*00670 

3*35 

36 

40*2 

0*00735 

313 

30 

45 5 

0*00866 

3*42 

40 

47*2 

0*00990 

310 

36 

52*9 

0*01030 

3*43 

46 

64*0 

0*01060 

3*16 

40 

59*7 

0*01210 

3*46 

60 

00*7 

0*01240 

3*22 

46 

66*9 

0*01415 

! 3*46 

65 

60*1 

0*01400 

3*22 

60 

71*4 

0*01560 

3*47 

80 

70*8 

0*01640 

3*18 

66 

76*0 

0*01710 

3*42 

66 

74*9 

0*01675 

3 13 

60 

80*2 

! 0*01876 

3*41 

76 

80*8 

0*01896 

2*98 


The constancy of the values of u , the linear rate, obtained during the run, 
from 25 per cent, to 75 per cent, decomposition is satisfactory, Deviations 
in the earlier stages are to be anticipated from the nature of the assumptions, 
and in the later stages owing to the extinction of small particles and the 
increasing effect of errors in the estimation of the interfacial area. Table H 
contains the values of u derived from experiments carried out under identical 
conditions but at widely different dates. 
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Table II. 


Date. 


u in mm./min. 


December 17, 1929 
January 28, 1920 . 
January 29, 1920 . 

July 20,1930 . 

January 30,1931 . 


0*000345 
0 *000348 
0*000317 
0 *000305 
0 000290 


The concordance amongst the results is satisfactory. 


II .—Influence of Pressure on the Decomposition Curve . 

Before proceeding to the specific effect of water vapour on the reaction, it 
is necessary to evaluate the effect of small pressures of a non-reacting gas. 
Accordingly the previous experiments were repeated with small pressures of 
air, dried by phosphorus pentoxide in the balance case and gave the results 
contained in Table III. The experiments dated December 18, 1929 and 
February 3, 1930, are shown graphically in fig. 1 as curves III and IV respec¬ 
tively. Only the points are shown since these so nearly coincide with curves 



Table III. 


Date. 

Pressure in mm. mercury. 

u in mm. /min. 


1 

0 002 

0 000321* 

Deoembor 18, 1929. 

0*9 

0*000356 

December 19, 1929 .. 

1*5 

0 000328 

February 3, 1930. 

2-7 

0*000314 

January 30, 1930 . 

4*3 

0*000263 

* Mean value from Table II. 



It will be seen that with the exception of the last experiment at a pressure 
of 4-3 mm. the agreement between the individual values is as good as that 
between the various runs under the same conditions in vacuo . At the highest 
pressure used, a distinct retardation of the reaction is noticeable, probably due 
to interference with the diffusion of the water vapour from the vicinity of the 
reaction. 


III. —-Influence of Water Vapour on the Decomposition Curve . 

Since it has been established by the previous experiments that the rate of 
decomposition is substantially constant over a range of gaseous pressures, the 
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effect of low pressures of water vapour can be investigated. In the first place 
it was hoped that the primary reaction, namely, the conversion of the penta- 
hydrate into trihydrate might be resolved by repeating the previous experi¬ 
ments with the substitution of a mixture of copper sulphate trihydrate and 
monohydrate in place of the phosphorus pentoxide. Under these conditions 
no reaction was observed. Various sulphuric acid-water mixtures capable of 
giving lower vapour pressures were used. Fig. 1, curve V, is typical of the 
results obtained. It was found that in those cases where reaction took place 
with measurable velocity, decomposition proceeded beyond the trihydrate 
stage without the slightest evidence of the formation of an intermediate 
hydrate. Increase in the water vapour pressure retards the reaction until 
finally complete stoppage is caused. 

It is to be remembered that the velocity of a reaction of this kind is deter¬ 
mined by two factors, namely, the rate of nucleus formation and the rate of 
propagation, each of which may be susceptible to the influence of water vapour. 
In view of this, vapour pressures too high for nueleation may allow the reaction 
to proceed once the nueleation has been effected. Preliminary experiments 
showed this to be the case. 

A specimen of copper sulphate pentahydrate was partially dehydrated over 
phosphorus pentoxide in vacuo . When decomposition had proceeded to 27 
per cent, the phosphorus pentoxide was replaced by a sulphuric acid-water 
mixture, too dilute to permit nucleus formation, and the run continued. 
Decomposition continued extremely slowly. The decomposition curve (fig. 2, 
•curve I) shows a point of inflection in the neighbourhood of 50 per cent., 
corresponding to the formation of trihydrate. At 60 per cent, decomposition 



Fig. 3. 
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the Bulphuric acid-water mixture was replaced by phosphorus pentoxide and 
the experiment continued in vacuo . During the replacement, water was 
absorbed from the atmosphere so that the apparent decomposition on re¬ 
evacuation was 54 per cent. Rapid decomposition to 71 per cent, was followed 
abruptly by very slow dehydration. Fig. 2, curve II, shows this stage of the 
reaction, zero time being the time of re-evacuation. 

Discussion of Results, 

The results obtained m varno and at low pressures of water vapour support 
the theory that the rate of loss of four molecules of water is controlled by the 
linear rate of advance of the interface between the solid phases. The existence 
of this interface has been observed by Gamer and Tanner (be, oil.) at tempera¬ 
tures below 56° C. The reaction at the interface requires further consideration, 
in that, although the curves in fig. I show no evidence of more than one stage 
in the reaction, this does not preclude the possibility that the process actually 
occurs in two Btagos, namely, 

— 2H t O -211,0 

CuS0 4 .5H 2 0-- CuS0 4 .3H 2 (>-► CuS0 4 . H 2 0. 

Provided that the second stage proceeds immeasurably fast compared with 
the first stage and that the water liberated can diffuse through and evaporate 
rapidly from the decomposed material then the type of curve obtained is to 
be anticipated. This view necessarily leads to the assumption that the effective 
interface is one between penta- and trihydrate, the latter having but momentary 
existence. 

It is to be expected that in most cases, where the reactant and the resultant 
have different crystal structures, the dehydration of a solid hydrate would 
lead to the formation of the lower hydrate in a fine state of division approxi¬ 
mating to the molecular. This view has already been advanced by Partington* 
and by Kohlschutter/j* The subsequent behaviour of the hydrate would then 
be governed by two tendencies—to build up aggregates of its characteristic 
lattice and to lose further water if the conditions are favourable. In the 
experiments represented by the curves in fig. 1 the pressure of water vapour 
is so far below the equilibrium pressure of the trihydrate-monohydrate mixture 
that the latter tendency predominates, and the trihydrate is decomposed in 
the moment of its formation. 

If this tendency is repressed by the imposition of a suitable pressure of water 

* ‘ J. Chem, Soc./ vol. 99, p. 466 (1911). 
t ‘ Helv. Chim. Act./ vol. 13, p. 978 (1930). 
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vapour, the aggregation takes place to form relatively massive particles of 
trihydrate, whose rate of dehydration will depend on the rates of nucleus 
formation and of linear propagation. If these rates are small compared with 
the corresponding rates for the reaction, pentahydrate -► trihydrate, a curve 
showing a break in the neighbourhood of 50 per cent, decomposition should be 
obtained. That these conditions can be realised experimentally is shown by 
fig. 2, curve I. An interesting intermediate case is afforded by curve V, fig. 1, 
in which the life of the finely divided trihydrate is prolonged enough to permit 
aggregation to some slight extent. Thus the extent of decomposition of the 
pentahydrate to trihydrate and of finely divided trihydrate to monohydrate, 
after 12 hours corresponds to 84'8 per cent, decomposition. Beyond this 
stage no further reaction could be detected, suggesting that the vapour pressure 
of water is too high to allow nucleation of the aggregated trihydrate so that 
its decomposition is prevented although it is in a metastable condition. 
Consequently copper sulphate pentahydrate dehydrated over sulphuric acid- 
water mixtures yields a mixture of tri- and monohydrate, whose composition 
is a function of the water vapour pressure imposed on the system. Since 
similar considerations are applicable to the dehydration of monohydrate it 
might be expected that with low pressures of water vapour a small amount of 
anhydrous copper sulphate would be formed. This is shown by the results 
in Table IV. 


Table IV. 


Percentage H a S0 4 ... 
Percentage D =» 100a 


100 

100 

00 

90 

80 

80 

102-9 

101-6 

00-8 ; 

1 

97-0 

92-6 

926 


As in all the calculations in this paper, the percentage decomposition is referred 
to the theoretical loss of four molecules of water unless otherwise stated. 

It is now possible to derive the rate of advance of the interface in presence 
of water vapour. At any moment, in the interfacial layer a certain amount 
of trihydrate will be aggregated and the remainder decomposed. Assuming 
that the amount aggregated in the layer is proportional to the area of the 
interface at that moment, the weight of water liberated from trihydrate will 
bear a constant ratio to the weight of water liberated from pentahydrate, 
independent of the area of the interface, i.e the interface advances leaving 
a mixture of monohydrate and evenly distributed aggregates of trihydrate. 
Clearly then 100 per cent, for these cases corresponds, not to the loss of four 
molecules of water, but to the point represented by the final composition of 
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the mixture. The data afforded by curve V, fig. 1, are recalculated on this 
basis in Table V. 

Table Y. 


r. 

D. 

I 

1 1 

100 a. 

lit. 

u in mm./min. 

mins. 


mins. 

! 



40 

29-3 

21*5 

34*5 

0*00615 

0 000286 

50 

38’3 

81 >6 

46* 1 

0*00846 

0*000268 

65 

42*0 

36*5 

| 50*6 

0*00978 

0*000208 

60 

47*3 

41 5 

i 55*8 

0*01108 

0*000267 

70 

55*6 

1 51*5 

65*5 

0*01380 

0*000208 

80 

62-9 

1 61*5 

74*2 

0*01650 

0'000208 

90 

68-7 

| 71*6 

81*0 

0*01900 

0*000260 

102 

74*4 

1 83*5 

87*7 

0*02200 

0*000263 

— 

84*8 

1 — 

100*0 

— 

— 


The constant value obtained for u is, as would be expected, lower than that 
obtained in the absence of water vapour. 

Garner and Tanner have remarked on the absence of an interface in the 


dehydration of trihydrate produced by 
the decomposition of pentahydrate. 
On the arguments advanced above 
such an interface is not to be 
expected. 

Experimental. 

A scries of experiments was under¬ 
taken to investigate the effect of re¬ 
hydration of monohydxate. It was to 
be expected that an accelerated mass 
reaction rate would be observed for 
the dehydration of pentahydrate thus 
formed. Whilst this was realised the 
effects proved much more complex than 
had been anticipated. Four typioal 

experiments are shown in fig. 3. 
iJio. 3.—Curve II is displaced 5 minutes ~ T . . * 

to right; curve III i* displaced 15 CuTVe L ~ A 8 P etamen of C0 PP" 

minutes to right. sulphate pentahydrate was completely 

converted to monohydrate on the 
balance in vacuo over phosphorus pentoxide. Rapid rehydration to 
pentahydrate was then effected by exposure to saturated water vapour, the 
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process occupying approximately 30 minutes. Care was taken to prevent 
the absorption of excess of water. The rate of dehydration was measured over 
phosphorus pentoxide in the usual way. 

Curve II, —Similar procedure was followed in this case, except that the 
rehydration was effected more slowly and required 90 minutes for completion. 
Experiments allowing as long as 90 hours gave substantially the same results. 

Curve III. —In this case incomplete rehydration over sulphuric acid for 270 
minutes resulted in the formation of a mixture of penta- and trihydrate which 
was then dehydrated as before. 

Curve IV. —Very rapid partial rehydration was followed immediately by 
dehydration as before. 

Discussion. 

In general complete rehydration of the finely divided monohydrate must 
produce pentahydrate in a state of division much finer than that of the original 
crystals. The actual size will depend on the extent to which aggregation in 
the hydrated mass is possible, so that the time occupied by the rehydration 
process will be a factor of importance. Comparison of curves I and II shows 
that aggregation can proceed in the absence of water for more than 30 minutes, 
but its effect becomes inappreciable after 90 minutes. 

In curve III, the effects of aggregation of the trihydrate are again apparent. 
The steep portion of the curve corresponds to the decomposition of penta¬ 
hydrate and the finely divided trihdyrafce resulting therefrom, but the trihydrate 
aggregates decompose at a slower rate. Curve IV is a somewhat similar case 
where rehydration was carried out approximately to the trihydrate stage. 
Apparently some pentahydrate was produced, so that a core of monohydrate 
must have remained. The presence of this small amount of pentahydrate 
accounts for the initial rapid rate, the subsequent slow rate representing the 
normal slow decomposition of the aggregated trihydrate. In this experiment 
although the rehydration was as rapid as possible, aggregation to a considerable 
extent must have occurred. Curve II of fig.,2 is to be explained in a similar 
way. 

Discussion of Results of Qamer and Tanner . 

The results of Gamer and Tanner, published during the course of this 
investigation, afford a considerable amount of data which may be used to test 
the conclusions reached in the preceding sections. In their experiments the 
rate of dehydration of single large crystals of copper sulphate pentahydrate 
was measured in high vacua over a range of temperatures. 
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Although the shape of the crystals is not detailed, measurements of the mass, 
thickness and superficial area of each crystal are given. Making the assump¬ 
tion that the crystals are rectangular parallelepipeds of equal length and 
breadth, values for the length can be calculated from the mass and thickness 
which yield a superficial area in reasonable agreement with that observed. 
Values for the linear rate can then be derived from equation (I). Details of 
two experiments (1 and II) are given in Tables VI and VII. 


Table VI, 

Temperature 36 • 5° C. ; weight 0 * 339 gm. ; area 2 • 4 cm. a ; At = — 0 • 75 hour ; 


thickness = 0*205 cm. ; length = 0*855 cm. 


in hours. 

j 100 a. 

ut . 

u in cm. /hr. 

2 

! 18*5 

0 013/1 

0-00509 

4 

33*3 

0-0254 

0*00636 

6 

' 46*4 

0 0365 

0*00541 

8 

67-8 

0*0477 

0*00546 

10 

68*2 

0*0688 

0*00547 

12 

70*9 

0*0090 

0*00641 

13 

80*0 

0 0737 

0*00530 


Table VII. 

Temperature 36 • 5° C.; weight 0 • 216 gm.; area 1 * 96 cm. 2 ; At = — I • 0 hour ; 


thickness = 0*144 cm.; length = 0*814 cm. 


t' in hours. 

100 a. 

1 

i 

u in ora./hr. 

2 

26*8 

0*0160 

0-00600 

4 i 

47*7 

0*0285 

0*00570 

6 

04*6 

0*0406 

0*00580 

8 

i 78*8 

0*0520 

0*00578 

9 

84*3 

0*0507 

0*00567 


The agreement of the values of u f the linear rate is striking in view of the 
difference of the dimensions of the crystals. 

Table VIII contains the values of u derived in this way from the data of 
Gamer and Tanner. 
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Table VIIL 


Experiment number. 

Temperature, ° C. 

u in cm./hr. 

i 

vin ! 

20-5 

0*00188 

VII 

21-5 

0*0018 

VI 

20-5 

0-0028 

III i 

36-5 

0*0056 

II I 

36*5 

0*0057 

1 1 

36-5 

0*0064 

IV 

351 

0*0048 

X 1 

46-0 

0 0078 

IX 

46*25 

i 

0*0087 


The numbers in the first column refer to the number of the experiment in the 
original paper. On plotting log u against 1 /T a line results, giving an energy of 
activation of 11,400 calories, which will be a minimum value because of the effect 
of self-cooling. Extrapolating this line to 20° C. gives the value u = 0-000305 
mm. per minute in numerical agreement with the mean value given in Table I, 
namely, 0-000321 mm. per minute. This agreement might be fictitious unless 
it is established that different specimens of copper sulphate pentahydrate 
give the same linear rate. To test this a number of preparations of penta¬ 
hydrate were examined. Reasonably constant values for the linear rate were 
obtained, justifying the comparison of our value with that of Gamer and 
Tanner. We wish to acknowledge our indebtedness to Mr. M. M. Krupeney 
for carrying out these latter experiments. 

It is hoped to make the quantitative investigation of the influence of water 
vapour on the linear rate the subject of a further communication. In con¬ 
clusion we wish to thank the Government Grants Committee of the Royal 
Society for a grant to one of us (J. H.) which defrayed part of the costs of this 
investigation, and to Professor R. Whytlaw-Gray, F.R.S., for his continued 
interest in this work. 

Summary . 

Measurements have been made in vacuo of the rate of dehydration of copper 
sulphate pentahydrate at 20° C., using uniform particles of known size. 

The results have been analysed by a method which enables the linear rate 
of propagation of the reaction 

— 2H,Q 

CuSO*. 5H a O-CuS0 4 .3H 2 0 

through the pentahydrate lattice to be determined. 
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A brief investigation of the effects of increasing the air and water vapour 
pressure was attempted. 

Evidence has been obtained that a solid hydrate on decomposition gives 
rise to a layer of material of almost molecular size. This will possess two 
tendencies, namely, to aggregate and to decompose. Whether one or the other 
will predominate depends on the surrounding conditions. 

Aggregation and slow nucleation account for the persistence in mixtures 
of hydrates of a hydrate which is metastable under the vapour tension conditions 
of the environment. 


On the Change of Resistance of Nickel in a Magnetic Field . 

By H. H. Potter, Ph.D., Lecturer in Physics, University of Bristol. 

(Communicated by A. P. Chattock, F.R.S.—Received March 30, 1931.) 

In a recent paper Gerlach and Schneiderhan* have described a series of 
experiments on the resistance of nickel considered both as a function of the 
temperature and as a function of an external field applied parallel to the 
wire. 

In the absence of an external field the change of resistance with temperature 
can be considered as made up of two terms, the first being due to the result 
of the ordinary temperature coefficient of resistance, and the second (AR) 
being proportional to the energy of spontaneous magnetisation, f According 
to the Weiss theory this energy of spontaneous magnetisation is equal to 
— \m z , where n is the constant of the intramolecular field and cr the volume 
intensity of magnetisation. Plotting AR against T, and a 2 against T, Gerlach 
and Schneiderhan obtained curves which were coincident over the whole 
range from room temperature to the Curie point. The agreement is extra¬ 
ordinarily close and leaves no doubt as to the intimate connection between 
AR and a* 

In addition to this change of resistance with temperature, Gerlach and 
Schneiderhan examined the change of resistance at constant temperature in 
an external longitudinal magnetic field (II). At room temperature an increase 

♦ ‘ Ann. Physik,’ vol. 5, p, 772 (1930). 

t The energy of magnetisation is not magnetic in origin, but according to Heisenberg it* 
is due to the exohange of electrons controlled by the alignment of spins. 
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of resistance with increasing external field takes place. As the temperature 
is increased the increase of resistance becomes less marked and in the neighbour* 
hood of the Curie point it decreases when an external field is applied. For a 
given applied field the decrease is a maximum at the Curie point falling off 
rapidly both above and below this temperature. If the decrease in a given 
field is plotted as a function of the temperature the curve obtained bears a 
striking resemblance to that connecting the magneto-caloric effect and the 
temperature. Since the magneto-caloric effect is a direct measure of the energy 
liberated on magnetisation, it would appear that we are again dealing with a 
resistance change which is proportional to this energy. The change of resistance 
at room temperature seems to obey quite another law which is not discussed 
by Gerlach and Schneiderhan. 

Object of Present Eesearch. 

If the results of Gerlach and Schneiderhan are correct, they have established 
a fact which is of fundamental importance in the theory of electron conduction 
in ferromagnetic materials. It seemed to the writer important that the 
experiments should be repeated over a wider range of field, particularly in 
view of the fact that one of the results Gerlach and Schneiderhan obtained is 
in conflict with the conclusions of their paper. They found that in the 
neighbourhood of the Curie point the change of resistance is directly propor¬ 
tional to the external field. Now it is very difficult to see how such a simple 
relation could hold. The relation between energy of magnetisation and 
external field is somewhat complicated near the Curie point, whereas at higher 
temperatures in the quasi-paramagnetic condition the energy is surely pro¬ 
portional to H 2 . The writer has examined this effect in fields up to 7000 gauss 
as against a maximum of 400 gauss used by Gerlach and Schneiderhan. It 
will be shown below that the relation between resistance and external field 
is not a linear one, but is such as would be expected if the resistance is propor¬ 
tional to the magnetic energy. A further test of the relation between these 
two quantities is obtained by a comparison of results with transverse and 
longitudinal fields. It is obvious that if one is concerned only with the energy, 
the direction of magnetisation will be of no consequence. This will be shown 
to be accurately true, the two effects, in the neighbourhood of the Curie point, 
being qualitatively and quantitatively identical. 


2 o 


von. cxxxii.—a. 
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Experimental Arrangements. 

The measurements were made between the poles of a Weiss electromagnet 
having pole faces of cobalt steel 10 cm. in diameter and a pole gap of 4 cm. 
The field was uniform to within a few per cent, over the space occupied by the 
specimens. The resistance to be measured was that of a pure nickel wire 
34 8.W.6. In order to maintain steady temperatures and to prevent oxidation, 
the wire was mounted in an evacuated tube 1 * 8 cm. external diameter, the 
measurements being made by a voltage-current method. The voltage was 
measured on a thermocouple potentiometer capable of an accuracy of one part 
in 30,000, whilst the current was kept constant by the use of a steady potential 
supply and a series resistance of such magnitude that the change of resistance 
of the nickel on application of a field was insufficient to produce an appreciable 
change of current. To eliminate thermoelectric effects the potential leads and 
the actual specimen were made of one continuous nickel wire, the current leads 
being of heavy copper pinched on to the nickel. 

The evacuated tube was surrounded by a long electric furnace wound with 
nichrome wire on a thick copper core to give uniformity of temperature. The 
temperature of the nickel wire could be obtained either from its resistance or 
from a copper-constantin thermocouple mounted close to the specimen. The 
furnace and tube were mounted vertically between the poles of the electro¬ 
magnet. 

The mounting of the nickel wire for the measurement of the transverse 
effect is shown in fig. 1. The nickel wire aa forming a V-shaped filament was 
pinched on to two thick copper leads bb and looped into a strong molybdenum 
spring c which served to keep it straight and to take up the expansion. Any 
desired tension could be applied by adjusting the nuts dd which were threaded 
on to the copper. The current leads were copper wires ee brazed on to bb } 
whilst the potential leads ff were of nickel in one piece with the filament. 
The filament was about 11 cm. long in all and, with the copper leads and spring, 
was mounted on a glass frame gg . The tube h supported the frame and also 
carried the thermocouple leads, the thermo-junction being at the point j. 

The mounting for the measurement of the longitudinal effect is made some¬ 
what difficult owing to the necessarily small pole gap and the impossibility of 
getting more than a short piece of wire parallel to the field. The arrangement 
adopted is shown in fig. 2. The wire was wound as indicated on a thin sheet 
of soda glass which was supported by two stout copper leads bb. These leads 
were suitably bent at the ends, threaded through holes drilled in the glass plate 
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and secured by nuts threaded on to the copper. The nickel wire was secured 
under the nuts, the copper acting as current leads, and the nickel itself being 



Fig. 1. Fig. 2. 


used as potential leads (ff). The difference of expansion of nickel and soda 
glass is fairly small, so that the wire did not become slack on rise of temperature. 
The copper leads were secured to the glass tubes cc mounted on the main 
supporting tube h which, as before, carried the thermocouple leads. 

With this arrangement the whole of the wire is not, of course, parallel to the 
field, but the length perpendicular to the field can be estimated and can be 
corrected for by using the results obtained for the transverse effect. In the 
neighbourhood of the Curie point, however, the transverse and longitudinal 
effects have been found to be so nearly equal that no such correction is necessary. 

Experimental Results. 

Measurements near the Curie Point ,. 

1. Transverse Effect .—The curves showing the connection between AR/R 
and H for a transverse field are shown in fig. 3, which covers the range of 

2 o 2 
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temperature from -183° to 230° C., and fig. 4, which covers the range from 
279° C. to 381° C. The Curie temperature is at 357° C. The values of H 




given are corrected for demagnetising effect. This has been done by taking 
the results of Weiss and Forrer for the connection between the intensity and 
the field. Owing to the incompleteness of the data the correction could be 
made only approximately. This, however, is not a serious drawback since 
an error of 20 or 30 per cent, in this correction makes very little difference to 
the form of the curves in spite of the fact that the actual magnitude of the 
correction for temperatures up to the Curie point is quite big. 

2. Lorxgitudinal Effect.—The results of measurements on the longitudinal 
effect over approximately the same temperature ranges are shown in figs. 5 
and 6. Below 300° C. the two effects are completely dissimilar, but above this 
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temperature they are almost identical, although in comparing figB. 4 and 6 it 
must be remembered that the effect changes so rapidly with temperature that 
a difference of a few degrees will give a very marked change in the ordinates 
of the curves. 

In fig. 7 Weiss and Forrer’s results for the magneto-caloric effect* have been 
plotted against field strength. The effect corresponds, of course, to a rise of 



Fig. 7.—Magneto-caloric Effect (Weiss and Forrer). 

temperature on switching on the field, but for purposes of comparison with the 
resistance effect the ordinates of the curves are measured downwards. The 
similarity of the three sets of curves in figs. 4, 6 and 7 is certainly very striking* 
Except for the curves at *279° (fig. 4), 278° (fig. 6) and 277° (fig. 7), curves at 
corresponding temperatures bear a marked resemblance to one another. The 
dissimilarity in the cases referred to is obviously due to the fact that the 
phenomena met with at lower temperatures has not completely disappeared. 
At high fields, however, these curves all become straight lines of approximately 
equal slopes. A trace of the low temperature effects is still noticeable at 339° 
(fig. 4) and 337° (fig. 6). 

In fig. 8 the change of resistance for four temperatures above the Curie 
point is plotted against H 2 . These show clearly that well above the Curie 
point the change in resistance is proportional to the square of the field or to the 
energy of magnetisation in the paramagnetic state. The curve at 366° C. 
is not quite a straight line due, of course, to the fact that so near to the Curie 
point the intensity of magnetisation is not quite proportional to the external 
* Weiss and Forrer, • Ann. Physique/ vol. 10 , p. 153 (1936). 



Resistance of Nickel in a Magnetic Field. 


567 


field. The magneto-calorio effect shows the same gradual approach to pro¬ 
portionality to H*. 

In fig. 9 the change of resistance in a field of 6000 gauss is plotted against the 
temperature. The circles refer to the transverse effect and the crosses to the 



Fio. 8.—Field perpendicular to ourrent. 



FlO. 9.—O, Resistance in Transverse Field ; X , Resistance in Longitudinal Field; 
•, Magneto-caloric Effect. 


longitudinal effect. For the two lowest temperatures where there are obviously 
two or more effects present, the values of AR/R are calculated from the slopes 
of the straight parts of the curves (figs. 4 and 6). The black dots are the values 
of the magneto-caloric effect multiplied by a constant to make the two peaks 
the same height. The quantity plotted is not the magneto-caloric rise of 
temperature, but this multiplied by the specific heat* at the temperature of the 

* The values for the specific heat were taken from a paper by Mr. Suoksmith and the 
writer, 1 Proc. Roy. Soo.,’ A, vol. 112, p. 157 (1926). 
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observation. It is obviously this product which represents the energy set 
free on magnetisation. Fig. 9 shows clearly that the change in resistance is 
independent of whether the field is transverse or longitudinal and the agreement 
with the magneto-caloric change of energy is certainly as good as can be 
expected. 

In making the observations of resistance change near the Curie point the 
magneto-caloric effect is easily detectable, the wire taking some little time to 
acquire its proper resistance owing to the heat liberated on switching on the 
field. With fine wires, however, this heat is very quickly dissipated. 

Measurements at Temperature below 300° C. 

The results of a preliminary investigation on the change of resistance in a 
magnetic field at temperatures well below the Curie point is shown in figs. 3 and 
5. The effect in a transverse field, fig. 3, is opposite in sign to the effect in 
a longitudinal field. Neither effect varies in a very simple way either with 
temperature or with the value of the spontaneous magnetisation. Nevertheless 
at temperatures well below the Curie point the maximum value of the longi¬ 
tudinal effect does appear to decrease almost linearly with rise of temperature. 
The transverse effect varies quite differently with temperature, not altering 
much in magnitude between 15° C. and —183° C. At the latter temperature 
the resistance rises again at higher field values. It seems probable that we 
are dealing with at least two separate effects—one effect being intimately 
connected with the ferromagnetic properties and the other being due to the 
ordinary change of resistance in a transverse magnetic field which is met with 
in all non-ferromagnetic conductors. This latter effect is known to increase 
very rapidly with fall of temperature and may be responsible for the rise of 
resistance at high fields shown at the boiling point of liquid oxygen. The 
curve showing the effect of a longitudinal field at the temperature of liquid 
oxygen (fig. indicates that the resistance is approximately constant at high 
fields. But it has been mentioned above that the measurements on the 
longitudinal effect had to be corrected on account of a portion of the wire being 
perpendicular to the field. The chief effect of this correction is to alter the 
slope of the (AR/R, H) curves at higher values of H. As this correction could 
not be calculated very accurately, too much reliance must not be placed on the 
course of the curve in this region. 
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Summary and Conclusions . 

The change of resistance of a nickel wire in both transverse and longitudinal 
magnetic fields has been examined for a range of temperatures from—183° C. 
to about 460° C. In the neighbourhood of the Curie point the change of 
resistance is independent of the direction of the field and is found to vary 
with field and temperature in a way analogous to the variation of the magneto¬ 
caloric effect. Since the latter is a direct measure of the energy of magnetisa¬ 
tion, the changes of resistance must, as suggested by Gerlach and Schneiderhan, 
be proportional to the changes in the magnetic energy. This is shown to be 
true both in the ferromagnetic state and in the quasi-paramagnetic state above 
the Curie point. 
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The Dielectric Coefficients of Gases.- . Part I. The Rare Gases 

and Hydrogen . 

By H. E. Watson, D.Sc., G. Gunbu Rao, M.Sc., and K. L. Ramaswamy, M.Sc., 
Indian Institute of Science, Bangalore. 

(Communicated by M. 0. Forster, F.R.S.—Received April 13, 1931.) 

The heterodyne beat method affords a means of measuring the dielectric 
coefficients of gases with a relative accuracy exceeding that of any of the older 
determinations, and in consequence it has been employed by a number of 
observers during recent years. The published results, however, iu many 
cases, refer mainly to the method, and measurements are restricted to one or 
two gases apparently selected at random. Such determinations when made at 
different temperatures suffice to determine the electric moment, but owing to 
the great difficulty of measuring the absolute values, the figures for the di¬ 
electric coefficients themselves obtained by different observers cannot be 
co-ordinated. 

In a previous paper by one of us (H. E. W.)* results were given for measure- 
♦ 4 Proc. Roy. Soc./ A, vol. 117, p. 43 (1927). 
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merits of ammonia, phosphine and arsine. Similar experiments have since 
been conducted with a number of other gases and it is intended ultimately to 
include all the stable gases so that the results, even if not correct absolutely, 
will at least be comparable with each other. In the present series, while making 
every effort to eliminate constant errors, frequent comparisons have been made 
with carbon dioxide which is a very convenient standard. 


Experimental. 

Theseries method of Zahn,* according to which a small change in the capacity 
of a condenser is measured by determining the change in a large condenser in 
series with it necessary to make the total capacity the same as before, was 
again employed. Certain disadvantages in this procedure have been found 
during the course of the experiments, but it is doubtful if they are greater than 
those met with in the parallel method which requires the calibration of a 
variable condenser with a maximum capacity of the order of 0*5 [x[xF. to at 
least 1 part in 1000. It is intended to make a critical comparison of the two 
methods at a later date. The general arrangement of the apparatus was the 
same as that described previously, but as some of the rare gases have very low 
dielectric coefficients it was necessary to provide for greater sensitiveness. 
The audio-oscillator was replaced by a valve-driven tuning fork with a period 
of 750 cycles, and a crystal oscillator with a frequency of 958 kc. was used as 
a standard frequency source, the beats between this and the measuring circuit 
being made audible by a detector valve and two note magnifiers. The crystal 
oscillator was placed at some distance from the measuring circuit, and as 
observations were made when the frequency difference was 750 cycles there 
was no tendency for the two to pull into step. The crystal and tuning fork 
were both protected from draughts, but were not placed in a thermostat as 
slow frequency variations were of no account. Work at constant frequency 
involved the construction of a special coil for each gas condenser. A final 
adjustment was made by means of a very small shielded condenser with two 
parallel plates connected in parallel with the coil. 

Since the completion of the former experiments several authors have 
published papers dealing with valve oscillators of constant frequency. Among 
these, Martyn showed that grid current was the most important cause of 
frequency variations,f and later described an oscillator which was stated to 

* 1 Phys. Rev.,* vol, 24, p. 400 (1024). 
t ‘ Phil. Mag., 1 4, vol. 24, p. 922 (1927). 
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maintain its frequency constant to 1 part in a million for several hours.* 
Maske*f designed a generator with a series condenser in the anode circuit 
which changed its frequency by less than 1 part in 10 million when the filament 
current was altered 10 per cent. Both these arrangements were tried. Satis¬ 
factory results could not be obtained with Maske’s circuit, while Martyn’s 
oscillator in practice was found inferior to the simple tuned grid circuit 
previously used. It required careful adjustment for each set of connections 
and so was unsuitable for calibration purposes; it involved the use of a grid 
bias battery, an extra complication ; the high voltages were found in some 
-cases to ionise the gas in the condenser, while the general stability was not 
appreciably better. The former arrangement was consequently retained with 
a few modifications suggested by Martyn’s results, viz., filament voltage was 
50 per cent, of the normal, grid current was adjusted to 0*5 (jlA. and Litzen- 
draht coils were used. 

Owing to the somewhat complex circuit necessary for measuring purposes 
and the length of the leads, small external influences such as temperature 
changes had an appreciable effect on the frequency. For example, on a 
slightly damp day a very large creep was once observed when working with the 
condenser at liquid air temperature ; this was traced to condensation of 
moisture on the grid lead causing a gradual alteration of its capacity to earth. 
In subsequent experiments this lead was encased in a glass tube upon which 
no condensation occurred. In order to counteract the tendency of the readings 
to creep, whether through external circuit changes or variations in the frequency 
of the oscillator itself, the double battery system previously used with the 
oscillating detector was employed to heat the oscillator valve filament. Two 
cells were arranged in series with a variable resistance so as to charge the 
single cell supplying the filament current. By altering the resistance, the 
e.m.f. of the filament battery could be caused cither to rise or fall very slowly, 
thus producing a steady change in frequency which neutralised the creep. 
Measurements of capacity were not usually made if the creep exceeded one 
scale division a minute corresponding with a change in frequency of 1 part in 
3 million. This introduced no appreciable error, as the actual measurement of 
dielectric coefficient occupied only about half a minute apart from readings 
taken before and after the pressure change to check the steadiness. 

The gas condenser previously used suffered from the disadvantage that at 
least an hour was required for temperature equilibrium to be established. 

* « Exp. Wireless,* vol. 7, p. 3 (1930). 

t 1 Phys. Z./ vol. 30, p. 197 (1929). 
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To overcome this difficulty a new type was designed with a central hole through 
which the liquid of the bath could pass. The condenser itself, 0, fig. 1, con¬ 
sisted of three concentric metal tubes, the outer two joined together at the 



ends and the centre one separated from them by six small quartz spacers about 
1£ X 1 mm. ground to the correct thickness. The assembly was enclosed in 
the annulus formed by two pyrex tubes fused together at the ends. For the 
majority of the experiments a condenser with silver tubes made by plating the 
metal on rotating mandrils of the desired size was used. The thickness of the 
tubes which were gold plated before assembly was 0*25 mm. and the spacing 
0*65 mm. The capacity was 258 After making several hundred 

measurements, it was observed that the values of the dielectric coefficients of 
a number of gases at the temperature of liquid air when reduoed to equal 
density were larger than those at room temperature by a constant quantity, 
indicating a small electric moment of the same value for all of them. As this, 
seemed improbable, a constant error was suspected. Such an error oould not 
be due to incorrect calibration, and it was finally traced to deformation of the 
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condenser with pressure in spite of the pressure inside and outside the metal 
tubes being always equal A second condenser of slightly smaller dimensions 
was made from gilt brass tubes 0*5 mm, thick with the same spacing as before. 
This had the advantage of small volume, 24 c.c., but as its capaoity was only 
138 fxjxF., errors due to incorrect estimation of stray capacities were magnified. 
Both condensers could be fitted to the apparatus with ground joints of the same 
dimensions and so were readily interchangeable. 

As the pressure of the gases under investigation, with the exception of krypton 
and xenon, could not be reduced to a low value by cooling them in liquid air, 
the pressure in the condenser was diminished by expanding the gas into a large 
bulb A, fig. 1, 750 c.c. in volume, from which it could be displaced by mercury. 
The volume of the larger condenser and dead space was 70 c.c., so that this 
expansion reduced the pressure to about one-tenth of its original value. The 
general arrangement is shown diagrammatically in the figure, the U-tube being 
used if required for condensing or fractionating gases at low temperatures. 
The whole apparatus was made of durosil except the expansion bulb, which 
was of soft glass, as it could not be obtained in the former material. 

Calibration . 

The variable condenser to the readings of which all values were referred was 
subjected to a step by step calibration at intervals and was found to retain its 
constancy in spite of the large daily temperature variations experienced in a 
tropical climate. It had a small temperature coefficient which was found to 
be negligible in practice as the variations were automatically compensated by 
the apparent changes in the values of the auxiliary condensers, all of which 
were checked after every experiment against the standard quartz-silver con¬ 
denser previously used. As an additional precaution a second but smaller 
silvered quartz condenser was constructed with a capacity equivalent to 1000 
soale divisions of the variable condenser, the approximate variation obtained 
when measuring dielectric coefficients. The part of the scale actually used 
could thus be checked on every occasion. These quartz condensers changed 
their value by less than 1 part in 5000 for 10° temperature variation. 

The use of a gas condenser of 250 fxfxF. capacity involved the employment of 
a series condenser of 5000 fifxF. in order to obtain sufficient magnification. 
The determination of the ratio between the two at radio frequency was a matter 
of great difficulty^ most of the errors increase with the square of the capacity. 
In the first place the values of a series of fixed condensers of capacities 200, 
300, 500, 1000, 2000, 3000 and 6000 p.pF. were determined in succession 
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by the replacement method as in the former experiments. In addition to 

the Dubilier condensers previously used a second series of Loewe vacuum 

condensers was calibrated. These had the advantage of possessing a very 

low temperature coefficient, approximately 4~0*5xl0“ 4 per degree as 

compared with — 5 X 10~ 4 for the former series, individual condensers not 

varying greatly from the average figure. Two sources of possible error in 

this method which had formerly escaped notice were investigated. In the 

first place the frequency of the measuring circuit varied with its resistance, 

so that if two equal capacities with different resistances were inserted in 

* 

succession they would apparently be unequal. The magnitude of this error 
was found not to exceed 1 part in 500 since the condensers were specially 
selected for low power factor. It was estimated approximately by tuning 
the circuit containing the first of two condensers to resonance and then replacing 
one of the copper links in the circuit by one with an insert of a short length of 
eureka wire of the same diameter. This reduced the grid current and gave 
rise to an apparent change of capacity which was measured on the variable 
condenser by again tuning to resonance. By noting the grid current when the 
second condenser of higher resistance was connected and the circuit again 
tuned, and assuming that when the grid current was the same the value of LC 
and hence of C was also the same, the change in apparent value of the first 
condenser if its resistance were increased to that of the second could be deter¬ 
mined. The difference between the values for equal resistance was the true 
capacity difference of the condensers. 

A more serious problem was the inductance of the fixed condensers which 
was by no means negligible, especially in the case of the Loewe condensers, 
which were of rolled foil. This was first noticed in an attempt to measure the 
dielectric coefficient of helium at three times the normal frequency, when a 
result 65 per oent. too high was obtained. It was consequently, essential to 
calibrate the condensers at constant frequency, and this was accomplished 
by inserting a variable series condenser in the lead from the grid coil and 
adjusting the frequency to that of the crystal for each measurement. Two 
sets of calibrations were made, one at the normal frequency 958 kc. and the 
other at 480 kc., using a second crystal oscillator. The difference between the 
values after correcting for lead inductance afforded a measure of the internal 
inductance. This method gave the values 5019 for the Dubilier condenser 
D a and 5204 for the Loewe condenser L" at 25°, the extrapolated values for 
®ero frequency being 4970 and 5017. Similar measurements at 160 kc., at which 
frequency the lead inductance correction is negligible, gave the values 4976 
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and 5027 for zero frequency, the resistance correction being only 1 (ijxF. The 
capacities of these two condensers were also measured at the National Physical 
Laboratory by connecting them to standard inductances and determining the 
natural frequency of the combination. The results corrected to 25° were 5023 
and 5092 at 958 kc. and 4984 and 4963 at zero frequency. The agreement in 
the case of the condenser D A was not good although sufficient for the present 
purpose. The large discrepancies, amounting to 2 per cent, in the values for 
L", showed that at least one of the methods of measurement was faulty 
and threw doubts on the correctness of the figures for D A , It may be mentioned 
that the value of L" was checked on its return from England and was found 
identical with its original value so that no actual change in capacity occurred. 
A new series of measurements was then made using the “ wiggle ” or N method 
of Mallet* modified by the employment of a crystal oscillator. The simplest 
arrangement shown in fig. 2 (a) consists of a circuit L, C nearly in tune with a 

? 

—S 


crystal oscillator 0 with its anode current balanced out in the usual manner 
bo that only changes in this current are shown on the attached galvanometer. 
On varying K, an N-shaped curve is obtained, and when exact resonance is 
reached, opening and closing the key W does not alter the anode current in 0. 
Incidentally it was found that the sensitiveness of this method approaches 
that of the beat method over which it possesses several advantages, and an 
investigation is being made as to its suitability for measuring small changes in 
capacity, particularly at lower frequencies for which the beat method is un¬ 
suitable. 

A complete calibration was carried out with this circuit, suitable coils being 
made for each capacity, but when C was large, L consisted of five or six turns 
only, and small changes in position of the condensers affected the results 
considerably, For example, in order to compare I> 300 o (3000 pfrtF. nominal 
* * Exp* WirokMf vol. 4, p* 151 (1927). 
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capacity) with D aooo and D 1000 the two latter condensers were both connected 
to the two mercury cups in which the leads from D 3000 were originally placed 
and resonance restored by varying K. On interchanging the positions of 
Daooo an d D 1000 an apparent difference of 9 (xpF. was observed, although the 
two condensers were almost identical in size and shape. With the 5000 {xpF. 
condensers the proportional errors were still greater. The circuit was then 
xeplaced by the one shown in fig. 2 (6), L being 92 pH, and C 1( C 2 variable 
condensers, the latter very small for fine adjustments. The whole was 
assembled on an earthed zinc sheet and no portion beyond the screen S was 
moved during the experiment. Much more consistent results could be obtained 
in this way, although there is some doubt as to their absolute accuracy. Ta^le I 
summarises the results obtained for the two condensers at 25°. 


Table I.—Capacity of Condensers D A> L" determined by different 

Methods. 



Valve. 

N.P.L. 

N method. 

Series 

condenser. 

Low 

frequency. 

a. 

6 . 

D a , n = 958 . 

5019 

__ 

5023 

4989 

5002 

n ™ 0 . 

4970 

4976 

4984 

— 

—, 

L", n ** 958 . 

5204 

— 

5092 

5194 

5205 

n ** 0 . 

5017 

5027 

4963 

— 

— 


It is evident from these figures that the apparent capacity of the condenser 
depends on the geometrical dimensions of the circuit in which it is measured, 
so that it is difficult to decide which value should be selected ; the N method 
has the advantage of being independent of circuit resistance, while the valve 
measurements were made in a circuit similar to the one used for determining 
dielectric coefficients. A mean value of 5010 for D A should be correct to 1 part 
in 500, that is to say the value of e — 1 should be subject to an uncertainty 
of not more than 1 part in 250. If this figure is adopted the effective value of 
L" deduced from several measurements of the dielectric coefficient of carbon 
dioxide works out at 5204, agreeing with the results by direct measurement. 

Gas Condenser Capably. 

The stray capacities associated with the gas condensers were determined 
as described in the previous paper, additional measurements being made to 
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estimate the changes due to the different baths used at low temperatures 
which were found negligible. Since the publication of the former results 
Hartshorn and Oliver* have made a reliable determination of the dielectric 
coefficient of benzene which is of great value for checking purposes. The 
condensers G 2 and G 3 were filled with specially purified benzene dried over 
sodium potassium alloy and phosphorus pentoxide for some weeks and the 
values 2*268 at 26*7° for G 2 and 2*279 at 21*6° and 2*268 at 28° for G s 
obtained. Hartshorn and Olivers figures for these temperatures are 2*269, 
2*279 and 2*267, a satisfactory agreement. Measurements with the condenser 
connected in series gave equally close results. 

Condenser Distortion. 

It has been mentioned that on comparing a large number of results obtained 
with the silver condenser G 2 , it seemed probable that they were subject to a 
constant error depending on the temperature. Distortion with pressure would 
give rise to an error of this kind since the change in pressure required to produce 
a definite change in density is inversely proportional to the temperature. In 
other words, a condenser containing gas at 600 mm. and 300° A. would have 
approximately the same capacity if the gas were at 200 mm. and 100° A., 
but on evacuation, the pressure change, and hence the distortion, would be 
three times as much in the former case as in the latter. 

A possible method of detecting deformation appeared to be the determination 
of the apparent change in the dielectric coefficient of benzene with pressure. 
Trendelenburgf has recently calculated this quantity from existing data not 
involving direct measurement and finds Ae/e — 72 X 10~ 8 for one atmosphere 
for isothermal and 57*6 X 10~° for adiabatic compression, but these figures 
are distinctly higher than the experimental values. Of these the best appear 
to be those of Cagniard,^ who gives As/s = 61*5 X 10~ 6 at 20° for isothermal 
compression, from which it may be calculated that the adiabatic value is 
49 X 10" 6 . Other results are 58 -5§ X 10'° at 14 *8° or 63 x 10 " 6 at 20° 
according to Cagniard’s temperature coefficient, and 64 X 10~ fl || or even 
more at 18°, the last value being very uncertain owing to wide extrapolation. 

The gas condenser was filled with pure dry benzene and attached to a reservoir 

* ‘ Proc. Roy. Soc.,* A, vol. 123, p. 664 (1929). 
t 4 Z. Tech. Physik,* vol. 11, p. 465 (1930). 
x 1 Ann. Physique* (10), vol. 9, p. 477 (1928), 

§ Waibel, * Ann. Physik,’ vol. 72, p. 161 (1922). 

|| Francke, * Ann. Physik/ vol. 77, p. 177 (1925). 
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containing air the pressure of which could be varied between 0*5 and 1*5 
atmosphere by introducing mercury. The change in capacity with pressure 
was measured in exactly the same way as the dieleotric coefficient of a gas, the 
change being of the same order as when the condenser was filled with helium. 
Headings were taken every £ minute after a pressure change, and it was found 
that there was a fairly rapid variation during the first £ minute followed by a 
slow creep. As the temperature change produced by compression was less 
than 0*02°, a long time would be required for the whole condenser assembly 
to attain equilibrium with its surroundings, but the thin layers of benzene in 
close proximity to the condenser proper would quickly give up heat to the 
metal walls. It was assumed therefore that the metal, all the benzene inside 
the condenser and half the benzene between the outer metal wall and the glass 
casing, attained the same temperature in £ minute and that there was no loss 
of heat to the surroundings. Slightly different assumptions gave nearly the 
same result. 

Taking into account the weight of silver and that of the benzene just sufficient 
to cover it, the observed compressibility should have been 53*5 X 1CT 6 using 
Cagniard’s value. The value found was 37*5 ±1 X 10~ 6 at 19*3°. The 
difference 16 X 10“° represents the correction for deformation at room 
temperature. Direct measurement at low temperatures is not possible, but 
assuming the deformation to be inversely as the rigidity which is known } 
the correction at liquid air temperature is 14 X 1CT 6 for 1 atmosphere or 
3*9 X 1(T 6 for the pressure at which the gas has the same density as at room 
temperature and 1 atmosphere pressure. The corresponding figure for solid 
C0 2 temperature is 9*5 X 10 -6 . 

This correction was very much larger than was desirable, amounting at 
room temperature to 32 per cent, of the observed value for helium. Its value 
was, however, probably accurate to 1 or 2 units in the sixth place of decimals 
and the consistency of the results obtained for the dielectric coefficients of 
helium and other gases over long periods rendered improbable a change in its 
magnitude with time so that its application appeared legitimate. In order 
to confirm the results, particularly those for the temperature, coefficients, 
another series of measurements was made with the brass condenser G 8 . The 
compressibility of benzene in this was found to be 60 X 10~ 6 as oompared with 
the calculated value 57 X 10~ 8 , so that the distortion was very nearly negligible 
and in the opposite direction to that of the other condenser. In tabulating 
the results the corrections have been applied and the agreement between the 
two condensers is as good as can be expected. 
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Temperature Baths . 

For measurements at room temperature the condenser was placed in a 
vacuum vessel containing oil as nearly as possible at the temperature of the 
surroundings. The actual range of temperature was 20° to 30°. A vacuum 
vessel identical in size with the first was used to contain liquid air for low 
temperature measurements, the temperature being measured with an oxygen 
vapour-pressure thermometer. For gases condensing in liquid air a bath at 
higher temperature was required, and recourse had to be had to solid carbon 
dioxide although it was not altogether satisfactory. If mixed with a large 
quantity of ether the temperature was unsteady, and if made into a paste, the 
slowly moving bubbles frequently caused such large capacity changes that 
steady readings could not be obtained. The plain solid gave the best results 
if it was allowed a long time to attain equilibrium. Readings of temperature 
were checked by a thermocouple which could also be used for detecting varia¬ 
tions in different parts of the bath. It may be remarked that as the normal 
pressure at Bangalore is 680 mm. both carbon dioxide and liquid air tempera¬ 
tures were lower than those ordinarily observed. Measurements at low 
temperatures were by no means easy and their probable error was distinctly 
larger than when no cooling bath was used. No experiments were conducted 
above room temperature, as they did not appear likely to lead to useful results 
in view of the small temperature coefficients of the gases examined. 

Preparation of Gases , 

When examining gases with small dielectric coefficients a high degree of 
purity is essential. Of all likely impurities, water vapour with a value of 
« — 1 140 times as great as that for helium is the one to be most carefully 
avoided. During the course of the experiments it was found that moisture 
was not removed by one slow passage over phosphorus pentoxide, and conse¬ 
quently all gases before use were passed repeatedly over this reagent and then 
allowed to remain in contact with charcoal at liquid air temperature or con¬ 
densed in liquid air and distilled at the lowest possible temperature. They 
were stored over mercury in durosoil tubes which were baked and filled with 
mercury while still hot, the gas being subsequently removed, dried and returned 
to the same tubes. In all cases, constancy of the dielectric coefficient after 
repurification was taken as the criterion of sufficient purity. 

Helium was prepared from samarskite and purified by treatment with 

2 p 2 
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charcoal at liquid air temperature. The gas gave a “ clean ” spectrum at 
100 mm. pressure and was very pure. 

Neon containing about 2 per cent, of helium was purchased and repeatedly 
fractionated over charcoal at liquid air temperature until no further rise in 
dielectric coefficient was observed. 

Argon was made from commercial oxygen and sparked until all nitrogen 
was removed. It was not separated from the remaining rare gases. 

Krypton with a guaranteed purity of 99 * 7 per cent, was obtained fjspm 
Messrs, Adam Hilger. It was fractionated at liquid air temperature and 
the vapour pressure at 82-2° A. remained perfectly constant at 3-8 mm. 
throughout the distillation except for a very slight fall at the end. This 
value is lower than the figure 6*6 mm. recently given by Peters and Weil.* 
No difference between the dielectric coefficients of the first and last fractions 
could be observed and so the whole gas was mixed for the main deter¬ 
minations. Density determinations by means of a microbalance revealed a 
very slight difference between the various fractions and incidentally showed 
that the atomic weight of krypton is very near the figure deduced by Aston 
from the mass spectrum.f 

Xenon was very kindly lent by Dr. F. W. Aston and was the sample used by 
him for determining the mass spectrum. A trace of impurity not condensible 
at liquid air temperature was removed. 

Hydrogen was made by the electrolysis of baryta and passed over heated 
platinised asbestos. It was then sparked for some time, dried with phosphorus 
pentoxide, adsorbed in charcoal at liquid air temperature and desorbed by 
allowing the temperature to rise slowly in such a way that the gas pressure 
did not exceed 10 mm. while it was being pumped off. 

Carbon dioxide was made A, by heating sodium bicarbonate, and B, by 
treating potassium bicarbonate with phosphoric acid. In each case the 
resulting gas was solidified and fractionated. 

Results. 

The principal results for each gas are given in Table II, each of these being 
the mean of several determinations. Usually individual values on the same 
day did not differ by more than 2 or at most 3 scale divisions, the latter figure 
corresponding approximately to a variation of 2 x 10“ 6 in t when the pressure 

* 1 Z. Phys. Chem.,’ A, vol. 148, p. 27 (1930). 
t ' Proe. Roy. Soc.,* A, vol. 126, p. 611 (1930). 
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difference was 600 mm. If the differences were greater than this or if the 
oscillator appeared unsteady the experiment was rejected. For comparison 
all readings have been reduced to 25°, using the simple gas law, but the 
actual bath temperatures 0, are given in col umn 3. 


Table II.—Dielectric Coefficients of Gases reduced to 25° and 760 mm. 



He marks. 


Helium. 


2 

1.8.29 

26*1 

681 

6 

68*0 

3 

3.8.29 

-190*0 

447 

5 

63*1 

6 

16.10.29 

25-4 

648 

3 

69*9 

6 

21.10.29 

-190*6 

407 

5 

66*5 

8 

9.6.30 

24*8 

604 

6 

64-0 

9 

12.5.30 

26*3 

691 

12 

66*8 

10 

13.6.30 

26*4 

666 

6 

65*2 

11 

10.6.30 

-191*9 

551 

5 

65*6 

12 

17.6.30 

- 79*6 

617 

4 

65*0 

16 

22.11.30 

22*8 

625 

5 

65*5 

16a 

24.11.30 

22*2 

623 

5 

66*2 

166 

1 24.11.30 

-192*8 

686 

9 

65*1 

17 

| 26.11.30 

21*4 

656 

4 

66*3 

18 

23.12.30 

21*3 

648 

7 

67*0 

19a 

j 16.1.31 

21*8 

646 

6 

69*0 

196 

1 16.1.31 

-192*8 

380 


65*2 

19c 

| 16.1.31 

-192*4 

621 

16 1 

67*4 


6 

7 

8 
9 

10 

13 

14 
16 


G s . 

Or 

o*. 

o*. 


Neon. 


3 

29.8.29 

-192*2 

491 

3 

(120*5) 

Fraction 2. 

4a 

30.8.29 

27-0 

599-6 

4 

(124*7) 

Fraction 2. 

46 

31.8.29 

24*5 

599*7 

4 

(121*3) 

Fraction 1. 

5 

5.9.29 

27*2 

631*5 

3 

122*7 

Refraotionated gas. 

6 

9.9.29 

-191*2 

528*2 

3 

123*6 

— 

7 

8.4.30 

-190*3 

540*8 

4 

126*2 

— 

8a 

9.4.30 

29*65 

660 

5 

123*3 

— 

86 

9.4.30 

29*66 

052-7 

3 

122*0 

— 

9 

12.4.30 

29*55 

669-8 

5 

122*5 

Refraotionated gas. 

10 

24.4.30 

-191*6 

637-5 

4 

123*1 

— 

11 

25.4.30 

28*4 

693*8 

4 

123*3 

— 

13a 

28.4.30 

30*2 

694*2 

6 

123*6 

Martin’s circuit, 

136 

28.4.30 

30*5 

! 

651-9 

6 

! 

(118*1) 

Martin's circuit, fraction 
1 . 


Argon. 


20.5.30 

28*1 

682*9 

4 

504*4 

20.5.30 

-191*7 

231*2 

5 

515*0 

27.5.80 

27*9 

608*9 

7 

603*7 

28.5.30 

-191*7 

232*2 

9 

515*0 

14.0.30 

27*3 

607*0 

4 

505*4 

17.3.31 

29*6 

633*7 

8 ! 

504*2 

18.3.31 

-190*6 

288*1 

7 

614*0 

19.3.31 

- 79*8 

455*8 

8 

507*0 


Resparked. 

Gj refractionated. 
G s refraotionated. 
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Table II—(continued). 


Experiment 

No, 

Date. 

9° 0. 

Pi~Pr 

Mean 

of 

.-1x10-*. 

Remarks. 

la 

24.10.30 

21-5 

Krypton, 

1 222-5 1 7 | 

(774) 

Fraction 1. 

lb 

24.10 30 

21*5 

1000 

6 

(776) 

Fraction 3. 

Ha 

27.10.30 

23 *8 

335-9 

5 

(707) 

Fractions 1 and 2, ,, 

86 

27.10.30 

23-8 

449-6 

6 

708 

Fractions 1, 2 and 3. 

9 

28.10.30 

22-9 

428*4 

8 

706 

Fractions 1, 2 and 3. 

10 

28.10.30 

- 80-0 

354-4 

9 

772 

Fractions 1, 2 and 3. 

11 

6.11.30 

230 

1 430-6 

6 

705 

Fractions 1, 2 and 3. 

12 

8.11.30 

21*4 

428-4 

11 

709 

Fractions 1, 2 and 3. 

13 

9.2.31 

22-7 

501-8 

5 

770 

g 8 . 

14 

9.2.31 

- 79-0 

440-9 

3 

770 

G # . 

10 

10.2.31 

- 79-0 

439-4 

7 

770 

G a . 

16 

j 11.2.31 

22-8 

i 603-0 

8 

771 

G,. 

1 

0.6.30 

27-7 

Xenon. 

164-0 1 0 i 

1231 


3 

11.11.30 

21-0 

168-2 

0 

1239 

— 

4 

12.11,30 

- 79-5 

122-8 

3 

1206 

— 

5a 

13.11,30 

- 791 

123-0 

4 

1246 

— 

66 

13.11.30 

- 79*1 

120-2 

7 

1252 

Alter removing trace of 

7 

16.11.30 

21 -1 

158*0 

6 

1243 

impurity. 

8 

4.12.30 

22-7 

168-0 

4 

1242 

— 

10 

17.2,31 

26-4 

192-0 

0 

1239 

G # . 

11 

18.2.31 

23 0 

190-4 

6 

1240 

G s . 

12 

18.2.31 

- 79-8 

167*1 

7 

1233 

G„ 

1 

18.8.30 

1 25-2 

Hydrogen. 

| 623-3 1 8 1 

262-2 


2 

21.8.30 

25-4 

1 622-7 

4 

252*5 

_ 

9 

26.11.30 

— 192-4 

255-1 

7 

251*2 

Desorbed from charcoal. 

10 

26.11,30 

22-4 

640-4 

7 

250*8 

_ 

11 

0.12.30 

22 <2 

514-1 

4 

246*2 

Again treated with char* 

12 

6.12.30 

22-4 

512*7 

6 

247*6 

coal. 

13 

6.12.30 

22-6 

609-1 

6 

247-8 

Fresh gas added. 

14 

, 6.1.31 

22-6 

: 682*8 

0 

251*1 

g 8 . 

16 

| 6,1.31 

[ -102-2 

| 511-5 

6 

251*7 

G*. 

1 

20.8.30 

( 

26 *3 

Darbon Dioxide B. 

1 628-0 1 6 1 904-7 


2 

28.8.30 

26-3 

617*4 

4 

903*8 

_ 

3 

29.8.30 

26-6 

029*3 

5 

900-2 

_ 

6 

30,8.30 

24-8 

626-7 

4 

905-9 

. 

8 

3.9.30 

25-4 

628*2 

7 

902*7 

Gas refractionated. 

9 

18.10.30 

26-8 

609*8 

9 

904-9 


10 

1.12,30 

22*2 

620*1 

7 

905 1 

. 

11 

19.2.31 

24*2 

622*9 

6 

905*2 

G,. 
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The values for helium in Table II show a rather wide percentage variation, 
but this is to be expected in view of the experimental difficulties of measuring 
such a small dielectric coefficient. The results at the two temperatures are 
the same within the limit of experimental error and thus, as might be expected, 
the gas exhibits no electrical moment. More accurate results would be of 
great value if a suitable method of determining them could be devised, as this 
gas could then be used for measuring the deformation of a condenser with 
pressure. 

The figures for neon call for little comment. In the case of argon the earlier 
values indicated that the gas was impure ; on further purification very steady 
readings were obtained giving the results 6 to 10, but the values determined 
at —191° appeared abnormally high. They were, however, confirmed by a 
redetermination after once more liquefying and distilling the gas. Several 
preliminary experiments with krypton were made with a sample said 
to be pure krypton kindly lent by Lady Ramsay. It was found, however, 
to contain hydrocarbon vapour and after purification the quantity was so 
small that the results, although approximating to those given, could not be 
considered reliable. The quantity of xenon was small and hence the results 
vary more than in the case of the other gases. 

In experiments 3 to 8, the hydrogen apparently became contaminated, as 
values about 8 units higher than those given were obtained until the gas was 
treated with charcoal. Similar contamination was discovered in sample A 
of carbon dioxide, as after refractionation the values rose nearly 1 per cent, 
to those shown in the table for sample B. This gas has also been examined 
at low temperatures, but the results will be dealt with on a future occasion. 

In order to calculate electric moments the compressibility of the gases must 
be taken into account. At liquid air temperature this quantity is negligible 
for helium, neon and hydrogen. An approximate figure for argon at —190° 
obtained by extrapolation according to the formula given by K. Onnes and 
Oromraelin* is 0*026, while the values previously estimated by one of uaf for 
krypton and xenon at 0° are —0*00215 and —0*00690. It is not possible 
to do more than guess the order of the latter at —78°, but —0*01 and —0*05 
would appear to be not unreasonable values. These figures represent the 
corrections for the values of (c — 1) X 10 6 given in column 6 of Table II, as 
fractions of those values to be subtracted from them for a variation of pressure 
of 760 mm. The corrections to (s — 1) of krypton and Xenon would thus be 

* * Leiden Communication,’ vol. 12, No. 128 (1912), 
t * J. Chem. Soc.,’ vol. 97, p. 833 (1910). 
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about 5 and 9 units in the sixth place. Experiments made with these gases 
at mean pressures of 370 and 150 mm. in the case of krypton and 130 and 55 mm. 
with xenon showed identical values for (z — 1), the accuracy being such that 
a difference of 1 part in 200 could have been detected, that is to say, the total 
compressibility correction was not greater than 1 per cent., so that the suggested 
figures for the compressibility could not be much larger. 

Table III shows the mean of the values in Table II for each gas at the 
different temperatures after reducing to 25° and 760 mm. and correcting 
the readings at low temperatures for compressibility. It also gives the 
corresponding figures for 0° and 760 mm. and twice the value of the refractive 
index for infinite wave-length as given by C. and M. Cuthbertson,* Scheelf 
and Siertsema.J In calculating the means, the number of individual experi¬ 
ments has not been taken into account, as this number depended in several 
cases on the steadiness and concordance of the readings. When these were in 
good agreement it was not considered necessary to take more than 3 or 4. 

Table III.—Mean Dielectric Coefficients and Refractive Indices. 



He. 

Nc. 

Ar. | 

Kr. 

Xe. 

H,. 

co a . 

(< - 1)25” X 10'— 

Measured at 25° . 

66-7 

122-0 

504-4 

768 

1238 

251-8 

904*0 

Measured at —79". 

— 

— 

506*0 

769 

1242 

_ 


Measured at —191° . 

65*4 

123-3 

510-3 

_ 

_ 

251-5 


<t - 1)0" X 10'— 

Measured at 26°. 

72*8 

134-0 

550*4 

838 

1351 

274*9 

986*8 

Measured at — 79 q . 

—- 

— 

552 0 

839 

1355 


—— 

Measured at —191° . 

71*3 

134-6 

556-7 

274*6 

__ 

<**„ ~ Do 6 X 10*. 

69*6 

137-4 

558*4 

838 

1365 

271-6 

882*0 


A comparison of the results at low temperature with those at 25° shows that 
they are the same within the limit of experimental error for all the gases except 
argon, and the difference in this case may be due to the nearness of the gas to 
its liquefying point. In the case of the gases krypton and xenon a difference 
between the values of (c — 1) at 25° and —78° of 5 X KT 8 would appear to 
be an upper limit, and this corresponds with an electric moment of 0-05 X 10~ 18 . 
If there is no experimental error for argon the value of the moment is 0*03 X 
10 18 and for the other gases measured at liquid air temperature less than 
0*015 X 10~ 18 . 

* * Proc. Roy. 8oc.,’ A, vol. 97, p. 152 (1920). 

t 1 Ber. Deuts. Phys. Ges., 1 vol. 6, p. 207 (1908). 

t * Verslag Acad. Wetensoh. Amsterdam,* vol. 21, p. 866 (1912). 
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Comparison with the results for the refractive index indicates a fairly close 
agreement, but no regular relation between the two series of the values. At 
this stage it is not possible to say whether the differences are real or due to 
experimental error. Discussion of the significance of the actual values of 
c — 1 will be deferred until the completion of the measurements with other 
gases; it may be, however, mentioned that the present value for carbon dioxide 
is distinctly lower than the one previously given. The latter has been con¬ 
firmed using the old condenser and it is probable that the difference is due 
to condenser distortion. If this is so the values for the other gases will not be 
greatly affected, as they are very high. Experiments are being conducted to 
decide this point. 


Summary . 

(1) The dielectric coefficients of the five inactive gases and hydrogen have 
been measured at 25° and at —190° or —79° and compared with that of carbon 
dioxide. 

(2) None of these gases except argon has an electric moment detectable by 
the method of measurement employed, 0*05 X 10 ~ 18 being an upper limit 
for krypton and xenon. For argon the figure appears to be 0-03 X 10“ 
but this is probably a spurious result. For the remaining gases it is not more 
than O'015 X 10“ 18 . 

(3) Further investigations of possible sources of error have been made and 
an approximate method of determining condenser distortion with pressure is 
described. 
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On the Moment Distributions of Moments in the Case of Samples 
Drawn from a Limited Universe . 

By L. Isserlis, M.A., D.Sc. 

(Communicated by M. Greenwood, F.R.S.—Received April 21, 1931.) 


(1) The problem of calculating the moment distributions of samples drawn 
en bloc from a limited universe may be attacked in many ways. It always 
reduces to the calculation of the values of symmetric functions. 

For theoretical purposes the complete solution of the problem has been given 
by Tsohuprow.* He has obtained general formulas by means of which the 
results can be written down step by step and general conclusions as to the 
nature of the moment distributions can be deduced from Tschuprow’s formulae. 
He points out, however, thac the final results become very complex in the case 
of moments of moderately high orders. 

Direct methods have been successfully applied by Student,! Isserlis,| and 
Neyman,§ to the calculation of the first four moments of the distribution of 
the mean and the first two moments of the distribution of the variance. A 
value of the third moment and an incorrect value of the fourth moment of 
the variance have been given by Churoh.|| 

These formulae are formidable from the computer’s point of view, and it is 
desirable to outline a method which will be more practicable for the calculation 
of the first few moments of the distributions of the lower sample moments. 

(2) It is convenient to introduce a functional notation for moment 
coefficients. 

Let m T (w) denote the rth moment coefficient of the function u about the 
origin and p, r («) the rth moment coefficient about the mean of u. In this 
notation 

lL r (u) = m r (u — mj(«)). (2.1) 

♦ Al. A. Tsohuprow, ‘ Metron, 1 vol. 2 (1923). 

t “ Student,” * Biometrika/ vol. 6 (1908), 

t L - Iweriis, * Proc. Roy. Soc,’ A, vol. 92 (1915). L. Isrorlis, ' Btat. J.,’ vol. 81 
(1918). 

§ J. Splawa-Neyman, ‘ Biometrika/ vol. 17 (1925). 

)| A. 3B. R, Church, * Biometrika,’ vol. 18 (1920). 
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A moment coefficient about an arbitrary origin k can be denoted by k m r (u) f 
but such moment coefficients are not employed here. 

If a universe % is considered, any member of it may be 

denoted by x, and then (x) is the mean of the universe and m r (x), 
ji r (cc) are the rth moment coefficients or more briefly moments of the 
universe about the origin and about the mean of the universe respec¬ 
tively. 

(3) If samples of size n are drawn at random from the above universe, 
without replacement, then a typical sample may consist of the n individuals 

/N\ 

x w , x v> x w> • ••> the possible number of equally probable samples being f J. 

Any individual member of the sample may be denoted by x, the presence of 
the dot over the variable showing that we are dealing with a sample. The 
mean of the sample will be m 1 (x) and the rth moments of the sample about the 
origin and about the mean of the sample will be m r (x) and fx r (x). In this 
functional notation m x (m l (x )) will denote the mean of the sample means and 
\i r (fi, (i)) will denote the rth sampling moment (about the mean value in 
sampling) of the sth moment of a sample about its mean. This notation is 
capable of extension and the interpretation of such functions as m v (m r (x ))), 
is immediate. 

When no confusion is likely to arise we may write m r for m r (x) and \i r for 
\L r (sc), the moment coefficients of the universe. 

(4) The problem to be considered may be stated as follows. Random samples 
of size ft are drawn from the limited universe of N individuals x v x 2 , x N . 
For the universe the moments about the mean of the universe are (ju (sc) = (i 2 , 

jx 8 (x) = (z 3 , ... , {x, (sc) =s (z r ,_ For the sample, the mean % (x) and the 

moment coefficients m r (x) and (x r (x) will vary from sample to sample. This 
variation may be conveniently described by means of the mathematical 
expectations of the values of {% (x)}* and of {[x f (x) — m x (fjt r (x)}* and so forth, 
or in the functional notation by the values of m k (m x ( x )), \L k (fi r (x )) and so 
forth. For most practical purposes at present in sight k = 2 to k = 8 will 
suffice for m k (m 1 (x)) and \i k (m x (x )) and k = 2 to k =s= 4 will suffice for 
m k (|x r ( x )) and p* (p, ( x )). 

(5) In numerical work p f is known if the universe is known. In the con¬ 
trary case the value of p r (&) in the sample or the average of the values deter¬ 
mined from several samples may be used as an approximation. There will 
be no loss of generality in taking the origin at the mean of the universe so that 
m, (*) ss m, = 0 and p f (as) » p. m r . 



588 L. Isserlis. 

With the origin at the mean of the universe, x v x it ... ,3^ will be the roots of 
the equation 

X s * + u^” 2 — a z 3^^ z 4" — «•* = 0, (5.1) 


where a % = (l a ), ..., a T ~ (l r ), adopting the notation usual in combinatory 
analysis, where E®/®/“ x* r ... is denoted by (Imn ... ) and the symmetric 
function Sx/x/x/V% m h J ttnd 80 forth * the summations extending to 
all permutations of the suffixes. 

(6) The dot notation for samples can be extended to the symmetric functions. 
Thus for example, if x v x t , x 4 be a sample of three drawn from the universe 
%V X Z) x 4 , x & , then 

(23) = x x *x 2 z -f x?x z A + x x \* + x x %* 

+ x 2 V + x z %* + x*x* + xfx* 

+ XtX* + X*:r* + x 2 2 x 5 3 + x/x 2 3 + x*x 2 z + xfaf 
+ + x 4 2 x 3 3 + x*x* + z 4 V + x * x *< (G* 1 ) 

But (23) for the sample x lt x 2 , x 4 will be equal to 

x*x£ + x x \ A + xfe x * + x^x x + x a 2 x 4 3 + x 4 % t 3 . (6.2) 


(7) The unitary symmetric functions a a = (1*), a* = (l 3 ),..., a r » (l r ), * * > 
are themselves sufficient to specify the sampled universe and in their turn enter, 
simply into the moment functions which describe the universe of samples. 
They can be expressed simply in terms of the moment coefficients p. a , p s , ... p* 
of the universe by means of Newton's recurrence formula 

( jfcct*. s=s N {p. fc + a 2 * a 8 p.*_ 3 + + (—) fc *“ 2 ® V*<»} (?•!) 

or explicitly by means of the formula*)" 


where 


c-r-— 



(7.2) 


(7.3) 


* MacMahon, M Combinatory Analysis,” vol. 1, pp. 2, 3. 
t Of. MacMahon, loc. cti., voL 1, p. 6, or as follows 

n (1 - *fl) * exp log n (i - xfi) - exp 2 log (1 - xfi) - exp 2 pfi* ** Ile*^, 

* < i t » 

and the relation follows on equating coefficients of 0*. 
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and the summation is for all integers k x , k a , k t , ... , such that 

k x “f" 2& a -f- 3A 8 “f“... ™ w. 

(8) The values of a w for to — 2, 3, 4, ... , 8, are 


H - Pi (8-1) 

- «s — Ps (8.2) 

«4 =P* + P f (8.3) 

- o 5 = Pi + P»Pi (8.4) 

a,=p 6 + p t p t + tj+ P f (8-5) 

- a,-p, + Ptfi + PtPi + ( 8 . 6 ) 


«8 = + m, 4- P5P3 + + 2^2a 4. (8.7) 

These are easily written down at sight as each term in (— l) w a w is of the form 

s 1 


where a, (J, y> .*., is a partition of w, no part of which is less than 2 and s, ..., 
members of the partition are equal. Corresponding to the partition 
4433322222, for example, of 27 there will be a term 


Eiihl 

2! 3! 5! 


of 


(9) The expression of monomial symmetric functions of type (A,** A a *«... h, k ‘) 
of weight w — h x k , + hje g -j- ... hjc, mentioned in section 5 in terms of the 
unitary symmetric functions (l 2 ), (I s ),..., (1 N ) or o s , o 8 ,.... % is an old problem. 
Tables of values up to weight 6 are given by MacMahon,* and up to weight 10 
by Salmon,f who writes —a, b, —c, d,..., for (1), (l 2 ), (I s ),.... The values are 
considerably simplified when as here, the origin being at the mean of the 
universe, a 1 = (l) = 0. The complete set of values for weights w = 2, 3,4,... 8 
is contained in the next section. For convenience in application to the 
problems here discussed the symmetric function (h x kl h t k ' ... h, k “) of weight w 
is accompanied by the value of the multinomial coefficient 

«>!/&!)*■ (M**~. (*,!)*•• 


* *' Combinatory Analysis," vol. 1, p. 290. 
t " Lessons in Modem Higher Algebra." 
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The values of the functions of a a , o 8 ,... , in the tables are also expressed in 

terms of the p’a of section 8 whioh, since p t = —enables the symmetric 

% 

functions to be expressed at once in terms of moment coefficients. The table 
for weight 5 for instance contains (31 2 ) = — + 5a fi . This can be read 

as 

= + 2p a p a - 5 (p 6 + PsPa) 

= — 5p 5 - Sp#3 

_ 5. Nu, _ 3 l 2 tfa(fg 

5 ^ 2.3 

= n ^ 5 ~ JN*(Xa9s- (9.1) 

(10) Symmetric functions of weight w, of the roots x v x % , % of the equa¬ 
tion X s 4* — a g at t, ~ s (—l) 1 *®,* = 0. 


Weight 2. 


Weight 3. 


Weight 4. 



( 10 . 1 ) 


( 10 . 2 ) 


(10.3) 
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Weight 5. 





#2^3 

|. 

<*s 



1 

| (5) 

-5 

5 



5 

(41) 

5 

-5 



10 

(32) 

-1 

-5 



20 

(31*) 

-2 

5 



30 

(2*1) 

1 

5 



60 

(21*) 


-5 



120 

(l 5 ) 


1 


Weight 6. 


«a 3 

*»* 

1 

«8 

I 

(6) 

! 

—2 

3 | 

... 1 

6 ! 

-6 

6 

(51) 

2 

1 

-6 

6 

15 

(42) 

-2 

—3 

2 

6 

20 

! (3t) i 

1 

3 ! 

-3 

3 

30 

! (41 2 ) I 

. 

3 

1 

2 

i 

- 6 

60 

i (321) i 


a i 

4 

—12 

90 

(2 3 ) | 

J 

1 

-2 1 

1 

- 2 

120 

(31 s ) ! 


! 

i 


6 

180 

(2*l a ) | 


1. 

1 ! 

9 

360 

(21*) 


| 


— 6 

720 

(l fl ) 


r 

j 


i 


(10.4) 


(10.5) 
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Weight 7. 




a a *a 3 


a a°s 

«7 

1 

(7) 

7 

-7 

-7 

7 

7 

(61) 

-7 

7 

7 

- 7 

21 

(52) 

3 

7 

—3 

- 7 

35 

(43) 

-1 

-5 

7 

— 7 

42 

(51*) 

2 

-7 

-2 

7 

105 

(421) 

—2 

-2 

-4 

14 

140 

(3*1) 

1 

5 

-7 

7 

210 

(32 2 ) 


-1 

3 

7 

210 

(41 s ) 

1 

3 

2 

— 7 

420 

(321*) 

1 

-3 

6 

-21 

630 

(2*1) 


1 

-3 

- 7 

840 

(31 4 ) 



-2 

7 

1260 

(2*1 8 ) 



1 

14 

2520 

(21 s ) 




- 7 

5040 

(V) 

! 



1 
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Weight 8. 






a 2 \ 

o 4 * 

a 8 a 5 


«8 

1 

(8) 

2 

-8 

-8 

4 

8 

8 

- 8 

8 

(71) 

-2 

8 

8 

~4 

—8 

— 8 

8 

28 

(62) 

2 

2 

—4 

-4 

-8 

4 

8 

56 

(53) 

-2 

-7 

8 

-4 

7 

— 8 

8 

70 

(4 2 ) 

1 

4 

-4 

6 

-4 

— 4 

4 

56 

(61 a ) 


-5 

-2 

4 

8 

2 

- 8 

168 

(521) 


5 

-4 

8 

1 

4 

-16 

280 

(431) 


-i 


-8 

1 

16 

—16 

420 

(42*) 


—2 

4 

—4 

8 

— 4 

- 8 

560 

(3*2) 


1 

—2 

4 

—7 

2 

- 8 

336 

(01 s ) 



2 

—4 

-3 

- 2 

8 

840 

(421*) 



-2 

4 

—9 

~ 6 

24 

1120 

(3*1*) 



1 

2 

! 3 

- 9 

12 

1680 

(32*1) 




—4 

6 

i 

i 

24 

2520 

(*) 




1 

2 

2 i 

2 

1680 

(41*) 





3 

2 

- 8 

3360 

(321 s ) 





—3 

8 

-32 

5040 

(2*1*) 





1 

- 4 

j 

-16 

6720 

(31 5 ) 






- 2 j 

8 

10080 

(2*1 4 ) 

j 

1 

I 

i 


• 

i ! 

i 

20 

20160 

(21®) | 




1-8 

! I 

40320 

i 

(I s ) 





| i( 
i 1 


(10.7) 


Denoting the weight by w and the symmetric function by («,a 2 ... ay), 
where some of the a’s may be equal, the first column gives the valueB of 
w !/«i t a s ! ... xj !. Thus 420 — 8 1/4 f 2 ! 2 ! The arguments (oqaj ... a,) 
in the second column are arranged in the order g ... and in 

order of increasing j. The tables are to be read horizontally :— 

(2 3 1*) = a 8 o 8 — 4a a a„ — 16a g . 

( 11 ) Consider the symmetric function 2 ®“*®** ... = (a^j ... a*) for 

the universe x a , ® 8 , .... ® N . We may suppose a x ^ a 2 S ••• S x,. Then 
r v r a , ...» T/ is any,;' permutation of the suffixes 1, 2, 3, .... N. For the sample 
VOL. OXXXII. — a. 2 Q 
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(size n) a similar symmetric fauction is (a^aia ■** iy)- The mathematical 
expectation of (aii a ... a,) in samples is 


7r h ((*1*2 **• **)) ” 2 (otj oc 2 ... a,), 


where the summation extends to all the ^ ^ ) possible samples. Its value is 
e.j (c^ocg... ot,), where 

. - W(w-l)...(n-j + l) /ii n 

; N (N — 1)... (N — j + 1) * 1 ’ ' 

For av,*r, occurs once in each of ) samples and 

Thus 

rw, ((oc^a ... *,)) = e,- (ot^a ... a,). (11.2) 

TAe Distribution of the Mean in Samples. 


(12) We have 


Hence 


Hence 


w, (i) 


m t (m 1 (x)) = a^ = 0. 

[x r (m) —m r (u — (u )). 


fj-r (% (i)) = m T (wij. (x)) ~ m r (—) 

= m 1 (('Lx) r )ln r , 

«>r K(*)) = «h((Sas) r ) 

= w, (2 f - ! «j)\ 

J Vi a x ! a s ! ... a,!/ 

-T>- H («i«« ..•«,) 
i <7 04! a 2 ! ... a,! 


Using the values of ( 04 , a 2 , a^) tabulated in paragraph 10 , where the multi* 

nomial coefficients r l/o^! a 2 ! ... a ; ! are shown in the first column of each 
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table, the values of p r ), or—in a notation frequently employed—the 

mean values of (81r) r , in samples of n drawn from a limited population N can 
be written down at sight in terms of the parameters a 2 , a 3 ,descriptive of the 
universe. For values of r greater than 8 the published tables can be employed 
as modified for a universe referred to its mean. The values up to r = 8 are 
as follows :— 


Moment Coefficients about the Sampling Mean of the Means of Samples drawn 

from a Limited Universe . 

n r p r (wj (i)) = n r E (Sz) r in samples of n out of N. 


2 

3 

4 

5 

6 


- 2a 2 (cj - 

3a a (q — 3* 
2a g 2 (e x — e. 
5aga 3 (e 4 


a + 2« 3 ) 

>) - 4 a 4 (c x - le, + 12e, - 6e 4 ) 

— 3e 2 -f- 2c 3 ) -(- 5a 8 (e x 15e 2 -j- 50c 3 


( 12 . 2 ) 

(12.3) 

(12.4) 

60c 4 + 24e 5 ) (12.5) 


— 2a 2 3 (e x — c 2 ) -f~ 3a 3 2 (e x — e 2 ) 4* 6®s®4 4 20e 3 — 10e 4 ) 

- 6a„(c x - 31e a + 180e, - 390c 4 + 360c s - 120e„) (12.6) 

7a s 2 a 3 (e.y — 3e 2 + 2e 3 ) — 7a 3 a 4 (e x — 3e 2 + 2e 3 ) 

- 7«.ga 6 (c x - 3 3c 2 + 122e s - 150c 4 + 60e 5 ) 

+ 7a, (e x - 63c 2 + 602e s - 2100c 4 + 3360c 5 - 2520e u + 720e,) (12.7) 

2a., 4 (e x — Cg) — 8aga 3 2 (c x c 2 ) 8a 2 - *a 4 (c x 15c 2 4 28c 3 14c 4 ) 

+ 4a 4 2 (e x + 13c 2 — 28c 3 + 14e 4 ) + ( e i ~ 22c 2 + 42c 8 — 21e 4 ) 
+ 8aji 6 (Cy — 85e 2 f 588c a — 1344e 4 + 1260c e — 420e„) 

- 8a s (ey - 127e 2 + l»32e 3 - 1020(ic 4 + 25200e 6 

- 31920e 6 + 20160c, - 5040e„). (12.8) 


It may be noted as a check that the sum of the coefficients of the e’s in each 
pair of brackets must vanish since, when n = N the e’s all reduce to unity 
and (jl, (% (a)) is identically zero, for the sample coincides with the universe 
and all samples are alike. 

The way in which the tables are used to write down the results may be 
illustrated by the coefficient of a 2 4 in the mean value of (8*) 8 in samples, or of 
{*8 (»*i (*) )• We use the weight 8 table. The second column enumerates the 
partitions « x , «„ ..., a, of 8 for values of j from j — 1 to j = 8. Thus for 
j = 2 the partitions are 71, 62, 53, 44 or 4 a , the order <x x ^ <x 2 ^ a, ... being 

2 q 2 
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observed. The table shows that in « h |a 8 (% (x )) the coefficient of a 2 * 
is:— 


and 


1 X (2) X ex 
8 X (— 2) X e 2 
28 x (2) X e 2 
56 X (— 2) X e % 

70 X (1) X e 2 


from the first line, 
from the second line, 
from the third line, 
from the fourth line, 

from the fifth line; 


so that the coefficient is 2 (e t — e a ). Horizontal lines drawn as in the tables to 
separate the entries corresponding to j = 1, 2, 3, help to write down the 
coefficient of e } . 

(13) Formulas in terms of p 2 , p 3 , ..., of paragraph 8 and consequently in 
terms of p, 3 , ..., the moment coefficients of the universe, can, of course, 
be immediately deduced. But this is unnecessary for theoretical purposes 
and a disadvantage for numerical computation. In the latter case the simplest 
procedure is, when ^ 2 , [x 3 , ..., have been obtained numerically, to deduce from 

them the values of a 2 , a 3 , a 4 . The quantities, e i9 are best left as they are 

and not expressed in terms of N and n. If we are concerned for instance, with 
the problem of the distribution of statistical parameters in samples of 10 out 
of 1000 we can at once calculate 




N 9 


e 2 — e x 


n —* 1 

n — r 


e s 



etc., 


by continuous multiplication. Especially in the case of very small samples 
is it an advantage to employ the e coefficients. For when n = 5, for 
instance, e, = 0 for j 6, and all the terms in which such e’s ocour can be 
omitted. 

The problem of the distribution of the mean in samples drawn from an 
infinite universe is one of the problems solved completely by A. A. Tschuprow 
in his classical paper * and his results can be deduced from those in paragraph 
12 by putting N = <*>. It should be noted that when N = » we have 

N % = 0 if k < j 

and 

We, a n (n - 1) (n - 2)... (» - j + 1). (13.1) 


* 1 Biometrika,’ vol. 12. 
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We may take as an illustration the value of »*(i, (% (is)) in paragraph 12. 
This gives 

t*4 (®h (*)) ~ { 2 <*a 2 (®i ®s) 4o 4 ( e i 7e a -f- 12 e a — 664 )} 

= “« K ~ «.) + (N^ ~ ( e i ~ 7e s + 12e„ - 6e 4 )} . (13.2) 


If we put N 00 we note that terms in e a and e 4 can be omitted since 
N 2 e 3 = N 2 e 4 = 0. We find as we expect, that apparently infinite terms such 
as N 2 ^ disappear and we are left with 


p 4 (m 1 (x )) = -if z(i 4 n + 3^ (n — 1)) 
+ 


= P-4 ~ 3p a 2 , 3&£ 
v? n 2 

agreeing with Tschuprow^ result which he writes 

tu- = + ii£»! 

r4(N) j^a ~r » 


(13.3) 


as he employs N for the population of the sample drawn from the infinite 
universe and \i r (N) for the rth moment coefficient of the sample means about 
the mean of their distribution. 

(14) When we are dealing with the distribution of higher sample moments 
such as the variance which is equal to \i 2 (x) or the third and fourth moments 
p. 3 (i) and p. 4 (i) we have available the relations 


M®) — 


m n* 


(14.1) 


p a (i) — 



(14.2) 


and so forth, and the calculation of 

»*,(p, (*)) —"hO*/ («)) 

will depend on the evaluation of such expressions as m, ((2)* (1)*), 
»h( (3) 1 (2) ? (1) Y ) and so forth. These are mean values of products of sym¬ 
metric functions, each symbolised by means of a single partition. Now any 
product 0^<)> ••• °f such symmetric functions oan be expressed linearly in 
terms of monomial functions. For example 

(2) (1)» - (4) + 2 (31) + 2 (2*) + 2 (21»), 


(14.3) 
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and the tables in paragraph 10 enable us to express snch a product in terms 
of the monomial symmetric functions a 2 = (1*), a 3 = (1®), and so on. So 
that 

= e, (4) + 2e,(31) + 2e 2 (2 2 ) + 2e 3 (21®) 

= e, (2a 2 2 -4a 4 ) + 2e 2 (-2a 2 ® + 4a 4 ) + 2e 2 (a 2 2 + 2a 4 ) + 2ej, (-4a t ). 

(14.4) 

The reduction is effected by the use of Hammond’s partition obliterating 
operator D, which has the following properties : 

^ (Pi'Pz'Pa' —) — (Pi‘~ l P2'Pa' ••■), (14-5) 

1). {Px'Pi'Ps' ■••) = 0 (14.6) 

if s is not included among the parts p v p 2 , p s , ..., of the partition ; 

D, (*) = 1, (14.7) 

and 

D* • - = £2 D A) 6 . D k ,<f> . D a > (14.8) 

where (XjX 2 X 3 ...) is some partition of X into the same number or fewer 
parts as there are factors 6, <j>, y, and the summation is in respect of 

(1) every such partition of X, 

(2) every permutation of every selection of one or more out of the factors 

M, 

The term D»,6 . lh,4 >. D^y, ... , is conveniently abbreviated into 

For example, in order to find the coefficient of (53) in the expansion of the 
symmetric product (2) 2 (l) 4 of total weight 8 we operate with D 3 D S on (2)* (1)*, 
thus 

D 3 D # (2) 2 (l) 4 = D s {D (221) + D (21 »,} (2) 2 (l) 4 
= D 3 {4 (If+ 8(2) (1)} 

= 4D (1 >, (l) 2 + 8D (tl) (2) (1) 

= 4 + 8 = 12. 

In the first line we use the fact that (221) and (21®) are the only partitions of 
5 that can be formed out of the six elements 221111. In the next line we note that 
D (m1) or DgDjDi is to operate on three out of the six factors (2) (2) (1) (1) (1) (1), 
and that the only non-vanishing results are I) 2 (2). D 2 (2). D x (1). (1) (1) (1), 
and there are four of these, since D 4 can operate on any one of the four factors 

* MacMahon, 4 ‘ Combinatory Analysis,” vol, 1, pp, 27, S3* 
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of (l) 4 , the result in each case being (l) 8 . Similarly, D (2rt = DjDjDjDj 
operating on (2) 2 (l) 4 yields 8 (2) (1), since the operand (2) can be chosen in two 
ways and the three operands (l) 8 in four ways. Finally, the next line follows 
from the property D, (s) = 1. The following tables are rapidly calculated and 
checked by the use of Hammond’s operators and are sufficient for the calcula¬ 
tion of the first four moments of the distribution of the variance in samples. 

(15) Powers and products of symmetric functions expressed linearly in 
terms of monomial symmetric functions 



(l) 2 

(2) 

1 

(l 2 ) 

2 


(15.1) 



(2)(1) 

(l) 8 

(3) 

1 

1 

(21) 

1 

3 

d s ) 


6 


(15.2) 



(2) 2 

(2)(1) 8 

(l) 4 

(4) 

1 

1 

1 

(31) 


2 

4 

(2 2 ) 

2 

2 

6 

(21 s ) 


2 

12 

(l 4 ) 

i 


24 


(15.3) 



(2) 3 

(2) s (l) 2 

(2) (l) 4 

(1)« 

(6) 

1 

1 

1 

1 

(51) 


2 

4 

6 

(42) 

8 

3 

7 

16 

(3 s ) 


4 

8 

20 

(41 s ) 


2 

12 

30 

(321) 


4 

16 

60 

(2 8 ) 

6 

6 

18 

90 

(31 s ) 



24 

120 

(2 a l s ) 


4 

24 

180 

(21 4 ) 



24 

360 

(I s ) 

i 



720 


(15.4) 
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(2) 4 

(2) s (1)* 

(2)®(1) 4 

(2) (1)* 

d) 8 

(8) 

1 

1 

1 

1 

1 

(71) 


2 

4 

6 

8 

(62) 

4 

4 

8 

16 

28 

(53) 


6 

12 

26 

56 

(4*) 

6 

6 

14 

30 

70 

(61*) 


2 

12 

30 

56 

(521) 


6 

20 

66 

168 

(431) 


6 

28 

90 

280 

(42*) 

12 

12 

32 

120 

420 

(3*2) 


12 

40 

140 

560 

(51*) 



24 

120 

336 

(421*) 


6 

36 

210 

840 

(3*1*) 



48 

240 

1120 

(32*1) 


12 

56 

300 

1680 

(2 4 ) 

24 

24 

72 

360 

2520 

(41*) 



24 

360 

1680 

(321 s ) 



48 

480 

3360 

(2*1*) 


12 

72 

540 

5040 

(31 s ) 




720 

6720 

(2*1 4 ) 



48 

720 | 

10080 

(21 6 ) 




720 

20160 

(l 8 ) 





40320 


These tables are to be read vertically, thus : 

(2) 4 = (8) + 4 (62) + 6 (4*) + 12 (42*) + 24 (2 4 ). 


(16) These relations and the elementary result 

14 (*) — m r (®) — (i) (i) %(*)+(g) *»r-i (*) (*)••• 

+ (-r x [r-l]m/(i) 


enable us to write down the means of the second and higher moments in 
sampling. The formulae are conveniently exhibited in diagrammatic form 




-2a* 

h 

e i — e a 


1 jn 

- 1 /»* 


( 16 . 1 ) 
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3<jt 3 


1 jn 
-3/w 2 
2/m 3 


e i — c a 

f’j ■ ”(" 2^3 


(16.2) 


% (M^)) = 

1/m 

— i/ n * 
6/m 8 

- 3/m 4 


One advantage of writing the formuIoB in this way is that it is equally easy 
to pick out the coefficients of l/n r and of the a’s. In (16.3), for example, the 
coefficient of 6/n 3 in m x (|x 4 (i)) is 2a 2 2 (e t — e 2 ) — 4a 4 (cj — 3e 2 + 2e s ). These 
values of means of sample moments reduce to pt 2 , (i 3 and (/, 4 , as they should, 
when n = 1 and when n = N. If we put N = we ought to obtain the 
corresponding values for sampling from an unlimited population found by 
A. A. Tsckuprow.* If we substitute the values of a z , a 4 , we get 


%(M*)) = 

N W/2 

N(x 4 

1 jn 



— 4/n 2 


«l — «8 

6/n a 

2(e a — e 8 ) 

Ci — 3e 2 + 2e 8 

- 3/m 4 

6 (e a — 2e 3 + e 4 ) 

6j — 7e 2 4" 12fig 6e 4 


When N <*>, N(n—• 1)... (n — a + 1) and N f e a 0 if r < $. Hence 
for an unlimited population 

% (pt 4 (d?)) = h-4 — E (2^4 “ 5 lV) — - 5(^4 ~~ 

W 71 « 

agreeing with Tschuprow’s result. 

* ‘ Biometrika,,’ voI.|12, p. 186. Tschuprow writes N for «, our N being « in his case, 
and Vr(K) for our m t (p. r (*)). 


2a 2 2 

** 

41 

1 

] 


*1 

Cl Cg 

c, - e 2 

Cj — c 2 

f’i — 3e a H~ 2e a 

*1 - *2 

e i ~ 7<> 2 + 12 «s ~ 6e 4 


(16.3) 
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(17) In particular the higher moment coefficients of the second sample 
moment or variance are deduced from the relation 


-wti --V 

and are as follows :— 


) = 

w 

—4^4 

1/n* 

e x + e 2 

1 

to 

— 2/w 3 

e l e 2 

— 3^2 2<? 3 

1 /»« 

e l — «2 

— 7<? a *4" 12^3 


where 

2a 2 2 = PVa a 

and 

— 4a 4 = Np 4 — £N 2 |i 2 2 . 



-2a, 8 

3o 8 * 



1/n 8 

ej + 3e, 

«! 3^j| 

4~ 2e s 

3cj -|- 3e, 

— 6e s 

e t *— 3^2 4“ 2fi 3 

- s/n* 

e I ” e 2 

«i - 

-e 2 

3cj — 9c, 

+ 4e s + 2e 4 

^ — 7e 8 + 12e 8 — 6e 4 

8/n 5 

d 

V 

1 

^1 ~ $ e 2 
+ 2c 3 

3^x — 17e a 

4” 26e 3 — 12e 4 

"" lBfig "f* &0fi 3 

*™ 60e 4 4~ 24^3 

- 1/n® 

e i ~ c * 

e, - 

" ^2 

3ei — 33e, 

+ 60e 8 — 30e 4 

Cj 31e 8 4* 180e, 

— 390e 4 + 360e s — 1206, 


(17.2) 

where 


- 2a j 8 = N s (x a */4 
3a 8 2 ess N 2 (i s 2 /3 
2a*a 4 » N 2 (i 2 (x 4 /4 - N»(x 2 */8 

- 6a 8 . - |N 2 (x 4 (i 2 - PV 8 2 + PV.*- 


and 
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170e a + 1176 c 8 — 2688e 4 e x — 127e 2 + 1932e 3 — 10206e 4 + 25200e s — 31920a, 

+ 2520% — 840% + 20160% - 50 
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Vhere 

2 af = NVa*/ 8 5 ~ ^a 0 #* = ^Wt 4 */ 9 > 

~ ia % \ = - N 4 |i a 4 /8 ; 

4aj <* 6 = N*m|A,/3 — N 3 (i 4 |i a 2 /4 — NVaVa / 9 + N 4 (x 4 4 /24 

and 

- &** = N[x 8 - 2N 2 (j. 6 [x a /3 - 8N®ii 6 [i 3 /15 - Wrf/i 

+ NV 4l x a 2 /4 + 2NVs a ^a/9 - NV 2 4 /48. 

(18) In numerical cases the linear functions of the e’s in these formulae 
would be replaced by numerical coefficients and, as pointed out in paragraph 13, 
the higher e's vanish for small samples. It is of interest to examine more 
closely the value of (p a (x)) given by (17.3). We note that (x), or p 8 for 
short, occurs only in a B and therefore comes from the terms in the last column. 
Hence the coefficient of N[x 8 in the expanded value of m A ({x 2 (x)) is 

(cj — 7e a + 12e 8 — 6e 4 )/n 4 — 4 — 15e 2 + 50e 3 — 60e 4 + 24e 5 )/w c 

+ 6 — 31e 2 + 180e 3 - 390e 4 + 360e 6 - 120e 6 )/n 6 

— 4 («! — 63e 2 + 602e 3 - 2100e 4 + 3360e 5 - 2520e 6 + 720 e,)/n 7 
+ (e x - 127e a + 1932e a - 10206e 4 + 25200e 5 - 31920e tt + 20160e 7 

- 5040e 8 )/n 8 . 

It will be found that this does not agree with the value given by Church . 111 
To obtain agreement the last three lines of his expression need correcting by 
replacing 3N 2 — 18 N + 77 in the first line by 3N 2 — 42N + 133, by changing 
+ 2880 in the second line to *— 2880 and by replacing +21840 in the last line 
by - 5040. 

(19) For the case when the population of the universe is unlimited, so that 
N sa oo , the values of m 4 ( |jl 2 (x)) and jx 4 ( |x a ( x )) have been given by Tschuprow 
in the classical paper previously quoted.| One set of terms (correctly given 
on an earlier page) have been accidentally omitted from the result and 
Tschuprow’s coefficient of — 1 /N 6 must be replaced by 

4p 8 — 88^(12 — 95 [x 4 2 — 160[x s (jl 8 + 1050(jL 4 (x a 2 + 1360p 3 8 (jt i — 1395p, a 4 . 

In his case the formula is merely an illustration of general theorems and no 
corrections are needed in these or in his discussion of the conditions required 
to be satisfied by the parameters of the universe if the higher sampling moments 
are to tend to normality of distribution as a limit. 

* ‘ Biometrika,' vol. 18, p. 379. 
t * Biometrika,’ vol. 12, p, 194, equation (25). 
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The Collision of Electrons with Simple Atomic Systems and 
Electron Exchange . 

By H. 8. W. Massky, B.A., M.Sc., Trinity College, Cambridge, Aitcbison 
Scholar, University of Melbourne, and C. B. O. Mohr, B.A., M.Sc., 
Trinity College, Cambridge, 1851 Exhibitioner, University of Melbourne. 

(Communicated by Lord Rutherford, O.M., F.R.S.—Received April 22, 1931.) 

One of the outstanding differences between classical theory and quantum 
mechanics is the importance which the latter attaches to the identity of 
particles. Although perfectly well realised before the introduction of modern 
quantum theory, the fact that two electrons are experimentally indistinguish¬ 
able did not introduce any novel features into the dynamics of many electron 
systems on Bohr’s theory. However, Heisenberg* showed that these identity 
relations are of fundamental importance in many body problems, and was 
able to explain the formerly very puzzling characteristic of the spectrum of 
neutral helium, its division into two non-combining term systems. Owing to 
the identity of the particles, the wave function representing such a system must 
have certain symmetry properties ; for the particles known in Nature tins 
symmetry characteristic is that the function be either symmetric or anti¬ 
symmetric in the co-ordinates of the particles. For particles with a spin such 
as the electron and proton, only antisymmetry is allowed (Pauli’s principle), 
while for a-particles the wave function must be symmetrical. 

Since Heisenberg’s explanation of the helium spectrum the theory of anti¬ 
symmetric electron wave functions has been extended to describe the general 
features of the spectra of all atoms, while it appears from the work of Heitler 
and Londonj that the theory is of fundamental importance in the explanation 
of chemical combination between atoms. Again, in furnishing a new statistics 
it is an essential feature of the theory of metals, t As the effect of the identity 
relations depends on the fact that exchanging the electrons does not alter 
the system in any way, these effects are known as exchange phenomena. 

The first wave mechanical theory of collisions, due to Bom,§ neglected 
the effect of exchange. In this treatment, which is a method of successive 

* ‘ Z. Physik,’ vol. 3$, p. 411 (1926). 

t * Z. Physik,’ vol. 44, p. 455 (1927). 

J Sommerfeld, *Z. Physik/ vol. 47, p. 1 (1928). 

§ * Z. Physik/ vol. 38, p. 803 (1926). 



600 EL B. W. Massey and C. B. 0. Mohr. 


approximations, a solution is found for the wave equation of the system in 
terms of an incident plane wave and a number of spherical waves corresponding 
to the incident and scattered particles respectively. For the case of the 
scattering of electrons by a hydrogen atom, a solution is obtained which has 
the asymptotic form 

piknfi 

<Mr,)e** , '+S+.('.) V(«i) 

« T 1 

for large r v where r y is the co-ordinate of the incident particle; the wave 
functions of the atom are given by (r 2 ), (r 2 ) being that of the initial state ; 

kh/2nm, k n hj2Ttm are the velocities of the scattered electron before and after 
impact, k n being such that energy is conserved. The fraction of electrons 
scattered in a direction between 0 X and 0! + d% x after having lost energy given 


by 

is then simply 



The theory was successful in describing a large variety of collision phenomena 
such as the excitation of atoms by electron impact, but in one important 
direction it failed. According to Born’s theory the probability of producing 
by electron impact, transitions between two levels of different non-combining 
term systems (for example, from the ground state of helium, a singlet state, 
to any level of the triplet series) is zero. However, experiment shows that this 
is not the case, for at certain velocities it is found that the probability of such 
a process is of the same order, if not larger than, the probability of a transition 
between terms of one system. This failure of Born’s theory is due to neglect 
of the possibility that the electrons may change places ; for the excitation of, 
say, a triplet state of helium from the ground state, can only take place if 
there is a re-arrangement of electron spins, a process requiring an interchange 
between atomic and incident electrons. This was pointed out by Oppen- 
heimer* in a paper in which he obtained approximate expressions for the effect 
of exchange on electron scattering, and in particular, formulae for the transition 
probabilities between non-combining terms. He showed that the solution of 
the above problem takes the asymptotic form 

+0 W ***** + J {+« (',) ~fn (00 + g n (0 2 ) (r,) 

* ‘ Phys. Rev.,’ vol. 32, p. 361 (1928). 
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for large r t or r % . The first term in the bracket is just that given above, while 
the second corresponds to the ejection of an atomic electron and its replace¬ 
ment by the colliding electron. This wave function is not the correct one to 
describe the scattering, as we have to form symmetric and antisymmetric 
functions from it, and the scattered intensities so obtained must be combined 
in the ratio one to three ; we shall not consider here why this is so.* * * § It is 
important to notice, however, that we may expect interference effects as 
we have to combine amplitudes not intensities, and the magnitude of this 
effect was calculated by Mottf for the case of the scattering of charged particles 
by equivalent ones. His formulae have been confirmed experimentally by 
Chadwick ,X and by Blackett and Champion§ for the scattering of a-particles 
in helium, and by Williams! | for the scattering of high velocity electrons. 

In this paper^j we apply Oppenheimer’s methods to the scattering of electrons 
in helium and hydrogen, obtaining formula? for the angular distribution of 
elastic and inelastic scattering, and for the total cross sections corresponding 
to elastic and the most probable inelastic collisions. In particular we have 
calculated the probabilities of excitation of the triplet states of helium and 
obtained curves agreeing very well with the experimental, and showing clearly 
the difference between the optical excitation functions of the singlet and triplet 
lines. The excitation functions for the spark lines of helium have also been 
calculated. We now pass on to a more detailed consideration of the methods 
and results. 


§ 1. Oppenheimer s Theory. 

We shall now consider the modification of the simple scattering formula due 
to the possibility of interchange between incident and atomic electron. We 
shall use a method due to Dirac, which gives, of course, the same results as 
that of Bom. 

Dirac** has shown that the effective cross section that an electron must hit 
in order to raise an atom from state n to state m, the electron velocity being 


* Bee, for example, Mott, 4 Proc, Roy. Soc./ A, voL 125, p. 222 (1929), 

t * Proc. Roy. Soc./ A, voL 126, p. 259 (1930). 

t ‘ Proc. Roy. Soc./ A, vol. 128, p. 114 (1930). 

§ * Proc. Roy. Soc./ A, vol. 130, p. 380 (1931). 

I] 4 Proc. Roy. Soc./ A, vol 128, p. 459 (1930). 

f A preliminary note of the results obtained was published in 'Nature/ vol. 127, 
jp. 234 (1931), 

** “ Quantum Mechanics,” p. 179, Oxford (1930), 
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changed from Ichfenm to k'hjiwrn, is given to a certain degree of approximation 
by* 




(D, 


where (nk | V | mk f ) is the transformation matrix given by 

(«t|Y|«i')-= (2) 


Here V is the interaction energy, normalised wave functions of 

the states nk> mk f of the complete system, the integration being over the space 
of the atomic and colliding electrons. 

Consider first the case of the hydrogen atom. Neglecting exchange, the 
wave function would take the form of the simple product of the wave functions 
of the atomic and colliding electrons, i.e., 

== 'K ( r i) e ikn °' T1 "1 suffixes 1 and 2 denoting atomic and 
=ss ( r i) «***“» • r# J colliding electrons respectively, 

where the wave function of the colliding electron is taken as a plane wave with 
direction before and after impact given by the unit vectors n 0 and n v 
khj2r*m, fc7i/2itm the velocity before and after impact. 

Owing to the identity of the electrons, (r a ) e ikn * * Tx represents a state of 
the same energy as fo) e ik *' r \ and we must form the symmetrical and 
antisymmetxical linear combinations 


= fyw (h) e ikn, T ' ± (r a ) e ttn, ' r ’} 

y . 

“ ~/l (+m (fi) ± (f«) «“ ** • '*} 

On substitution in (1) these give the two cross sections 

where 

/- (r,) (r,) e 4 <*“.-*’“>) • r. ^ ^ 

g = V2n ^ jj V 'M r i) (»*) e <tn “ • r * e~ ik ’ a ' • r * d Vl dv t 


(3) 


(4) 


* In this expression a factor 2tt is included, so <J> nm sin $ d$ gives the scattered intensity 
between angles 8 and 8 + 
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jj 

It is of interest to observe that | /1 * — gives just the Bom formula, the 

K 


presence of g being the modification due to exchange. 

So far we have neglected spin and introducing this, the complete wave 
function must be antisymmetric. As a consequence we have the symmetric 
cross section when the electron spin f unction is antisymmetric, and vice versa « 
Just as in the spectrum of helium, the symmetric spin function is triply 
degenerate, the antisymmetric non-degenerate, so we must attach a weight 
3 to the antisymmetric cross section.* The actual observed total cross section 
will then be the weighted mean 


= ^H3|/-0| 2 +|/ + ff| 2 } (5) 


as the incident beam is taken as unpolarised (spin axis arbitrary). 

Now in the case of helium we have a three electron problem and the only 
allowed wave function is doubly degenerate (analogous to the doublet spectrum 
of an alkali metal). The linear combination gives nowf 


V3'F„» (W 3 ) = (r x r,) e ikn < • r > + e^„ (ry,) e ikn ' • r * + s a ^„ (r„r a ) e“°' ■ r ‘ 1 
or r 

== (hra) e ilm > • r * + s 2 y fl (r 3 ij) ■• r * + £<k, (Va) ' r * J 


( 6 ) 


where t is a cube root of unity, (r^) being the atomic wave function. 

k' 

substitution in (1) this gives a cross section \f — g \ 2 - where 


/= 
9 = 


VZnZ 


urn 


h* 

\/%n2nm 


j|{ V<|/ n M ** (hh) e* • r » dv a dv a 
jJJ V(r x r 2 ) (r 2 r 3 ) e ikB ‘ • r » e" w ' n * • r * dv t dv a dv a 




On 


(7) 


Such a result will be obtained for any case of an atom with closed shells, 
the oross section being obtained in the first approximation by summing over 
all pairs of equivalent electrons. 

The formulae may be generalised for atoms with any number of electrons 
lmlng methods very similar to those used by SlaterJ for the case of Bpectra 
of complex atoms, the correspondence between the periodic and aperiodic 
cases being obvious from the above two cases. 

This theory is only approximate ; it is more accurate the higher the electron 

* Mott, ‘ Proc. Roy. Soc.,’ A, vol. 125, p. 222 (1929). 
t Oppenheimer, he. cit. 
t ‘ Phya. Rev.,’ vol. 34, p. 1293 (1929). 

VOL. CXXXU.—A. 2 R 
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velocity. However, it will be a better approximation to the correct scattering 
formula than Born’s since the linear combinations (3) are better approximations 
than the simple products. In the case of the helium cross section above, it 
is clear that / vanishes for a transition from singlet to triplet, as the initial 
and final wave functions are of opposite symmetry. However, g does not 
vanish and so we have a finite probability for the transition. We shall now 
proceed to the detailed calculation of / and g. 


§ 2. Calculation of Cross Sections. 

A. One Electron Atoms .—If Z is the nuclear charge, a 0 the radius of the 
ground orbit of the hydrogen atom, the wave functions for an atom with one 
electron are given by* 

= N„. dj?)'L”V gl )e (co. 9.) c“*-. (8) 

The notation is the same as in Schrddinger’s paper. 

N nlm is the normalising factor 

j 2Z f 

N = & + 1) (l — tw)! \naj \ na Q % 

y/\ 2tc 2 (l -f* m )! (TThP 1)1 ^ n (n -f l) l 

As the ground state wave function takes the form 

+o = N 0 e" * , (10) 

the calculation of the cross section presented to electrons of velocity khfiitm 
for collisions, in which the atom is excited to state nlm and an electron is 
scattered with velocity Jc f h/2v:m in the direction of the unit vector n v requires 
the evaluation of the integrals 





/2Zr,\ 


e no. 


Pj m (cos 0,) e *• r * dv t dv 2 , (11a) 


ff(i - z ).-t(My L .« ( 2Zi) 

J J v^ia \ na 0 * \ na 0 1 


- z Ji 

e **• 


where 


P 2 m (cos 0 2 ) dv x dv %t (Hb) 


* Sohrfldinger, * Ann. Phyaik/ voL 80, p. 437 (1928), 
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In the case of the integral / the term in 1 jr % vanishes when represents 
any excited state, owing to the orthogonality of ^ nllH {r x ) and ( r i)* For g t 
however, this is not the case as (r x ) is orthogonal to only in the 

sense of continuous spectra. This non-orthogonality is an unsatisfactory 
feature of Oppenheimer’s theory and may introduce a considerable error for 
low velocities. It does not seem permissible, however, to reject such terms as 
the formula is in any case only approximate, and the non-orthogonality may be 
an essential feature of the approximation. 

A point of considerable importance is the choice of axes. In the case of 
a degenerate level Oppenheimer* has shown that the sum of the transition 
probabilities from one state to each of the degenerate states is invariant 
for all axes. Hence, if one can choose an axis so that only one transition 
probability does not vanish, the calculation is simplified. Unfortunately, it 
is not possible to choose such an axis common to both / and < 7 , and as the former 
is the simpler integral it is convenient to choose the polar axis along the direc¬ 
tion of incidence in all cases. To a close approximation this makes g vanish 
for any change in the magnetic quantum number m. 

Calculation of /.—Choosing the axis of polar co-ordinates along the vector 
n 0 and the axis of y in the plane of n 0 and n x we have 

exp{ir a (A: cos % — A:'sin 0 a cos <f> 2 sin 8 — k* cos 0 a cosS)}, (12) 


$ being the angle between n 0 and n 1# t.e., the angle of scattering. Following 
the method due to Bethef, we first integrate over the co-ordinates of the 
colliding electron. 

We have 


' e ((kn $ -kn i).r, 


dv « 


'12 


*'»»). r t 

K* e 


(13) 


where K* = A* -j- k'* — 2 kk’ cos S. 

This follows from the fact that the integral, being the potential at r, due to a 
density distribution must satisfy Poisson’s equation 

Substituting (13) in the integral (11a) gives 

•> (f£)‘l<K (£“)*.* <~ <U 

exp {w t (k oos 6 , — k' sin 0 X cos ^ sin 8 — k' cos 0 X cos 8 )} r x * sin 0 x <ir x tf 0 x d<f> v 

(U) 


* ‘ Z. Phyuk,’ voL 43, p. 27 (1927). 
f ‘ Ann. Phyaik,’ vol. 6, p. 325 (1930). 
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For the <f> integration we have* 

[ exp {ir-Jc' sin 0j cos </>•, sin 5) = 2r.i m J m (k'r sin sin S). (15) 

Jo 

On substitution in (14) we see that it is necessary to evaluate 

j* e (, ‘ (* co » s '~ r co, *> co *J m ( k' sin 0! sin 8) Pj m (cos 8j) sin 0 X dOj. (16) 

This is a particular case of Gegenbauer’s integralf 

J* e u 00 ** CDS * J v _!/j ( z sin 0 sin ({/) C r ” (cos 0 ) 0 d% 

= \/ — i r shi y ~ ljt ^C/ (cos 4 ») J.+. (*) 


P, m (cos 0) = 1.3.5 ... (2m - 1 ) sin" «W (cos 0). 
It gives for the integral (16) 


V- 

V r 


J t+i/s (K»i) i ‘~ m P i m ( cos H 


where cos = (A — k f cos S)/K. 

Putting 2r x Zjna 0 = \ reduces the integral / to 


where 


i‘8r*«e* \/^(^) V,p ”( c08 ^In.NoN,*, 

hi = f V +m L« + + , 1 (5) e-i (1 + n> J l+lA m dg, 

Jo 


£ being written for Kwo 0 /2Z. 
Using the expansion formula^ 


we have 


s L :-» .-ft 


w _ * 1 +n— 

= +1 r *» ( rT51" 1(1 ~ M) Jo e (2l) 


♦ Sommerfeld, ‘Math. Annalen,’ vol. 47, p. 317 (1896). 

t Wateon, “ A Treatise on the Theory of Bessel Function*,” Cambridge (1922), p. 379, 
t SchrtJdinger, 1 Ann. PhyriV vol. 80, p. 484 (1926). 
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Now* 


e-*J .(*5) 


(lJ r( < Jl + v > 

i d? = \ 2 o/ 


o'* T (v +1) \ 2 ’ 2 


1*4 V (1 + v-M 


, V + 1,-^5 , 


and putting 

2 = C, v — l + \, [t = 1 + $, a = {1 -f- n — (n — l)u }/2 (1 — «), 
we have then 

2 ,+w ? +w (1 ~ «) (21 + 2) 1 , 41? (1 - «)« \ n) 

T(l +|F r T» _ F (/ + i/ + 2 ’ / + l ’~ 1 + n (23) 

\ + 2 2 / 


The hypergeometric series is easily seen to reduce to 

r i 41? (i — «) a r*-« 

L ' (1 + u — (n — 1) u)*J 


and therefore 


JjtL . - {1 + n + (1 - ») u} (1 - u) D 


• i+i (» 4 1) 1 


(1 — 2xv + v*) t+ * 


(w _ 1)1 + 4^ 

/„ i TS i ^ra/ M ~ eM > 8 *V 


where 


\(n 4 1)* + 41?/ ’ ' 

ln i _l ± 4^ I 

e (n + 1)* 4 41? ' ' 

2 i+5/2^+i/a 2 l 4 2 ! 

r (i -h #) [(«-h i)*+4c*]* +a 

The coefficient of u n ~ , ~ 1 on the right-hand side of (13) then gives 

U, - D . m 

where 0/ is a Gegenbauer Polynomial defined by 

(1 — 2ut 4- «•)-” =» S C/ (t) u*. 

# * 0 

The value of/ then is finally 

/“ V§ feil) W P { " (cos 4/)(27) 


* Watson, “ Bessel Functions/* p. 384. 
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Calculation of < 7 .—The integral g presents considerably greater complication 
than /. Write the integral in the form 


a^^ nlm f [(---) F (fi) G W (cos 6 a ) e"“ 
JJ '^12 *V 


-im+ t Jkn *. . r. 


T *dv l dv % > (28) 


where 


Zr. 


2Zr, 


V«a»/ 


F(fi) = e"s Cr (r 2 ) =» 

With the same choice of axes as for /, 

&n 0 . r 2 =ss lcr 2 cos 0 2 , 

k f n x . Tj =ss JtVj (sin 0 X cos sin $ + cos cos 8 ). 
Now l/r 12 — Z/r 2 may be expanded in the form* 


2 *2 Y„ (r lf r 2 ) ¥* (cos 0 X ) P/ (cos 0 a ) cos j. (<£, — 

V BL 0 P 3S — ^ 


(29) 


where 


Yo 


T» = 


1 -z 

»2 

'l < r a 

i_Z 
r, r 2 

r i > »•* 

r/ 

r v +1 

r a 

<>s 

r a * 
r *+i 

H> r i 


V yd 0 


(30) 


On substituting this expansion in (28) we find that the integral vanishes 
unless p — m, in which case we obtain for g 

2 *ae*N 0 N B , m S f y, F (r x ) 6 (r,) P, m (cos 6 ^ P, m (cos 0^ 

* * m •> 

e im +' exp {— t&'r, (sin 0 , cos <f>y sin 8 + cos 0 ! cos 8 ) + ikr t cos 0 ,} 

r,* r , 2 sin 0 , sin 0 , dr, dr, d 6 , d 0 , d^,. (31) 
Using (15) and (17) we may integrate over 0, and leaving 

y = 47 t*ae s N 0 N nIm j i'P »(cos 8 ) f y ¥ F (r,) G (r,) 

(k\) p, m (cos 0,) P," (cos 0,) e ttf ' C 0 * , *r,W r,* dr, dr, sin 0,dO,. (32) 
* Whittaker and Watson. “ A Course of Modem Analysis,” Cambridge (1927), p. 826. 
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The evaluation of 

r P, m (cob 0,) P„ m (cos 0,) e u, ' C0M * sin 0 2 d6 t 
Jo 

may be performed by the use of the expansion for e < * r ' co *in zonal harmonics* 
viz., 

e «r,co„, = ^y/gl £ (« + *)i' J. +1/2 (kr a ) P, (COB 0j), (33) 

« « o 

and the formula due to Gauntf for the integration of products of three spherical 
harmonics. Such integrals vanish unless l + v + a is even and no two of 
these are greater than the third. When this condition is satisfied 


£ 


P t m (cos 0 2 ) P ," 1 (cos 0 2 ) P, (cos 0 2 ) sin 0 2 dQ a 


v / u«-, ('I — m )! (v 4 m)I (a l) 2 (2 u — 2a)! «i 

(u —- l )! (m — v)! (« — s) ! (2m + 1 )! 

X £,(-!)<- 


1 )! (u - v) ! (« - s)! (2m + 1) 

(1 + m -f- 1 )! (v + s — m — t )! 

(/ — m — /)! (v — s 4 m 4 0 ’• ( s — t) 1 t ! 

where u = \{l 4 - v 4 s) and the summation over t is carried on until one of the 
factorial terms becomes negative. The final form which we obtain for g is 
then 

le^oe 8 N 0 N nlm {kkT m 2 P, m (cos 8 ) i" 2/ 2," j yj (r x ) G (r 8 ) 

X r,« J. + „, (*v.) „» J, +1 » (*,,) *, *,(-!)-« 

y (2u — 2s) 1 u ! (2 4 m 4 *) 1 (v 4- s — m — t) 1 

( 2 u 4 1 )! (1 — m — t)! (v — s 4 «4 *)! (w — t )! t!’ ' ' 


where 2 " denotes summation for t under the conditions indicated above and 
S' indicates summation for s between values which do not violate the condition 
that 2 4 v 4 s must form the sides of a triangle and must also be even. 

Further integration is impossible for the general case, but for any particular 
case may be carried out term by term. The labour of such a calculation would 
be excessive, but owing to certain properties of the expansion the integral may 
be calculated with sufficient accuracy throughout its range of importance. 
Let us consider the behaviour of the successive coefficients in the series expan¬ 
sion of the integral. For this purpose we may write 

g ** IffiAtc* N, N {mn (**')- 1/8 S P| m (cos 8) f <f> (r t ) X (r,) (*V X ) 

v m rn J 

X o,J i+1/l (kr t ) dr x dr t . (36) 

* Watson, “ Bessel Functions,” p. 368. 
t * Phil. Trans.,’ A, vol. 228, p. 151 (1829). 
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The expressions <f> (r^, x ( r s) are functions which vanish exponentially at 
infinity and. have fairly sharp mavima for values of fj, r a of the order of an 
atomic diameter. Consider now the effect of the Bessel functions. For high 
velocity electrons k, k' are large, and therefore, the Bessel functions osoillate 
rapidly and so produce interference, limiting the effective range of integration 
to a region from 0 to njk. The integral is thus very small at high velocities. 
In the case, however, of low velocities k'r v kr a are still small when r lf r a are 
such that <j> (tj), x i r i) have maximum values. In this case, the main contri¬ 
bution to the integrand comes from regions where the argument of the Bessel 
functions is less than their order. Employing for this case the approximate 
formula* 

j (x) ~ i e~* {T co,b T ~ “ lnh t) — where cosh x — p/x, (37) 

’ " (| sinh t) 

it is dear that the successive terms of the series for g will converge rapidly, 
as the exponential factor e“* (T 00,11 T ~ ,lnh t) determines the rate of fall off of the 
terms of the series. In this region also will lie the largest values of the integral 
g as here the destructive interference due to the rapid oscillations of the Bessel 
functions does not occur. 

As a oonsequence of this behaviour of the integral g it is clear that at low 
velocities its value for all the degenerate states of given energy is a maximum 
when the quantum number m does not change, for the series (35) commences 
with v = m and from the above considerations the convergence with v is 
rapid. 

We must now consider the relative magnitudes of / and g. The limits of 
both for low velocities may be easily calculated. For, if we put k’ = 0 in 
(28) the integral reduces to a form similar to that of/ and the integration follows 
on the same lines. Also for large velocities, where k - k', we may approximate 
to g by putting e“ r,/a • = 1. This is legitimate, for the main contribution to 
the integral in this case is for r v r, z 0. Bethe’s formula (13) may then be 
employed for the r x integration, leading again to an expression very similar 
to/. The following table gives the relative values of / and g (integrated over 
all angles) for low and high velocities, for certain values of rdm, the unit of 
length being (w* 0 *) v *. 


* Jahnke and Emde, “ Funktionentafela," p. 102 (1902). 
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Table I*—Relative Magnitudes of / and g. 


Transition. 

\ 

IS—IS, 

18—2P. 

IS—2S. 

/ 

2*8 at 0 volts 

0*87 at 200 volts 

37 at 10 *2 volts 

1*8 at 200 volte 

1 >2 at 10*2 volte 

0 *059 at 200 volte 

9 

17 at 0 volts 

0 *015 at 200 volts 

; \ 

49 at 10 * 2 volts 

0*05 at 200 volte 

■ 

1*1 at 10*2 volte 
0*011 at 200 volte 


To illustrate these considerations it is best to consider the simplest case, 
that of the elastic scattering by atomic hydrogen. Here 


where 


/ = aN 0 2 e 2 8rr 2 a 


»{; 


4 + 2<? n 2 P sin* P ~[ 
(4 + 4a 0 8 /fc 2 sin 2 P)*J 


9 = aN/e^ap 6 2 g n P„ (cos 8), 

ft 0 


1 


(38) 


3-s 2 

ffo 2(1 + **) 8 ’ 


9i 


9t 


9$ 


+ -++, log (1 + 


2z 2 (l+z 2 ) 8 ar (1 + a; 8 ) 3 

12 + 36s* + 109a* + 9034+5** 
2 x * (1 + x *) 4 


a4(l + **)• 


+ 


48 


■ arctan x 


x (1 + a;®) 8 
, 6 + 15a; 2 + 15x« , „ , „ 


180 + 858a 8 + 1614*4 + 1633a 8 + 963a 8 + 273a 10 + 7*“ 
2a4 (1 + a 8 ) 4 

96 


x (1 + ac*) 8 


arctan x 


, 90+ 474* 8 + 1014a4 +1092s 6 + 630a4 + 210s 10 + 42* u l „ , » v 

+- - — - -log (1 + a 8 ), 


where x = ka 0 . 

The values of the first four expansion coefficients are illustrated graphically 
in fig. 1 as a function of ka Q . On the same diagram the value of / at 8 = 0 is 
plotted, and it is seen that the above ideas are well illustrated. 
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Fig. Illustrating Successive Approximations to g and Comparisons with /. 

Value of kaJZ ** V vohe X 0*26 /*. 

Having evaluated / and g for a particular transition we have the scattered 
intensity at a fixed angle of scattering S given by 

I' {3 | f(k, k\ cos 8) - Zg n (k, k') P„ m (cos 8) | * 

+ \f(k, k', cos S) + Zg n (k, k') P n " (cos 8) |». (39> 

To obtain the total effective cross section for the collision this must be 
integrated over the whole range of 8 . This integration is elementary and so 
will not be further discussed. 

B, Two-electron Systems .—For such cases we will restrict ourselves to the 
consideration of helium. The first point which arises concerns the wave 
functions which are to be used. We require the wave functions of the 18, 
28, 2 P, 3P and 3D singlet and triplet states in order to illustrate the variation 
of the scattering cross section with type of state considered. Let us discuss 
these required wave functions in order. 

Ground State .—The ground state of helium has been considered very com¬ 
pletely by Hylleraas* using a variation method. Denoting the two electrons * 
by suffixes 1 and 2 , the simplest function which gives good results for the 
ionisation potential is 

+'.>/*. wheTe Z** 27/16. 

fThis gives a density distribution very similar to the Hartree field, but to 
verify that this function is of sufficient accuracy for scattering problems we 
have used it to calculate the angular distribution of the elastic scattering of 

* * Z. Physik; vol. 54, p> 347 (1929). 

t ‘ Z. Physik, 1 vol. 55, p. 431 (1929). 
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210-volt electrons in helium. In this region exchange ©fleets are negligible 
and so Bom’s simple formula is used. It is then found that good agreement is 
obtained with Dymond’s* experimental curve and also with the curve calcu¬ 
lated by Mottf using a Hartree field. 

Higher Quantum Levels .—Here we have to consider both singlet and triplet 
terms. The wave functions of these may be taken as differing only in that the 
one corresponding to the singlet term is symmetric in the electrons, while the 
triplet function is antisymmetric. Actually they will be distinguished also 
in having slightly different screening constants, but for our purposes it is 
sufficiently accurate to take the mean of the singlet and triplet constants for 
each pair of wave functions, especially as this greatly reduces the numerical 
work. Considering the individual terms :— 

2 &—For these Hylleraas and UndheimJ give 

N {e"*''-*' (1 - cr a ) ± e~ ar '-**> (1 - cr x )}M 

where the mean values of a } b and c are 1 «98/a 0 , 0-60/a 0 and O-58/a 0 , and 

>T a 0 3 rf 2 6 c . 6 c* 1 ( 128 768c . 1152c 2 

n LW a*b 3 a s 6 3 J ± l(a + 6)« (a + bf + (a + 6) 8 J J * 

Unfortunately the singlet function obtained in this way is not orthogonal to 
that of the ground state, and this is a serious matter, as the error introduced 
becomes very considerable in the region of small to moderate velocities. 
Therefore there seemed no alternative but to alter slightly the values of the 
constants in order to make the function accurately orthogonal. The values 
finally adopted were 

a = 2/o 0 , b — 0-8/a 0 — c, Z = l* 6 /o 0 . 

2 P .—For these and higher levels the only wave functions available are those 
given by Eckartf in the form 

0 *)e" O, '^ ,, ±Y 1 (co 8 e i )e- , *-i r '} 

with 

« = 2-003/a 0 (i = 0-965/a 0 singlet, 

1-99/a 0 r09/a 0 triplet. 

* ‘ Proc. Roy. Soo.,’ A, vol. 122, p. 571 (1929). 
t ‘ Proo. Camb. Phil. Soo.,’ vol. 25, p. 304 (1929). 

| • Z. Phyiik,’ vol. 05, p. 759 (1930). 

§ ‘ Phys. Rev.,’ vol. 86, p. 878 (1930). 
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The mean values of a and (J may then be taken as 2 and 1 respectively, 
corresponding to complete screening by the inner electron. 

Higher P and, D States .—'These may be taken as hydrogenic,* so 

<|*p . ( 4*paJ* \* [ Y, (0* fa) f , Y, (6 lt fa) t -~ fa 

+3d \ 9841571 / Iy, (0„ fa) 2 Y a (0„ fa) 1 

where Y is a normalised surface spherical harmonic, a = 2/a 0 , (J =» l/a 0 . 

On substitution of these wave functions into the expression for the cross 
section we have integrals of the form 

/ = « f f f( 1 - ± - !) fa (r, h ) «'<*»• ■ fa (r* r a ) do, 

J J J V r 3 r 23 r W 

,-«([((*(r a r x ) «■«-*'»!' r t) ^ (r x r s ) 

JJJ\r 3 r 2 3 r i3 

We can now see the difference between singlet and triplet excitation prob¬ 
abilities ; since ( r i r 2 )> V« ( r i r z) have opposite symmetries if t \> n represents 
a triplet state, / will vanish and so exert no influence on the probability. As 
we know from considerations given above that g falls off much more rapidly 
than f, we have at once the result that the triplet excitation probabilities 
must vanish compared with the singlet at high velocities, in agreement with 
experiment. At low velocities this will not necessarily be the case, however, 
and this is again in agreement with experiment. 

These integrals may be reduced to integrals of a form precisely similar to 
those for one-electron systems, as the wave functions vj/ n (r x r # ) have the 
hydrogenic form. The only new form of integral occurring is 

— ’J'o (Va) fa ( T i r z) e<ka ‘ ■ • r * dv 3 . (40) 

r is 

The integration over the co-ordinates of electron 2 involves simple integrals 
of the form 

j (cos 0 a ) e 4 "* sin 0 a dfadfadr r (41) 

With the axis of the system chosen along the vector » 0 this becomes 
exp {ik'r t (sin 0, cos fa sin 8 -f cos 0 a cos 8) c _Mf * r a * P, m (oos 6 t ) 

e im *> sin 0 a i@ g dr t (42) 

* By this it is meant that the outer electron moves in the field of a charge 4 - 1 , the 
inner in that of a charge 4 - 2 . 
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Proceeding just as for g in the hydrogen case, this reduces to* 
2 iti* P,“ (cos S) J* J,- 1/g (k' r.) dr 2 


(2ti)W l P,” (COS 8) y 1! (1 r (l ± 8 + 1) p / Hr 8 + 1 j±±±2 , 8 _ £*\ 

2«+i/2 (X «+*+i r(jfc+ 3 ) r \ 2 ' 2 ’ _t " ir ’ (!«/• 

(43) 


In any special case the hypergeometric series degenerates into an elementary 
function and the calculation is straightforward. The remaining terms of the 
integral reduce simply to forms calculated earlier. We thus have for the 
probability of excitation to a state n, l , m 

["s' | fZ (*.*') p i m («<» W - s iV" (oos s) (*> *') a ™ » A (44) 

Jo m * “i I v - m 


where cos is defined as for the case of hydrogen (17), and g* n are the 
corresponding integrals calculated above. 

In particular, for the elastic scattering in helium, we have 


where 


£ | / — ^ | 2 sin 8 </8, 
/-■NAWfSgay y being - 1® fcu 

7 *m 0 -e OTT-I 97 / (4 + ^2 sin 2 ^S) a 9 K 27 0 


g = «N 0 V8jt» 


27 

16a, 
27 / 


8 » 

2 y B P„(cos8), 

n * o 


X (45) 


g lt g t , .... are as given above for the case of hydrogen, with y in place of x, 

and 

3-a; 2 4(15 + s») 

9o 2(1+ as 2 ) 8 (1 + a;®) 2 (9 + **)*' 

We will now prooeed to discuss the results of the calculations in the light of 
the experimental investigations. 


§ 3. Results and Discussion. 

The experimental investigations of scattering phenomena are of two 
kinds. Either the scattered electrons are investigated or the intensity of the 
light emitted by jumps from the states excited by electron impact is measured. 
The first type of investigation may again be subdivided into (a) experiments 
in which the total effective cross section for all or certain types of collision is 
* Watson, “ Bessel Functions,” p. 384. 
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measured, and (6) investigations of the angular distributions of electrons 
scattered under given conditions in the gas. 

The optical excitation measurements have been carried out in helium by 
Hughes and Lowe, Peteri and Elenbaas, Skinner and Lees, Hanle, and 
Michels* ; in neon by Hanle,f in mercury vapour by Schaffernicht^ in rino 
and cadmium vapour by Larch6,§ and in molecular hydrogen by Brasefield.jl 
In these the intensity of a given spectrum line, say that corresponding to the 
2 *P—4 *S transition, is measured as a function of the voltage of the exciting 
electrons. The resulting measurements give the product of the probability 
of excitation of the 4 X S level from the ground state by the transition prob¬ 
ability of the 4 1 S—2 X P switch. As these experiments are the most exhaustive 
available, and the method is more sensitive, as much smaller intensities can be 
measured than in the pure electron scattering experiments, they have yielded 
the most interesting information on the variation of cross section for individual 
inelastic collisions with electron velocity. 

Let us now consider the results of theory and experiment in this field. Fig. 2 
illustrates the curves representing the excitation probabilities of the 2 *S, 
2 *S, 2 X P, 2 8 P, 3 X D, 3 3 P states of helium from the ground state as a function 
of the velocity of the incident electrons, calculated as indicated in section 2. 
For high velocities the vanishingly small probability of excitation of the triplet 
state compared with the singlet is shown by the following table, which gives 
their relative values at 200 volte. 


Table II.—Relative Excitation Probabilities (calculated) at 200 volts. 


Transition. 

IS—2S. 1 

IS—2P. 

IS—3P, 

IS—3D. 

Singlet... 1 

0 *03 iraf 

• 

0*00 ira 0 ® 

0 *0015 ira* 

0 00025 wo,* 

Triplet.! 

0*001 7ra 0 * 

0 *00002 7ra 0 « 

0*0,1 wa o # 

0 *0.1 wa.* 


* Hughes and Lowe, 1 Proo. Boy. Soc.,’ A, vol. 104, p. 480 (1923); Peteri and Elenbaas, 
‘ Z. Physik/ vol. 54, p. 92 (1929) and vol. 59, p. 289 (1930); Skinner and Lees, ‘ Nature,* 
vol. 123, p. 836 (1929); Hanle, 1 Z. Physik/ vol. 56, p. 94 (1929); Michels, * Phys. Rev.,* 
vol 36, p. 1362 (1930). 
t ‘ Z. Physik; vol 65, p. 512 (1930). 
t ‘ Z. Physik, 1 vol. 02, p. 106 (1930). 

§ ‘ Z. Physik; vol. 67, p. 440 (1931). 

J|* Phys. Rev.; vol. 34, p. 431 (1929). 
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Electron velocities (volts) 

Fig. 2. —Calculated Cross Sections for Excitation of Helium by Electron Impact. 

Experimental curves obtained by Skinner and Lees and by Hanle are given 
in fig. 3 for comparison with the theoretical curves. It is at once obvious that 
the forms of the theoretical curves agree very well with the experimental, but 



Fig. 3.—Experimental Optical Excitation Function Curves for Helium. 

are, however, considerably sharper than the latter. However, the agreement 
between the various workers is not satisfactory, and a clue to the reason for 
this is provided by the work of Michels (loc. cit.). By attempting to correct 
for the voltage spread on the electron beam used (of the order 3 volts in most 
experiments), he showed that the error introduced by such a spread, which 
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becomes large near the excitation potential, will produce a “ blunting ” of the 
excitation curve. Also it was pointed out by Skinner and Lees that the 
determination of the intensities of the singlet lines is rendered difficult by the 
light in such cases spreading away from the electron beam. The biggest 
disagreement between theory and experiment appears in the case of D terms, 
which often exhibit, experimentally, secondary maxima and always give 
very flat curves. This is probably due to secondary excitation from the 
metastable 2P or 28 level, as such atoms accumulate in the experimental 
tube, and are further excited by slow electrons which are usually present in 
quantity. As to the order of magnitude of the absolute probabilities, they are 
clearly of the right order. Hanle and Schaffernicht* have deduced that the 
maximum probability of occurrence of an excitation collision is not greater 
than 1 per cent, of the total number of collisions and is usually much less. 
This is in good agreement with our calculated values, as the lowest levels which 
can be observed optically are the 3-quantum levels, and the calculated cross 
section for these cases is of the order 1 per cent, of the total number of collisions. 
Again, the theory is in agreement with the fact that the maxima of the singlet 
and triplet curves are of almost the same magnitude. It thus appears that the 
theoretical curves are not in contradiction with experiments carried out by 
optical methods, but to test their exact quantitative accuracy requires the use 
of electron scattering methods using very homogeneous electron beams. In 
this connection it is of interest to note that Whitneyf and PoardJ have carried 
out experiments of this type in mercury vapour and have found that the 
maximum probability of excitation of the lowest triplet level is as great as half 
that of an elastic collision at the same velocity, and this indicates that the 
theoretical absolute values for the lowest levels in helium (not observable by 
optical methods), which represent about the same ratio to the elastic cross 
section (fig. 5), are not far wrong. 

It is of interest to note also the above-mentioned results obtained by various 
observers for two-electron atomic systems other than helium. In all cases 
the same form of curve is obtained, the difference between singlet and triplet 
being characteristic. Hanle’s curves for neon (be. cit.) are much flatter than 
those for helium, and this would be expected owing to tie greater effective 
nuclear charge in the former atom. Perhaps the most striking pair of curves 
obtained are those by Larch6 (he. cit.) for the resonance lines of cadmium 

* 1 Ann. Physik, vol. 5, p. 906 (1930). 

t ‘ Phys. Rev.,’ vol. 34, p. 923 (1929). 

t ‘ Phye. Rev.,* vol, 36, p. 1187 (1930). 
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corresponding to the excitation of the 2 *P and 2 3 P levels. The similarity in 
form to the calculated curves for the same levels in helium is very marked. 

Let us now consider the results of calculations for one-electron atoms. 
Experimental evidence on spark line excitation functions is complicated by 
the difficulty of sorting out what are the fundamental processes occurring in 
the excitation. It is necessary to multiply the probability of excitation of an 
excited state of the ionised atom by the probability of ionisation, and this 
latter we have not calculated. Its form is known, however, and is such as to 
tend to smooth out the calculated curves, as it rises to a broad maximum at 
100 volts. Results of experiments by Schaffernicht in mercury, and Larch6 in 
cadmium and zinc, indicate that the spark line excitation functions have fairly 
sharp maxima close to the excitation potential in agreement with the calcula¬ 
tions illustrated in fig. 4. Recently Ornstein and Lindeman* have reported 



Fig. 4.—Calculated Cross Sections for Excitation of Hydrogen and Spark Lines of Helium. 

preliminary investigations of excitation functions of the Ha and Hp lines. 
They find two maxima, one close to the excitation potential, the other further 
removed. It is possible that the first of these may be due to exchange, the 
second to normal excitation. Although the calculated curves for the IS—2P 
and IS—2S transitions in fig. 4 do not give two maxima, it is clear that they 
may occur if the variation of the ratio of / and g is of a certain form, and this 
may easily be the case for higher states. 

Referring now to electron scattering experiments, we see that with both types 
of measurement available, the scattering is well determined and provides a 
rigorous test of any theory. Unfortunately investigations in this field have 
been confined until recently to investigations of the total cross sections, and as 
these, for electron velocities beyond the resonance potential, are sums of the 

* 4 K. Akad. Wet. Amst.,’ vol. 33, p. 1097 (1930). 
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cross sections for various types of collisions, their interpretation is complicated* 
These investigations have been carried out mainly by Ramsauer, Kollath, 
Bruche, Brode, and Normand,* and as a result the total cross sections for all 
simple gases in the electron voltage range 0*6-400 volts have been measured 
to within 16 per cent. Recently accurate measurements have been made of 
the ionisation cross sections for mercury, helium, neon, and argon by Bleakney 
and Smith,f so it is now possible by subtraction from the total cross section 
curve to obtain a curve giving the sum of the elastic cross section and those 
corresponding to excitation of discrete states. Angular distribution measure¬ 
ments of elastic scattering in helium have been made by Dymond, J Hamwell,§ 
and McMillen,|| but the angular range investigated is small (5°-60°), and the 
electron velocities usually high (100-200 volts), so the effect of electron 
exchange will be slight. The angular distributions of 200 and 400 volt electrons 
scattered inelastically have been examined also by Dymond and McMillen 
(loc. ait.) respectively. A third type of experiment, in which the velocity 
distribution of the scattered electrons is investigated by an analyser, is really 
not yet well developed, only one energy loss in helium being clearly resolved, 
though the above-mentioned experiments in mercury vapour by Whitney 
(loc. tit.) have yielded more information. When fully developed this method 
should yield valuable information as to the excitation probabilities of various 
levels. 

In fig. 5 the theoretical cross section obtained by adding together the cross 
sections for the elastic and for the inelastic collisions calculated as above is 
compared with the experimental curve. This latter is not the result of direct 
experiments, but is deduced by subtracting the ionisation cross sections 
measured by P. Smith (loc. tit.) from the total cross section as measured by 
Normand.f The agreement, in view of the approximate nature of the theory, 
is not entirely unsatisfactory, though it is clear that below about 16 volts 
the calculated cross section becomes far too large. As the theory becomes 
less accurate the lower the voltage, this disagreement is not surprising. 

As the disagreement is not great, it is of interest to examine the angular 

* Vide Kollath, * Phys. Z.; vol. 31, p. 986 (1930). 

t 4 Phys. Rev./ vol 38, pp. 1293, 1034 (1930). 

t Dymond, loc. tit. 

§ 1 Phys. Rev./ vol. 33, p. 669 (1929). 

|| 1 Phys. Rev.; vol. 36, p. 1034 (1930). 

It R will be observed that the total oross section appears to fall below the ionisation 
cross section at about 400 volts, so that the measurements cannot be considered reliable 
in this region. 
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distribution curves. Curves showing the calculated angular distributions for 
6-60 volt electrons are given in fig. 6. The effect of electron exchange should 

3 

?r a? 

2 

1 


0 

Fio. 5.—Comparison of Theoretical and Experimental Cross Sections. I, Normand’s 
experimental total cross section for helium. II, Smith’s experimental ionisation 
cross section for helium. Ill, Curve obtained by subtracting II from I. IV, Theoreti¬ 
cal curve for comparison with Ill. 



Angle of scattering* in degrees 


Fro. —Calculated Angular Distributions of Elastic Scattering in Helium. I, Calculated 
without allowing for exchange (Born’s theory). II, Calculated with allowance for 
exchange. 

appear here in the occurrence of a minimum at velocities of the order 100 volts 
at very large angles, this minimum moving in with diminishing voltage. It is 
unlikely that any exact agreement of these calculated curves would be obtained 
with experimental results, but the main features should be present. For 

2 a 2 
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velocities greater than 100 volts Born's formula would be expected to hold* 
For purposes of contrast the Bom curves are plotted also in fig. 6, 

No experimental data exist in the low velocity region for the inelastic scatter¬ 
ing in helium, but it is of interest to examine if the theory gives the angular 
distribution curves obtained by Dymond and MacMillen for 210 and 100 volt 
electrons respectively, scattered in helium after exciting a 2-quantum state. 
As there seems to be some doubt as to which transition was measured, the 
experimental curves are compared with those calculated on the assumption 
that the excited state was the 2 X P and 2 X S respectively (fig. 7). It is clear 



0 10 20 30 0 10 20 30 

Anglr oi Brittle ring in drgrerh 


Fio. 7.—Angle of Scattering in Degrees. I, Dymond’s experimental curve for 210 volt 
electrons. II, V, Calculated for IS—2 1 P transition. Ill, VI, Calculated for 
IS—2 J S transition. IV, MoMillen’s experimental curve for 100 volt electrons. 

that the observed transition is IS—2 1 P as would be expected from intensity 
considerations. 

It is of interest now to consider what effect electron exchange will have on 
the elastic scattering by other two-electron systems. It is clear from fig. 1 
that the higher the effective nuclear charge, the larger the voltage necessary 
in order that exchange effects may be considered negligible. For this it is 
necessary that JcaJZ should be of the order unity, requiring 

Voltage V ;> 15Z a (Z effective nuclear charge). 

Now in a rare gas such as neon, the effective nuclear charge acting on an 
electron in the L Bhell is approximately 6 (this may be obtained by using rules 
due to Slater),* the effect of exchange must persist to quite high velocities, 


* ' Phy*. Rev.,’ vol. 30, p. 07 (1930). 
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of the order 500 volts. It seems unlikely on these grounds that exchange is 
effective in the Ramsauer effect, but its effects might be looked for at high 
velocities, and should be the first cause of deviation from the Bom formula. 

For mercury, cadmium, and zinc, the total cross section as measured by 
Brode* is of much the same form as calculated for helium, the value at low 
velocities being extremely great (7(bra 0 3 at 2-5 volts). It is possible that 
exchange effects are the cause of this rapid rise at low velocities, but in heavy 
atoms the distortion of the electron waves is so great that it is not at present 
possible to sort out the different effects. 

For one-electron atoms, the cross section calculated as above will be similar 
to that for hydrogen. Fig. 8 illustrates the latter, and again the large cross 



FlO. 8.—Elastic Cross Section for Hydrogen. I, Normand’s experimental total cross 
section curve for H a . II, Curve estimated for H s from calculated value for H. 

section at zero velocity is marked. This is a feature of the measured cross 
section of the alkali metals,f the magnitude of that for sodium at 4 volts being 
30(bra 0 *. The maximum calculated value for atomic hydrogen is 1247m 0 2 , 
but this value increases the higher the effective nuclear charge, making it 
quite possible to explain the observed values. If one takes the form |/~ g\* 
instead of |{3 j/ —^J 2 + \f + ff\ 2 } one should obtain the form of the cross 
section of the hydrogen molecule, except for a factor between 2 and L% That 
the cross section so calculated is similar to that observed by Normand for this 
gas is clear from the fig. 8. 

* 4 Phys. Rev., 1 vol. 35, p. 504 (1930). 

t 4 Phys. Rev.,’ vol. 34, p. 673 (1929). 

$ Massey, ‘ Proc. Roy. Soc., 1 A, vol. 129, p. 616 (1930). 
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Concluding Remarks . 

The effect of electron exchange on electron scattering by one- and two-electron 
atoms is thus shown to be very considerable at low velocities, and corresponding 
effects should be observed. In any case it is at least clear from the optical 
excitation experiments that exchange phenomena are of considerable import¬ 
ance under such conditions. No quantitative agreement can be expected, 
however, owing to the approximate nature of the theory at such voltages. It 
is hoped in a later paper to calculate approximately the second approximation 
to the Born scattering, and thus obtain some idea of the direction in which 
modifications of the simpler theory considered above are to be expected. 
Combined with the calculations given in this paper, it is to be expected that 
further experiments will enable the effects due to the same cause to be sorted 
out from the complex processes occurring in the collision of electrons with 
atomic systems. 

In conclusion, we wish to thank Mr. N. F. Mott for many useful discussions. 

Summary. 

The effect of electron exchange on the scattering of electrons by atoms is 
considered. Oppenheimer’s approximate theory is used for this purpose, and 
calculations of the inelastic cross sections of the singlet and triplet terms and 
the spark lines of helium, of the terms of the hydrogen spectrum, and the forms of 
the elastic scattering cross sections for one- and two-electron atoms, is carried 
out. The excitation functions found are similar to the experimental, and 
exhibit the characteristic difference between singlet and triplet terms. It is 
found that the effect of exchange on the scattering by heavy atoms should be 
important to quite high voltages (e.g t> 600 volts in neon). A discussion of the 
available experimental results in the light of the theory is given. 
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Electron Emission from Langmuir Probes and from the Cathode of 
the Glow Discharge through Gases. 

By M. L. E. Oliphant, Ph.D., Exhibition of 1851 Senior Research Student, 

Trinity College, Cambridge. 

(Communicated by Lord Rutherford, F.R.S.—Received April 22,1931.) 

The current to the cathode of a direct current discharge through gases is 
made up of a flow of positive ions to the cathode surface together with a flow 
of electrons away from the electrode. It is of importance in the theory of the 
discharge to obtain an estimate of the relative proportions of the current carried 
by electrons and positive ions. Owing to the very small ionising efficiency of 
positive ions with the energies present in the discharge, it is necessary that the 
electron current should arise largely from the action of the positive ions on the 
surface of the cathode, and it is generally assumed that the electron emission 
should increase with the energy with which the ions strike the electrode. 

This paper presents the results of measurements made to determine the 
positive ion and electron currents at the surface of a simplified form of cathode, 
a negatively charged Langmuir probe in the positive column of an arc discharge 
through various gases. The theory of the cold probe developed originally by 
Langmuir and Mott-Smith* assumes that the electron emission is zero, but it 
will be shown that evidence of electron emission is given both by observation 
of the current-voltage characteristic of such a probe and by measurement of 
the heating effect of the positive ions. The results will then be discussed 
from the point of view of the glow discharge. 

Experimental Method . 

if*, is the positive ion current flowing to the collector and V its potential 
relative to the surrounding space, then the kinetic energy delivered up to the 
electrode is t,V. The apparent energy input is iV, where i is the observed 
total current to the probe. Thus if the heat energy delivered to the probe is 
measured it is possible to calculate the positive ion current striking it, and 
hence to determine the fraction of the total probe current carried by positive 
ions. This assumes that the majority of the positive ions are neutralised at 
the surfaoe of the collector and escape again as neutral atoms with negligible 
kinetic energy. It has been suggested* 1 that positive ions may fail to give up 

* T amili, and Matt-Smith, ‘ Gen. Elect. Rev.,’ vol. 20, p, 449 (1924); Compton and 
Langmuir, 4 Rev. Mod. Phys.,’ vol. 2, p. 184 (1930). 
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a considerable fraction of their kinetic energy to a metal which they strike, 
but actual measurements* by the author do not give evidence of any appreciable 
departure from unity of the “ accommodation coefficient ” for positive ions. 
The energy of a homogeneous beam of positive ions of helium checked within 
5 per cent, the limits of experimental error, with the energy delivered as heat 
to a small nickel target provided with a sensitive thermocouple, for all acceler¬ 
ating potentials from 40 to 6000 volts. This was for normal incidence. At 
very glancing angles there were considerable differences between the heating 
and the ion energies. Provided that care is taken to ensure that the ions 
.strike the probe more or less normally the heating effect should therefore give 
a true measure of the positive ion current. 

Apparatus. 

A compensation method has been used to measure the heating of a negatively 
charged Langmuir probe, changes in the energy delivered as heat to the 
electrode being compensated by maintaining the temperature constant by 
supplying heat from a separate source. The apparatus has taken three forms 
which are represented diagrammatically in fig. 1. 

The first two types were essentially similar. In (a) the collector was a 
straight tungsten filament, 0*15 mm. in diameter and 4*0 cm. long, in (b) 
a tungsten filament 0*25 mm. in diameter and 22 cm. long coiled into a tight 
spiral 3*1 mm. in external diameter, the average distance between the turns 
being 0*07 mm. The ends of the filaments were welded to thick nickel leads 
L, the unions coinciding with the ends of the insulated guard cylinders C\ 
These latter were kept at the same potential as the probes and obviated the 
necessity for any end correction to the sheath area, while they provided a 
convenient shield through which to bring out the leads to the filament. 

The use of two very different lengths of filament was intended to show whether 
there was any appreciable correction for the difference between the loss of 
heat along the leads when the filament was heated by positive ion bombard¬ 
ment (uniform along the length), and when heated by the passage of a current 
(when the temperature, and hence the resistance and energy dissipation, was 
greatest at the centre). The type (6) was also effectively a cylinder of 3* 1 mm. 
diameter, as compared with the small diameter of the straight wire, and hence 
while in (a) the current to the wire was limited largely by orbital motion,f 

* To be published separately. O/. Oliphant, * Proc. Roy. Soc.,’ A, vol. 124, p. 228 
(1929). 

t Langmuir and Mott-Smith, loc. cit . 
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in (b), except for the effect of the small spaces between the wires, the space 
charge of the positive ions was the determining factor. This difference is of 
considerable importance in considering the results of the measurements. 



Each filament formed one arm of a Wheatstone bridge, which enabled the 
filament resistance, and hence its temperature, to be kept constant by adjust¬ 
ment of the current flowing through it. Thus any change in the heating due 
to change in the number or energy of the ions bombarding the probe could 
be at once compensated and measured by observation of the change in the 
heating current required to maintain a constant temperature. 

In the third type of apparatus (c), fig. 1, the probe consisted of a copper 
cylinder, 3*2 mm. external diameter and 10 cm. long, formed by electroplating 
on to a piece of 5-bore quartz tubing and polishing the exterior. A heating 
loop of platinum wire, 0-2 mm. in diameter, was threaded through the outer 
four holes, and was provided with silver leads L, 0-25 mm. in diameter. A 
piece of double bore quartz tubing of the type used in the heaters of indirectly 
heated wireless valves, was pushed inside the central hole, and carried a pair 
of platinum-platinum rhodium thermocouple leads which were embedded in 
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the copper at the lower end. The thermocouple was connected to a galvano¬ 
meter, and was used to maintain the temperature constant by compensating 
for changes in the heating of the probe by ion bombardment by changes in 
the watts supplied to the heating coil 

The discharge itself was an arc of 30 to 800 milliamperes at about 120 volte, 
maintained between a hot tungsten cathode and a nickel anode. The anode 
and cathode were in the two separate arms of a U-tube 6 cm. in diameter and 
with a total distance between the electrodes of 30 to 55 cm. The probes (n) 
and (6) were supported across the section of the positive column about 12 cm. 
from the anode, while ( c ) was placed inside a spherical bulb 17 cm. in diameter 
which formed the lower part of the U-tube. The glasswork was of pyrex, 
and the whole apparatus was baked out at 500° C. after each assembly. Gas 
was admitted to the discharge tube after passing through a purifying apparatus, 
and was pumped away and returned to the reservoir by a diffusion pump. 
During an experiment the tube was completely immersed in a water bath. 

The Results. 

Before discussing the actual heating experiments it is necessary to consider 
the current-voltage characteristics of the probes, though the values of the 
space potential to which they lead only occur as a small correction in the 
main experiments. 

The variation in the current to the probes with the potential relative to the 
anode is of exactly the type found by Langmuir and Mott-Smith in mercury 
vapour. Fig. 2 (a) is a typical curve found in neon. For potentials of the 
collector greater than 50 volts negative to the anode the plot of the square of 
the collected current against the potential gives approximately a straight line 
(5). Further examples of this last curve are given in fig. 3. These curves may 
be extrapolated towards zero volts and used to give an extrapolation of the 
positive ion current in ( a ). In this way the electronic current at any potential 
may be found, and this may then be plotted semilogarithmically against the 
potential as in fig. 2 (c). The potential at which this last curve deviates from, 
the straight line gives the space-potential relative to the anode, in this case 
—25 volts. This does not differ from the “ floatingpotential by more than 
a few volts in any of the gases investigated, and the space potential around the 
probe was usually found approximately in this simpler way. The space 
potential occurs only as a correction to the potential applied to the probe, 
and it is quite unnecessary to know it with any great accuracy except for very 
low electrode potentials. 
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(The letters (a), (6), (c) refer to apparatus (a), (&) or (c)* ) 
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In the case of helium, argon, mercury vapour and hydrogen the graph of 
t* against V gives a straight line for negative potentials up to 600 volts or more. 
The curves of fig. 3 show the great accuracy with which this linear dependence 
holds. The same result is obtained with all three types of collector. With neon, 
on the other hand, there are considerable departures from linearity below 600 
volts, the curve showing a continual upward trend with increasing voltage. 
This is very similar to the curves found by Uyterhoeven* for negatively 
charged probes in neon, and, as we shall see later, indicates that the electron 
emission from the electrode increases with the potential. 

The Heating Measurements. 

These observations were carried out in the following way. The maximum 
potential to be used was applied to the collector and the arc current adjusted 
till the collector current was of a convenient order of magnitude, or till the 
thickness of the space-charge sheath was of the right order. The bridge 
containing the collecting filament was now balanced with as small a current 
as possible (usually 0 -1 to 0-2 amperes), flowing in the filament, or in the case 
of the indirectly heated probe the thermocouple galvanometer reading was 
noted with no heating energy supplied. The temperature of the probe under 
these conditions was from 500° C. to 1600° C. The potential was now reduced 
in steps of 40 to 100 volts, the temperature at any voltage being restored to its 
original value by increasing the heating current till the bridge balanced again, 
or till the thermocouple reading was regained. The thermal period of the 
filament probes was no longer than the time of swing of the bridge galvano¬ 
meter, but each reading with the indirectly heated probe occupied about 
5 minutes. The latter apparatus has not yielded, therefore, so many results 
as the first two. 

The reason for commencing at the highest voltage to be used was twofold. 
Firstly, it was then possible to be certain that the whole range would be covered 
without the heating current falling to too small a value to obtain a balance or 
even becoming ‘ negative,” and seoondly, the surface of the probe was then 
thoroughly cleaned by positive ion bombardment while the preliminary adjust¬ 
ments were being made. The importance of the latter effect is best shown by 
giving an example. With the discharge running in neon at 0*016 mm. pres¬ 
sure the isolated probe was heated to 600° C. by a current of 0*847 ampere, 
the resistance being 1*306 ohms. The collector was now bombarded by 

* Uyterhoeven, ‘Proo. Nat. Acad. Sol,’ vol. 16, p. 32 (1929); 'Phys. Rev.,’ vol. SI, 
PP- 827 > 818 (1928); Uyterhoeven and Harrington, ' Phys. Rev.,’ voL 86, p. 124 (1930). 
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positive ions of about 600 volts energy by applying that potential relative to 
the anode of the arc for 10 seconds. After this the heating current required 
to restore the probe to its original temperature was only 0*502 ampere. 
Continued bombardment reduced this still further. The great difference was 
due, no doubt, to the change in the thermal accommodation coefficient* 
between the gas and the wire, brought about by the cleansing action of the 
positive ion bombardment. On several occasions in helium the heating current 
required to maintain a given temperature fell to about one-third of its original 
value after bombarding for some minutes with ions at several hundreds of 
volts. Bombardment is far more effective in bringing about these ohauges in 
the surface than heating alone. After standing for some time the heating 
current was found to rise again as the surface adsorbed contamination from the 
surroundings. In order to be certain that the probe surface was in as nearly 
as possible the same condition at all potentials the electrode was bombarded 
between each pair of readings at the highest potential used in the experiment, 
and the readings were taken as quickly as possible after this treatment. 

The space-potential was determined approximately in each experiment by 
observation of the potential at which the probe “ floated,” the net current to 
it being zero. This potential Y 0 was used to correct the potential V of the probe 
relative to the anode in order to obtain the energy of the positive ions (V — V 0 ). 
The “ apparent watts ” at different potentials, corresponding to the product 
i (V — V 0 ), was then plotted against the heating watts which were required 
to maintain a given temperature, figs. 4a, 4b and 4c. The resulting graph was 
a straight line in practically all cases except for values of i (V — V 0 ) 
corresponding to energies of the bombarding ions greater than about 
600 volts. 

Now any change in the energy supplied to the collector from the heating 
battery must be equal to the corresponding change in the energy supplied to 
the electrode by the positive ions, i.e. f to the change in the product i p (Y — V 0 ). 
The graph is therefore in reality a plot of ^(V — V 0 ) against t(V — V 0 ), 
i.e., of i p against i. Its linear nature indicates that the current carried, by 
positive ions is accurately proportional to the total current, i.e. t that it is a constant 
fraction of the total current , below about 600 volts bombarding energy. The 
upward trend of the curve with increasing values of i (V — V 0 ), i.e., with 
increasing potential, shows that the fraction of the current carried by positive 
ions decreases thereafter with the accelerating potential. The slope of the 


* Cf, J. K, Roberta, 8 Proc. Roy. Soc.,* A, vol. 120, p. 146 (1930). 
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curve at any point gives the fraction i p /i directly, and the difference between 
it and unity gives the current carried by electrons. 

The results obtained in all the experiments are set out in Table I, the values 
given being those observed over the linear portion of the graphs corresponding 
to fig. 4. The results of each of the experiments with helium are given to 
indicate the consistency obtained. The values given for Ne and Ar with the 
different forms of apparatus are the average of several runs which exhibited 
the same general agreement. The results for H, and Hg are much less con¬ 
sistent, and hence the values given are very uncertain and may not be right 
even as to order of magnitude. Sputtering in Hg was very serious, and in 
both gases the filaments seemed to undergo sudden changes of temperature 
with a given heating current, probably due to changes in the surface condition 
of the probe and consequent alteration of the thermal accommodation 
coefficient. 
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Table I. 


G*8. 

Apparatus, 

Pressure. 

i p per cent, 
current carried 
by positive ions. 

t, per cent, 
current carried 
by electrons. 

per cent. 



mm. Hg 




He 

(a) 

*0 140 

70*0 

24 




*(0*140) 

(06*5) 

(33*5) 




0 042 

80-2 

20 




0 140 

70*3 

30 




0-300 

64*5 

36 




0 015 

79-2 

21 




0*014 

79*1 

21 




0-201 

67*5 

32-6 


Average for (a) . 


73*8 

26*2 

35*5 


(/>) 

0*150 

75*0 

25 




0-200 

04*1 

36 




0*145 

06*0 

34 




0 154 

73*0 

20 




*0*025-4) 129 

79*0 

21 




0*042 

80 0 

20 




0*300 

74 5 

25-5 




0*045 

72*0 

28 


Average for (6) .. 


72*9 

27*1 

37*2 



*0-290 

04*0 

36 




0-130 

70*1 

30 




0-023 

60*3 

34 




0-131 

62*4 

38 


Average for (c) . 


65*7 

34*3 

52*3 

Average for helium .... 


71 8 

28*2 

39*5 

Kv 

{«) 

*0*0154)-210 

52*0 

48*0 



(6) 

0*0254) *140 

63*8 

36*2 



(c) 

*0*072 

51*5 

48*5 


Average for neon . 


55*8 

44-2 

80*0 

Ar 

(A) 

*0 015 

83-0 

15*0 

! 


(<0 

*0*040 

80-0 

20*0 

! 

Average for argon .... 


82*5 

17*5 

21*2 

i 

H, 

(<*) 

0*200 

70*5 

29-5 

42 

Hg 

(a) 

0-0017 

72*0 

28 

39 


(6) 

0-0021 

83*0 

17 

21 


Bona marked * are given in the ourves of fig*. 4 a, 4a and 4c. 


Discussion. 

The most remarkable fact emerging from these experiments is that the 
proportion of the current oarried by positive ions is independent of the energy 
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of the ions between 40 and 600 volts, except in the case of neon. The electrons 
in the discharge possess energies up to 40 volts, so that it is impossible to make 
measurements below this value of the ion energy. Above 600 volte the electron 
current sometimes rises. Fig. 5 shows the way in which the electron current 
varies with the potential of the probe, the graphs being derived by differentia¬ 
tion of curves of the type given in fig. 4. 



The dotted curve of fig. 6 represents the experimental results previously 
obtained by the author* for the variation of the electron emission produced 
by He positive ions from a clean and from a contaminated molybdenum target. 
These results were obtained directly with a homogeneous beam of positive 
ions in a good vacuum, i.e., under conditions where electron emission due to 
factors other than the impact of positive ions was ruled out altogether. The 
considerable similarity between the curves obtained for He in the two different 
ways indicates that there can be no very great emission of electrons from the 


* ‘ Proo. Roy. Soo.,’ A, vol. 127, p. 878 (1830). 
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probe except that produced by positive ions. It is possible that the increase 
in the diameter of the sheath with increasing potential produces a decrease in 
the electron emission due to excited and metastable atoms from the discharge, 
this decrease being offset by an exactly equal increase in the emission due to 
positive ion impact, but as the diameter of the sheath is always less than 
one molecular mean free path this is not very likely. 

Examination of Table I shows that in general the current carried by electrons 
was slightly greater when measured with apparatus (c) than when measured 
with (a) or (6). This is probably due to the fact that this electrode was of 
copper, which direct experiment* shows liberates a greater number of electrons 
under the action of positive ions than does tungsten. 

Comparison of Apparatus (a), (b) and; (c). 

With the first form of apparatus (a), fig, 1, the diameter of the probe was 
small compared with the average thickness of the dark sheath formed round it, 
which was as large as 5 mm. across. Under these conditions the random 
velocities of the ions would cause some of them to perform orbits about the 
wire instead of striking it,f while many ions would collide with the electrode 
at very glancing angles of incidence. The same grazing incidence would 
also occur with apparatus (6), fig. 1, when impact took place in the spaces 
between the turns of the coiled filament. The probe in apparatus (c) was of a 
diameter comparable with or larger than the thickness of the sheath around it, 
and hence most of the ion impacts would occur at nearly normal incidence. 

There is evidence that positive ions can be almost “ specularly ” reflected 
from a metal surface which they strike at glancing incidence, retaining almost 
the whole of their kinetic energy.^ This “ reflection ” is often accompanied 
by neutralisation of the ions and strong electron emission.! Thus the positive 
ion current to the probe would be underestimated when determined from the 
energy delivered to the collector, while the electron emission would make the 
apparent current greater. The general effect of glancing incidence would be 
to make the positive ion current appear too small, and hence one would expect 
the values given by the three different forms of apparatus to follow the order 

* Ptoming, ‘K. Akad. Wetens Amsterdam; vol. 31, p. 14 (1928) and vol. 33, p. 941 
(1990) * 1 Physioa; vol. 8, p. 13 (1928). 

t Of Langmuir and Mott-Smith, Joe. tit. 

t * Hand. Exp. Phy*,’ vol 14, p. 539; Read, * Phy*. Rev,; vol. 31, p. 829 (1928); 
Gurney, 1 Phys. Rev.; vol. 32, p. 487 (1928). 

I Oliphant, 1 Proo. Roy. Soe.,* A, vol. 124, p. 228 (1929). 

von. cxxxn.— a. 2 t 
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(a) < (6) < (c). Actually (a) and ( b ) agree exactly, except for neon, and they 
both agree excellently with (c) when allowance is made from Penning’s results 
for the fact that this last is made of copper. Further, it is found that each probe 
gives the same result at a given potential whatever the pressure or density of 
ionisation, i,e. } for ratios of the diameter of probe to that of the dark space 
varying from 10 to 0-02, which means whatever the proportion of ions colliding 
at glancing angles. 

We conclude that the effect of glancing impact cannot be serious in our experi¬ 
ments. It seems unlikely that the “ accommodation coefficient ” for the energy 
interchange between the positive ions and the probe should be the same for all 
three probes unless it had the value unity for each. This is in accord with our 
conclusion stated earlier in the paper, and suggests the probability that changes 
in the-heat energy delivered to the collector are a real measure of changes in 
the total energy of the positive ions which bombard it. As experiment shows 
that glancing impact does give rise to “specular reflection ” of ions,it is possible 
that the above constitutes an argument against the possession of random 
velocities by the positive ions, i.e,, that incidence on the probe is always approxi¬ 
mately normal * 

Comparison with other Estimates of iji, 

A series of striking experiments have been carried out by Uyterhoeven and 
collaborators (be. tit.). These experiments were based upon the observation 
that the observed currents flowing to negatively charged Langmuir collectors 
in the positive column of discharges through the rare gases did not show 
saturation, and the value of the current density computed from the sheath 
thickness and the space-charge equations did not agree with the measured 
current density. Experiments made in neon with a perforated electrode and 
with two electrodes opposite one another appeared to establish an electron 
emission of the same order as the positive ion current, in qualitative agreement 
with the results for neon given in Table I of this paper. Uyterhoeven concluded 
that the greater part of the emission was due to the action of metastable atoms’}* 
on the surface of the collector. It seems very probable that this is the explana¬ 
tion of the much greater emission found for neon than for any other gas, as 
metastable atoms are known to be very plentiful in discharges through it. 
The increase in the emission from a probe with increasing negative potential 

* Langmuir, Scott Lectures at Cavendish Laboratory, 1931, stated that the general 
trend of evidence is against the possession of random velocities by the positive ions gr eat er 
than those corresponding to the temperature of the gas. 

t Oliphant, foe. tit. 
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observed in neon is possibly due to an increased emission of electrons by 
positive ion impact, as found by Penning ( loc . cit .). The difference between the 
effect to be expected from positive ions alone and from all the other agencies 
present in the discharge is much smaller in the case of helium than in neon, 
fig. 5, but some work of Ratner* suggests that emission due to metastable 
atoms is probably of great importance in air, and possibly in practically all 
gases. 

During the course of the present work Gimtherschulxef has published an 
account of a method of determining the electron emission from a Langmuir 
probe which is essentially similar to ours. The probe was in the form of a 
copper thimble sealed into the discharge tube and filled with a known quantity 
of water containing a thermometer. Knowing the water equivalent of this 
calorimeter the energy communicated to it by the impact of ions could be 
determined from the rise in temperature, and the positive ion current deduced 
from this value and the applied potential. Giintherschulze found a vSteady 
rise in the fraction of the current carried by electrons from 200 to 2500 volts. 
Above 1000 volts his values approach those found by us, but for lower potentials 
he found much smaller values, e.g ., in neon at 300 volts the ratio of electron 
current to positive ion current was 0*143. He agrees in finding that the ratio 
for neon is greater than for helium or argon. 

The Potential Energy of the Ions. 

The total energy given up when a positive ion falling through a potential V 
is neutralised at a metal surface is e(V + V<), where V, is the ionisation potential 
of the neutral atom. For largo values of V, V, would be inappreciable, but for 
potentials below, say, 100 volts it should assume an increasing importance. 
VanVoorhisJ looked for this energy by observing the heating effect of positive 
ions colliding with a small sphere of molybdenum used as a Langmuir collector 
at a series of potentials. He found in argon (V< — 15 volts), that the extra 
heating effect which could be ascribed to V< was less than that corresponding 
to an extra potential of 1 volt. This is very simply explained if we assume that 
part of the current was carried by electrons set free by the positive ions, the 
energy V, being used in setting free some of the electrons in accordance with a 
theory developed by Oliphant and Moon.§ 

* * Proc. Nat. Acad. Sci./ voL 15, p. 318 (1029), 
f Gilntherschulze, ‘ Z. Phyaik,’ voL 62, p. 600 (1980). 
t • Phys. Rev./ vol 30, p. 318 (1927). 

$ • Proc. Roy. Soc.; A, vol 127, p. 388 (1930), 


2 T 2 
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Comparison with the Cathode of the Glow Discharge. 

The maximum thickness of the dark-space sheath present in these experi¬ 
ments was measured at the highest potential used in He and Ne, and was 
found never to exceed about 0-5 molecular free paths, so that loss of energy 
and scattering inside the dark space must have been small. For instance, with 
apparatus (a) a sheath thickness of 2* * * § 0 mm. was observed with a potential 
of 600 volts on the probe at a pressure of 0 * 032 mm. of helium, corresponding 
to a mean free path of about 4 mm. 

The cathode dark space of the glow discharge stretches over many free paths, 
so that the positive ions which collide with the electrode surface have made, in 
general, several collisions with gas molecules, while the electrons which they 
set free ionise and lose energy inside the dark space itself. This means that 
there is no simple relation between the cathode fall of potential and the average 
energy of the positive ions, and that the distribution of current between ions 
and electrons varies continuously over the width of the dark space. 

A variation in the energy of impact of the positive ions should cause a con¬ 
siderable variation in the cathode fall of potential if the electron emission 
varied much with the ion energy.* A transverse magnetic field will diminish 
the width of the dark space by curling up the electrons without appreciably 
changing the paths of the positive ions,t in fact the width can be reduced to 
one-tenth of its original value without alteration of the cathode fall of potential. 
This can only mean that the electron emission from the cathode is independent 
of the energy of the positive ions. Also it is found that no appreciable varia¬ 
tion is observed in the cathode fall for a discharge between a co-axial wire and 
cylinder (as cathode and anode, or vice versa), when the relative diameters are 
varied over a wide range.J Hence the field at the cathode surface, which 
must govern the velocity of the positive ions, has little influence on the electron 
emission. This is in accord with our measurements. 

Runge§ has calculated on classical grounds the distribution of momentum in 
space for a positive ion travelling towards the cathode after up to thirty 
successive collisions with gas molecules. The result of this analysis is to show 
that almost the whole of the momentum is directed towards the cathode, the 

* Of. Compton and Morse, 4 Phys, Rev.,’ vol. 30, p. 305 (1027); Morse, 1 Phys. Rev., 
vol, 31, p. 1003 (1028). 

t Holm, 4 Phys, Z./ vol. 10, p. 20 (1915); cf. Sir Joseph Thomson, 4 Phil. Mag./ vol 8, 
p, 303 (1020). 

% Taylor, 44 Dissertation Utrecht/* p. 67 (1927). 

§ 4 Z. Phyaik/ vol 61, p. 174 (1930). 
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fraction directed backwards being quite small. Thus the energy delivered 
to a cathode which is large compared with the thickness of the cathode dark 
space should give an approximate measure of the positive ion current. The 
most reliable measurements of the heating of the cathode of a glow discharge 
are due to Giintherschulze* who measured this quantity in several ways, the 
average result being that 80 per cent, of the energy corresponding to the 
observed cathode fall and current was found to appear as heat. This corre¬ 
sponds with i p ji =r 80 per cent., or an electron emission of 0-25 of the ion 
current, of the same order as the value obtained here with Langmuir probes. 

It is noteworthy that current theories of the cathode fall of potential require 
a much smaller emission of electrons from the cathode than our experiments 
appear to indicate. Thus Klemperer,t on the basis of a theory developed by 
him, calculated from the experimental results of Townsend and others that the 
electron emission should be of the order of 0*0001 to 0-1, while Compton and 
Morse ( loc . tit.) calculated from a theory based on a minimum energy dissipa¬ 
tion in the dark space that i f Ji p varied from 0*01 to 0*05. 

In conclusion, I should like to record my thanks to Professor Lord Rutherford 
for his encouragement and help, and to Mr. 1\ B. Moon for much practical 
help and discussion throughout. 


Summary . 

(1) A compensation method is described for measuring the ratio of positive 
ion to electron current at the surface of a Langmuir probe in the positive 
column of a low pressure discharge. 

(2) The characteristics of small cylindrical probes are discussed, and it is 
shown that the “space potential ” differs very little from the “floating potential” 
of the probe. 

(3) It is found that i pi the fraction of the current carried by positive ions, 
is constant for negative probe potentials from 40 to 600 volts, 

(4) The values of i p vary from 0-85 in argon to 0-52 in neon, corresponding 
to electron emissions of 21 to 80 per cent, of the positive ion current. 

(5) Possible sources of error are discussed and the application of the results 
to the theory of the glow discharge is pointed out, 

* * Z. Physik/ vol 15, p. 8 (1923), vol. 19, p, 313 (1923), and vol. 23, p. 334 (1924). 

f * Z, Phyeik/ vol 51, p. 341 (1928), vol 52, p, 650 (1928). 
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Further Estimates of the Input Limits of X-Ray Generators . 
By A. Muller, D.Sc., Davy-Faraday Laboratory, Royal Institution. 


(Communicated by Sir William Bragg, F.R.S,—Received April 24, 1931.) 

Introduction . 

The object of this paper is to complete the previous notes* on the input 
limits of X-ray generators. It deals essentially with the “ line focus " on a 
moving and on a stationary target. 


Energy Density in the Focus. 

The target is assumed to be a large mass of metal with an infinite plane sur¬ 
face. The small area which is bombarded by the rays is called the focus. 
The temperature gradient normal to the plane surface is zero at any point 
in this surface with the exception of the focus. The other boundaries of the 
target are at distances which are large compared with the focus dimensions. 
It is owing to this assumption that the target dimensions do not enter into the 
expressions for the maximum input. The remote boundaries are kept at a 
constant temperature il T 0 .” The energy inflow at the focus is assumed to 
be 

3T W Z«2 / , 0 r , y % T \ 

' ■ s “ 7 ■ sT*;' eip r Hv + v-l)' 


“ W ” is the total energy flow per second. 28 x and 28 g are the width and the 
length of the focal line. The expression above is referred to a system of 
co-ordinates in which the focus centre is permanently at the origin. The XY 
plane lies in the surface of the target, x and y are the co-ordinates of a point 
in this surface. The Z axis is perpendicular to the XY plane. The formula 
above becomes identical with that of the previous notes ( loc , ciZ.) if 8^ is made 
equal to 8 2 . 

Results of the Ccdtndations. 

The final results are given below. The actual calculations which lead to 
these results are rather long. They were carried out on the same lines as 
those in the previous notes. It is not intended to reproduce the calculations 
here. 


♦ * Proo. Roy. Soo./ A, vol. 117, p. 30 (1927), and vol 123, p. 307 (1929). 
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A. Stationary Target. 

W„„. » 4-25 x k x (T — T 0 ) X [a (&!&,). 

itat. 

#c, thermal conductivity of the target material in watt cm,” 1 centigr.* 1 . 
T, melting temperature of the target material in centigr. 

T 0> temperature of the cooled boundary of the target. 

and 28 a , width and length of the focus in centimetres. 

Wmax,, maximum input for the stationary target in watts. 

•tat. 

(x (SxSjj) a function of and S 2 which is defined as follows :— 


83 d" 8 2 

«i = -Hr - 2 ; 

K 


.. _ «i+A. 

"2 - 2 . 

b 2 

= V« v . l>i 

„ _ a n-l + 'v, . 

h 

— V «„-1 • 

<>» ~ 2 



lim a„ = lim b„ — ;a (8,8,5). 

ft •• ® ft a* 00 

In the special case when — S we have 

*jl m - s, 

i.e., the formula for the maximum input turns into 

W maXt - 4-25 XkX(T- T 0 ) X 8* 

for a circular focus which has already been given in the previous notes. 

B. Moving Target .—The following formula gives the input limit for a moving 
target. The focus and the target have now a constant relative velocity in 
the direction of 8 l5 i.e the velocity is normal to the long axis of the focus. 

W m „. = 4-04 x K X (T - T 0 ) X 8* x a/^» • M 

(moving) V K 

the additional symbols are 

р, density of the target material in gr. cm. -3 . 

с, specific heat in watt sec. gr." 1 centigr." 1 . 

v, relative velocity of focus and target in cm. sec." 1 . 

W ..„ maximum input in watts. 

(moving) 

* The numerical constant in the previous paper is 17*8 instead of 4*25. This is due to 
the fact that * is expressed in gr. cal. see.- 1 cm.* 4 centigr.-* 1 in the previous paper, and in 
watt cm,*- 4 centigr.* 1 in the present note, 
t Similarly here. 
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The formula is an approximation which only holds if & v 8 X is large compared 

with unity. The expression under the square root has the dimension of a pure 
number. 

Discussion. 


The calculations show how the input limit depends upon the focus dimensions 
and the velocity of the target. In many applications of X-rays it is found 
necessary to keep at least one of the focus dimensions small, say of the order of 
1 mm. An increase of input can in this case be obtained by an increase of 
length of the focal line, or, if the target is moving, by an increase of the velocity 
or by a combination of both. We take, for example, a stationary target and 
compare the maximum input for a focal line of a certain width with the maxi¬ 
mum input for a circular focus the diameter of which is equal to the width of 
the line focus. 


Supposing that the width of the focal line is 28 x = 0-1 cm. and its length 
2S 2 ass 1 cm. It is found that p(0*5, 0*05) = 0-212. The ratio W (max.) 
line focus to W (max.) circular focus is 0-212/0*05 = 4-3. In a previous 
note it was mentioned that the maximum input for a stationary copper target 
and a focus of 0-05 cm. radius is about 750 watts. The maximum input with 
the line focus is therefore 4-3 x 750 = 3*2kw. Supposing the same input 
were to be obtained, but now with a circular focus and a moving target. The 


formula requires that 



4*25 

Toi x 


4-3 


££ 

K 


1 for copper. S x = 0-05 cm. Therefore 
v 400 cm./sec. 


This velocity would have to be given to an infinite target. In practical 
work the target consists of a rotating disc. Any point in the path of the focus 
is consequently subjected to a periodically repeated heating. The formula 
in this paper cannot be expected to give the correct value for the input limit 
unless the disc is large. If the temperature of a point in the focus has dropped 
to a very small fraction of its maximum value before it is heated again, then 
the minimum temperature will not rise much above the temperature of the 
cooling liquid. The calculation should in this case prove to be approximately 
correct. 

An experiment was made with a rotating copper target of 8 cm. diameter. 
The focus was circular. The path of the focus was a circle of 5 * 9 cm. diameter# 
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The disc rotated with 1960 revolutions per minute, i,e n the velocity of the focus 
was approximately 600 cm. per second. The total input was measured by 
the amount and the rise of temperature of the cooling water. The focus was 
observed directly. At 2 kw. the first signs of wear were observed on the target, 
at 2*2 kw. the melting of the target material could be seen quite distinctly. 
The radius of the focus was measured on the trace which the cathode rays left 
on the target surface. This trace was approximately f mm. wide, i.e., • 037 

and S 2 = &! for a circular focus. The data required for the calculation are :— 

For copper 

K x (T —T 0 ) = 3-6 x 10 s watt/cm.; H? ~ 1, 

K 

= 8 a = 0*037 cm.; v = 6 X 10 2 cm./sec. 

The formula therefore gives 

W m «. = 4-04 X 3*6 X 0-037 X 10 8 X V 7 6 X 0-037 X 10* = 2*6 kw. 

(rot) 

The observed value 2 kw. is about three-quarters of the calculated. The 
generator ran on biphase rectified alternating current of 60 cycles. No con¬ 
densers were used, t.e., the maximum instantaneous input was higher than 
2 kw. The experiment thus shows that the formula giveB the right order of 
magnitude even for a comparatively small disc. 

Summary , 

Further estimates are made for the input limit of X-ray generators. The 
results of calculations dealing with a line focus on a stationary and on a moving 
target are given. An experiment with a rotating anode shows that the theory 
gives the right order of magnitude for the input limit. 

Conclusion. 

The writer wishes to express his appreciation for the interest taken in hig 
work by Sir William Bragg and the Managers of the Royal Institution. He 
also acknowledges the help of Mr. R. E. Clay in the experimental part of this 
work. 
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Fluorescent Excitation of Mercury by the Resonance Frequency and 
by Lower Frequencies. Further Studies. 

By Lord Rayleigh, For. Sec. R.S. 

(Received July 2, 1931.) 

[Plates 16, 17.] 
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§ 1. Introduction. 

In a previous paper on this subject 111 1 examined in some detail the fluorescence 
excited by the atomic resonance line 2537, and by frequencies lower than this, 
which act by absorption in the region of longer wave-length than 2537. The 
fact that this absorption-region is immediately juxtaposed to the atomic line, 
and that the absorption is (at any rate on a rough view) stranger the nearer 
we go to the line, makes the distinction between the two cases difficult; and 
it must be admitted that the phenomena themselves are not at first sight so 
distinctive as might be expected, if we take the obvious view that in one case 
absorption is by atoms and in the other by molecules. This has led some 
writers to the opinion that atomio absorption does not act at all in giving rise to, 
band-fluorescence, f It was shown, however, in the co mmu nication mentioned 
that a discontinuity of intensity in the fluorescence can be observed as the exciting 
beam traverses the vapour, and is robbed of its more absorbable component. 
The initial fluorescence due to the core of the resonanoe line is referred to as 

* ‘Proc. Boy, Soo.,* A. vol. 126, p. 1 (1929). 

t Pringsheim and Terenin, * Z. FhyuiV vol. 47, p. 330 (1928); Pienkowaki, 1 Z. 
Phyaik,’ vol. 60, p. 791 (1928); Mrozowski, * Z, Physik,’ vol. 60, p* 412 (1980); 
Niewodnicz&nski, ‘ Z. Pbysik/ vol. 66, p. 676, has argued against this view from the 
influence of a magnetic field in putting the vapour “ out of tune ” with the source (Zeeman 
effect). Mrozowski, loc . cif., has attempted to answer this, but I find it difficult to 
appreciate the exact force of his arguments. 
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the u core effect,” and the much weaker fluorescence distinguishable after the 
core effect has died out is called the “ wing effect,” because it is excited by 
the wing, or outer region, of the line. With dense vapour, however, excitation 
can be observed more than 1000 A. to the long wave side of the line, and the 
term “ wing effect ” is extended to the whole of this region, because no reason 
has been found for restricting it. 

It was found (loc. cit., p. 9) that the core effect is cut out by a supplementary 
absorption cell of mercury vapour producing a reversal of the line only 0*1 A. 
in breadth. I wish now to emphasise that this reversal agrees exactly in 
position with the narrow atomic emission line from a cold source within less 
than this amount. 

The hair-like lines necessary to show this coincidence to the best advantage do 
not lend themselves well to reproduction; but a stronger exposure, No. I, Plate 16, 
will give some idea. The top and bottom photographs taken independently are 
placed in register by means of the line 2534 * 77 (faint in the upper photograph). 
This line does not otherwise enter into the question. The reversal in the lower 
photograph represents the radiation necessary to produce the core effect. It 
has been urged tliat this coincidence is not really conclusive and that the 
absorption concerned is molecular, the strongest molecular absorption coin¬ 
ciding with the atomic line. It may be admitted that strong molecular 
absorption does, in fact, occur in this neighbourhood, as evidenced, for example, 
by the molecular band 2540. We may take the position of this band as a 
general illustration of the degree of accuracy of coincidence between the 
molecular and atomic absorption phenomena. In the experiment in question 
we know that the whole fluorescent effect which I call the core effect is out out. 
There must, therefore, be a complete reversal of that part of the spectrum which 
excites it. The only reversal of this kind whioh we find to occur coincides 
with the atomic line within 0*05 A. The band at 2540 is, say, 70 times further 
off. It would seem that an exact coincidence between atomic and molecular 
phenomena is not likely and that the exact coincidence of the fluorescence- 
absorption in this case with the atomic line is strong evidence that it is in 
fact atomic absorption. 

The conclusion will, however, be strengthened still further if it can be 
shown that there are important differences of behaviour between the wing 
effect and the core effect, other than the power of penetrating into the vapour. 
In the present paper a variety of definite evidence of this kind will be offered. 
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§ 2. Selective Extinction by Hydrogen. 

According to the results of Pringsheim and Terenin* very minute additions 
of hydrogen to mercury vapour are able to quench the fluorescence. Thus 
they found that using saturated mercury vapour at 185° C. 10 _< mm. of hydrogen 
was enough. 

This has, I believe, generally been regarded as indicating that the energy 
absorbed by the mercury vapour, instead of being radiated, is got rid of in 
collision with hydrogen molecules, which are dissociated into neutral atoms 
in the process. 

The energy of dissociation of hydrogen is now well established to be 4*465 
volts.f I found, however, that the green fluorescence could be excited by a 
wave-length as long as 3450, corresponding to 3*51 volts, which is much less 
than what is required for dissociation. It was of interest, therefore, to re¬ 
examine the effect of hydrogen on the fluorescence, using long wave excitation. 
The experiments which will be described have reference to the visual fluores¬ 
cence only. J 

In preliminary experiments an arrangement was used similar to that of Prings¬ 
heim and Terenin, with a barometric column to cut off the fluorescence-vessel 
from the pump, after the addition of gas. This arrangement proved trouble¬ 
some for various reasons and was abandoned. The results seemed to be 
complicated by gaseous impurities which came out from between the mercury 
oolumn and the walls of the tube, as heat penetrated downwards. This part 
of the investigation was limited to examining the effect of added hydrogen, 
and I found it best to seal the silica fluorescence vessel on to the pump, to 
exhaust it thoroughly, boiling the contained mercury for an hour or more, 
then after cooling to admit the desired pressure of hydrogen and seal off. 

A rectangular vessel made from silica sheet, and measuring 3x3x5 cm. 
was used in many of the experiments, but a 25-c.c. -flask does nearly as well.' 
It is advantageous to make a dimple in one side of the flask, where the exciting 
beam enters, after the fashion of fig. 1 (which, however, refers to another 
series of experiments). In this way it beoomes much easier to look for 
fluorescence in the immediate neighbourhood of the entranoe wall. The vessel 
was contained in an electrically heated oven, and a thermometer w«b placed 
against it. 

* ‘ Z. Phyitik,’ vol, 47, p. 339 (1928). 

t See Richardson and Davidson, ‘ Proc. Roy. Soc.,’ A, vol. 125, p. 36 (1929). 

t A preliminary account appeared in ‘ Nature,* vol. 127, p. 12, January 8,1931. 
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The luminous source was focussed on the vessel with a quarts lens. Visual 
light was filtered out with a combination of a silica cell 7*5 cm. thick con¬ 
taining bromine vapour, nearly saturated, and a plate of blue-purple " corex ” 
glass. This combination transmits the ultra-violet pretty freely from 3600 
to below the resonance line 2537.* 

The source used in many of the experiments was a mercury vapour lamp, 
which could be cooled with a fan so as to give a narrow resonance line, suitable 
for the core effect, or allowed to warm up, so that the line became broadened 
and partially reversed. A magnet was used in the usual way to squeeze out the 
reversing layer. In other cases the iron or nickel arc was used as source. 
These last two sources can give the wing effect only, since they do not contain 
any component near enough to the centre of the atomic line to excite the core 
effect. The mercury lamp partially cooled (terminal voltage, say, 25 or 30 
volts) is suitable to excite both effects.! 

The vessel was first thoroughly exhausted and well boiled out, without 
addition of hydrogen. The mercury lamp was run at 25 volts. The core effect 
was then very bright at 220° C., and the wing effect was visible at this tempera¬ 
ture. When the vessel was sealed off after admission of 1 mm. of hydrogen, 
the wing effect from the mercury arc running at 25 volts was seen at 200° C., 
but no trace of the core effect could be detected at this or at higher temperatures. 
The core effect, if present, would be concentrated near the entrance window, 
and would therefore have to compete with the fluorescence of the silica wall. 
This difficulty introduces some uncertainty as to the minimum amount of 
hydrogen necessary to extinguish the core effect. On cooling the mercury 
lamp with a more vigorous air blast, so that it ran at only 18 volts, the wing 
effect disappeared also, and there was then no observable fluorescence. 

Observations were also made with the mercury arc at 30 volts. The wing 
effect stretching right across the bulb was seen at 200° C., and was strong at 
240°. The core effect was not seen at all. 

Similar experiments were made with 1 cm. and 10 cm. of hydrogen pressure. 

Finally, 30 om. of hydrogen was admitted and the vessel sealed off. With 
the iron arc, the fluorescence (wing effect) was visible at 170° C. At a rather 
higher temperature it was bright enough for the green colour to be definite. 
At 250° C. it was very bright, and could still be detected when a sheet of 
u vita ” glass cutting at about X 2850, was interposed in the exciting beam; 

* The cores filter seems to lose much of its transparency to these short waves after 
hours of exposure to strong radiation. 

t * Proc. Boy. Soc,/ Joe. p. 8. 
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and at 320° C. it was seen when a filter of ordinary glass 2 mm. thick, was 
interposed, cutting the exciting spectrum at about X 3200. 

At the higher temperatures used with either kind of excitation, iron arc or 
mercury arc, the partial pressure of admixed hydrogen is of the order of 1 
atmosphere. It was contemplated to try still more, and the vessel was opened 
for that purpose. On applying the blowpipe, the vessel was broken by the 
explosion of the contained hydrogen, which had not been given enough time 
to diffuse away. There was at any rate no doubt of a large amount of hydrogen 
having really been present when the fluoresoence was observed. 

A few casual experiments were made on the behaviour of other added gases. 
So far as was determined, air added in the small amount required to destroy 
the core effect destroyed the wing effect also. The addition of considerable 
amounts of nitrogen did not destroy either effect. The sealed bulb method of 
working is not well adapted to experiments with traces of air or oxygen, since 
oxygen is removed by oxidation of the mercury while the experiment is in 
progress. 

Another form of experiment may be mentioned, though it scarcely calls for 
detailed description. Mercury was kept boiling in a fluorescence-vessel with 
reflux condensation, a pressure of a few centimetres of nitrogen being main¬ 
tained in the condenser. A nozzle near the entry of the light admitted either 
hydrogen or air at pleasure. By admitting the former, the core effect could 
be selectively extinguished, leaving the wing effect. This was tried on and 
off very often. When the same experiment was tried with air admission, 
extinction of the core effect was accompanied by extinction of the wing effeot. 

To sum up, the reality of the distinction between core and wing effects ia 
confirmed by the fact that the former is extinguished by a trace of hydrogen, 
while the latter can tolerate any amount of it. 

The wing effect extends to great distances away from the atomio line, and 
all would agree that it is due to molecular or quasi-molecular absorption. 
The core effect which reacts so differently towards added hydrogen must 
differ in some essential respect. It is associated with absorption exactly at 
the atomic line, and therefore it is natural to connect it with atomic absorption^ 
which further provides a natural explanation of the distinction between the 
two effects. 

We shall see later on in this paper that the fluorescent spectrum associated 
with the oore effect shows features which are not present in the wing effect. 
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§ 3. Bands in the Fluorescence Spectrum . Core Excitation 

Notwithstanding the large number of investigations that have been made, 
our knowedge of the fluorescence spectrum of mercury is still incomplete. 
In particular we know little of the region from 2540 to about 3000, where the 
continuous stretch culminating at 3300 
begins. When the molecular spectrum is 
excited by electric discharge a series of 
bands appears in this region, f It seemed 
important to determine whether these could 
be observed in fluorescence, when the con¬ 
ditions of excitation are much more under 
control. This problem unexpectedly led to 
the discovery of characteristic differences of 
spectrum between the wing and the core 
effect in fluorescence. 

The arrangement used is shown in fig. I 
(one-third actual scale). The fluorescence 
vessel is a silica bulb A of 25 c.c. capacity, 

With a dimple sucked in as shown, to allow a 
clear view near where the exciting light 
enters. 

B is a reflux condenser. The space above 
it can be filled with nitrogen at any desired 
pressure, the nitrogen pressure serving to 
measure the pressure of saturated mercury 
vapour. Further, the arrangement acts as 
its own thermostat, and we can heat the 
bulb direct over a burner which allows free 
access. This is practically much more 
convenient than an electrically-heated oven. 

The jet 0 and the flame from it shown in 
fig. 1, were not in use for the first experi- Fig. X. 

ments, and may for the moment be dis¬ 
regarded. Excitation was by a mercury lamp of ordinary commercial 
pattern, kept cold by an electric fan, and a s ma ll electromagnet to press the 
discharge forward as before. The radiant was limited by a diaphragm, and 

* A preliminary notice was given in * Nature,’ vol. 127, p. 854 (1931). 
t * Proc. Boy. Soo.,* A, voL 114, p. 625 (1927); vol. 116, p. 705 (1927). 
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the light from this was rendered parallel by a quartz lens, of 8 cm. diameter 
and about 10 cm. focus. Then followed a filtering layer of chlorine 46 cm. 
thick, which, while fairly transparent to the resonance line, is nearly opaque 
for wave-lengths from about X 2625 to the middle of the visual spectrum. 
In this way stray light from the mercury line spectrum was very much 
reduced and the field left clear for observing fluorescence which is weak in 
the region under investigation. The meroury lines came through faintly, 
and were convenient as wave-length standards. A second lens similar to the 
one already mentioned focussed the beam on the bulb. 

A small Hilger quartz spectrograph was used, and the fluorescent light was 
focussed on the slit by a quartz-fluorite achromat. It was found convenient 
to adjust the mercury pressure to 5 mm. The fluorescence (core effect) then 
extended several millimetres from the wall of the vessel, and at the same time 
was not too much diluted by expansion. Under the conditions it only showed 
slight signs of passing upwards with the vapour stream (Phillips effeot). The 
position of the image of the bulb on the slit plate was as shown at fig. 1, D 
(inset). The slit is shown by a dotted line. 

With these arrangements a 13-hour exposure was given, and showed a 
series of bands in the region 2760 to 3100. These bands are of very poor 
contrast however, and are difficult objects for measurement without a micro¬ 
photometer. In the absence of such an instrument, I succeeded best as follows. 
A second 13-hour exposure was taken and superposed on the first, film to film. 
This was enlarged on to paper, to a large enough scale to allow further magnifica¬ 
tion to be dispensed with and the enlarged print was measured with an ivory 
scale, setting the zero of the scale on each band in succession, and reading the 
position of a fiducial mercury line used as a standard. Only a moderate range 
of the spectrum, comprising about 10 bands, was readily measurable, owing to 
lack of contrast. The measurements are given in the first column of Table I. 
For comparison the spectrum measured in excited vapour rising from a special ■ 
form of low current discharge* is given in column 3. Considering the difficulty 
of measuring these faint and diffuse bands, the agreement is satisfactory, 
and allows us to identify the two spectra. 

The comparison is seen in No. Ill, Plate 16. The upper spectrum is that of 
the excited vapour rising from the special type of discharge. The lower 
spectrum is the fluorescence (core effect). The specially broad band at X 2918 
apparently breaking the regularity of the series is seen in both, and comparison 
of the original photographs is convincing apart from the measurements. It is 
* ‘ Proo. Roy. Soo.,’ A, vol. 116, p. 708 (1927). 
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hoped that the reproduction will come out well enough for independent veri¬ 
fication. The two spectra were not made on the same instrument, which 
accounts for the imperfect fit of the mercury lines. 

Table I. 


Fiducial 
mercury lines. 

Fluorescence 

hands. 

Bands excited 
by discharge. 

Difference. 

2653-00 





2857-4 

2800*8 

—3*4 


2871*0 

2871*6 

0*0 


2888-3 

2884*1 

-0*8 

2893*00 

Not measured.* 

2896*9 



2911*1| 

I 2913*2| 

-2*1 


2930*1 

2929*7 

+0*4 


| 2944*4 

2946*4 

-1*0 

2968-15 

2969*4 

2960*2 

* -0*8 


| 2977*6 

i 2976*1 

+ 1-6 


2993•8 

2994*4 

-0*6 


1 3012*0 

; 3014*3 

-2*3 

3022-51 


i 

i ^ . 



* Obscured by mercury lino. f Anomalous broad band. 


The earlier spectrogram with electrically excited vapour gives the bands most 
clearly for measurement. Moreover, it was taken with a more dispersive 
instrument. The measurements extended over a much larger range, a part 
only being quoted in Table 1, column 3.J 

§ 4. Bands in the Fluorescence Spectrum . Wing Excitation .|| 

The series of bands, Table I, is excited by the core of the resonance line. 
It was important to investigate whether the same bands would occur when 
excitation was away from the core of the line (wing effect). The iron arc 
afforded a convenient bright source, the peculiarities of spectral distribution 
apparently not affecting the result. The incident light was filtered by 46 cm, 
of chlorine and also (in many experiments) 7-5 cm. bromine vapour, of good 
density, but not saturated. These filters combined, cut out all photographically 
active rays of greater wave-length than X 2625 leaving the region between 
this and the resonance line to give excitation. The fluorescence vessel was as 
before, but it was found that the intensity was very much enhanced by super¬ 
heating. This will be discussed further in the next section. 

A aeries of bands was obtained in this case also. It was necessary to work 

I For the full series, so far as known, see * Proc. Roy. Soc./ A, vol. 116, p. 706 (1027), 
also Volkringer, * C. R./ vol. 186, p. 62 (1927). 

|| A preliminary notice of the results of this section was given in ‘ Nature/ vol. 127, 
p. 662 (1921). 

V01L CXXXII. — A. 2 U 




658 Lord Rayleigh. 

at much higher pressures than before, since the absorption and also the 
fluorescence are too weak at the low pressures used in the previous experiments. 
A pressure of 32 cm. was often used, but the results are the same at atmospheric 
pressure or at lower pressures down to 4 cm. At a pressure of 1 cm. they were 
not obtained in 1 hour, but in all probability a longer exposure would reveal 
them. 

In the above experiments the excitation was by the iron lines comprised 
between X 2537 and X 2625. Of these the lines nearest X 2537 are the more 
easily absorbed, and the more effective in producing fluorescence. It was 
important to verify that iron lines some considerable distance away from the 
resonance lines are also effective in exciting the bands. For this purpose the 
fluorescence vessel was turned round as shown in fig. 2, and the fluorescence 

observed near the dimple, the exciting beam 
being then filtered through 31 mm. of 
mercury vapour saturated at atmospheric 
pressure. This cut out everything within 
20 A. from the resonance line, the range of 
excitation being now from X 2557 to 
X 2625. The bands were still obtained in 
1 hour’s exposure. 

I was at first inclined to take for granted 
that these bands were the same as those 
found with core excitation (cooled mercury 
lamp). The negatives were not bold 
enough for easy direct comparison, owing 
to lack of contrast in the bands. Measure¬ 
ments were made by the same method as 
before, on a paper enlargement from two 
superposed negatives. The results are given in column 1 of Table II. In 
column 2 of the same table are given the absorption bands which I formerly 
measured in this part of the spectrum, in long colu mns of unexcited mercury 
vapour at pressures of the order of the atmospheric.* 

The differences are in column 3, and it is evident that the two spectra are 
identical. The strongest proof of this is in the fact that there is no tendency 
for such discrepancy as appears to accumulate as we pass along the series 
(vernier effect). 



* * Proc. Roy. Soc., f loc. ctt. 
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Table II. 


Wing series. 

i 

Absorption series. 

Difference. 

Coro series. 

2781-9 

2784-3 

-2-4 

2783-6 

2790-2 

2700«8 

“0*6 

2792*8 

2708-6 

2700-2 

—0-6 


2706-4 

2707-4 

-1-0 

2803-2 

2714*9 

2715-3 

—0-4 

2814*6 

2723-6 i 

2725-3 

— 1- 7 

2824 0 

2832-3 1 

2833 2 

-0 9 

2835*3 

2841-8 

2843-3 

— 1- 5 

2846-0 

2851-6 

2853-1 

-1*6 


2860-6 

2863-6 

-:M> 

2860-8 

2871-2 

2873-6 

-2 4 

2871*6 

2882-7 

2883-8 

-1-1 

2884-1 

2892*9 

2804-8 

-19 

2896-9 

2904-7 

2007-0 

—2-3 


2917 4 

2918-2 

-0-8 

2913-2* 

2931■1 

2930-7 

4-0-4 

2929-7 


* Anomalous broad band. 


The same criterion shows very definitely the non-identity of this series with 
the series obtained by core excitation (cooled mercury lamp). The latter 
series is given in the fourth column, and it is seen that over the same spectral 
range there are three bands less in this series. The non-identity of the two 
series was fully emphasised in the former paper ( loc. cit.). I then distinguished 
them as the absorption series and the emission series of the less refrangible 
region. Since both are now obtained in emission, these names are discarded, 
and I call them the wing series and the core series respectively in accordance 
with their mode of exoitation in fiuorcscenoe.f 
The wing series in emission is shown in Plate 16, No. II, upper photograph, 
and the same reversed, in absorption, in the lower photograph. In comparing 
these photographs it is to be remembered that the bright regions in the upper 
should coincide with the dark regions in the lower. The mercury line com¬ 
parison spectrum was superposed across the upper photograph. It has been 
strengthened by hand retouching outside the strip of band spectrum, as it 
was originally rather too faint to reproduce well. The emission bands are less 
distinct than the absorption bands, but it is hoped that they will come out in 
reproduction. They have not, of course, been retouched in any way. 


t Those names are provisional. It is quite probable that the wing Beries is present along 
with the oore series in oore exoitation, though masked by the greater intensity of the core 
series. 


2 u 2 
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§ 5. General Discussion of the, Spectra. Effect of Superheat on Emission of 

Wing Series. 

We have seen that one series of bands occurs with core excitation and another 
with wing excitation. I shall next consider the spectra more generally, 
bringing the other features into relation with these band series and with the 
conditions of excitation. 

The discussion will refer chiefly to the part of the spectrum from X 2625 
upwards, which is largely protected from false light from the source. The 
part nearer the resonance line includes important features, but it will be 
necessary to improve the technique before these can be adequately examined. 

The photographs V and VI, Plate 17, show the fluorescence at 16 cm. pressure, 
using iron arc excitation. V was taken with the vapour at boiling temperature 
under 16 cm. pressure. In VI the vapour is superheated by bringing a small 
jet of burning hydrogen to bear on the concave external surface of the dimple in 
the silica vessel, which heats the silica wall to dull redness (see fig. I). The 
merit of this arrangement is its simplicity and convenience. Naturally it 
does not allow of any precise control over the temperature conditions. It 
will be noticed that in V the broad visual maximum at 4580 is far more con¬ 
spicuous than the ultra-violet maximum at 3300. In VI with superheat these 
intensities are inverted. It is to he noted that V and VI were taken under 
identical conditions, as to exposure and illumination, the only difference being 
the application of superheat in VI. The absolute intensity of 4850 is 
enormously diminished, and the absolute intensity of 3300 enormously increased 
by superheating.* 

At the same time that 3300 is enhanced by superheat, the bands of the wing 
series are enhanced along with it . These bands are not discernible on the print 
of VI, but they can be seen on the negative, occupying the region from 2750 
to 2950.f They do not appear on the negative of V, but can be brought up. 
by longer exposure under the same conditions. In some comparison exposures 
at 16 cm. pressure it was found that 15 times as long an exposure was required 
to bring up the bands without superheat as with it. 

In these emission spectra the wing series of bands seems to behave as if it 

* The differential effect of superheat on these maxima was first shown in 1 Proc. Boy. 
See.,’ A, vol 114, p. 632 (1927). Subsequent observations have been made by Wood, 
Niewodniczinski and Mrozowski. 

+ A considerable enlargement and special photographic technique (duplication of 
negatives, use of contrast paper and contrast developer) is needed to make these bands 
conspicuous enough for reproduction as in H, Plate 16. 
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were one unit with the continuous maximum 3300. This nexus is suggested 
by examining even a single photograph on which the bands appear, such as 
the original of VI. The bands of the series become broader and of poorer 
contrast as we proceed towards long waves. At the same time the general 
luminosity of the spectrum increases, and at about X 2950 the bands become 
imperceptible, and pass into the continuous region. The latter comes to a 
maximum at X 3300 and then diminishes in intensity. 

The same point of view is strengthened by comparing photographs taken 
under various conditions. We may use superheat or no superheat, high 
pressure or low pressure ; we may excite nearer or further from the resonance 
line, short of going right up to it; but if we get the maximum 33(H) of a certain 
photographic intensity, as in VI, the wing series appears with it, and failing 
this, as for instance in photograph V, the wing series does not appear. 

These statements apply only to the case of wing excitation, not to core 
excitation (when, possibly, the wing series is obscured by the core series over- 
lying it) nor to absorption, of which more later. 

On the short wave side the wing series converges and becomes less distinct, 
merging into an apparently continuous spectrum. However, in the former 
absorption experiments* the series was measured as far as X 2613*9, thus 
beyond the point where the iron lines cover the fluorescence spectrum in VI. 

In VI the visual maximum 4850, though much reduced, is not altogether 
extinguished. This is due to the comparatively high vapour pressure 16 cm., 
and the less rapid diffusion of high temperature from the heated wall into the 
vapour. At lower densities we get a completely dark space near the wall. 
No. IV, Plate 16, shows this very clearly. This spectrogram is taken at 4 cm. 
pressure with the slit of the instrument horizontal, and dispersion vertical, 
and the left-hand vertical edge is only just inside the wall of the vessel. The 
position of the image on the slit plate is indicated in the inset E, fig. 1. If a 
straight-edge is applied to the left-hand edge of IV, it will be noticed that the 
band 4850 is altogether wanting at the edge. The intensity only becomes 
appreciable 2 mm. to the right of the edge, and reaches a maximum at 6 mm. 
X 3300, on the other hand, has its greatest intensity at the left edge, and becomes 
insensible at the right edge, when 4850 is still conspicuous. The band 2540,f 
which may be distinguished by its greater intensity from the surrounding iron 

* ( Proc. Roy. 800 ./ 1927, loc. cit 

f The photograph IV is on rather a small scale, and moreover the iron lines are confusing. 
Rut it was shown formerly Proo. Roy. Soo.,’ A, vol. 125, p. 7 (1929)) that at a pressure 
of 4 cm. the iron arc excites 2540 without the resonance line 2537. 
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lines, passes from left to right, i.e., away from the heated wall with sensibly 
uniform intensity, thus falling into a third oategory very different from either 
3300 or 4850. In IV the horizontal distances are about 0-7 of actual scale. 

Photographs taken in this way with longer exposure show the wing series 
limited to near the left edge where 3300 is strongest, and photographs at lower 
pressure (2 cm. or less) show the resonance line behaving in the same way as 
2540. 

Another remarkable feature of VI is the appearance of the mercury lines 
4359 and 4047 (marked with arrows). These do not appear on V and superheat 
is clearly the condition of their appearance. But it remains uncertain whether 
this is merely due to the weakening of the unfavourable background of the 
continuous band culminating at 4850, or whether the actual intensity of the 
blue mercury lines is enhanced by the heat. Special exposures on an ortho- 
chromatic plate showed that the green mercury line 5461 is present as well, 
thus we have all three components of the triplet 1 ^—1 S P 012 . No other 
mercury line was detected, except that the resonance line itself appears at 
low pressures. 

These mercury triplet lines are not present in the iron arc source and it is 
quite clear that they are generated somehow in the mercury vapour. 

The most obvious suggestion was that as in the well-known experiments of 
Fuchtbauer* and of R. W. Wood,f atoms in the 1 *P, state are present in the 
vapour, and that these are raised to 1 “Sj by absorption of 5461. Alternatively, 
1 8 S], may be reached by absorption of 4359 by 1 *P„ atoms, or of 4047 by 
®Pj atoms. 

It is doubtful whether any lines in the iron arc source are close enough to 
the mercury wave-lengths in question to serve the purpose. But, be this as 
it may, the explanation is exoluded by a special experiment. A bromine cell 
combined with blue corex glass completely stops all the three wave-lengths in 
question, yet the mercury lines were obtained as usual in fluorescence when 
superheated vapour at 32 cm. pressure was excited by the iron arc through 
these Alters. 

We are left without any obvious explanation of the presenoe of the triplet 
1 8 Si — 1 s Poi8‘ This requires much higher excitation than any that can be 
directly provided by the exoiting light; the shortest wave-length that geta 
through the corex filter is X 2380, corresponding to 5*2 volts, while excitation 
to 1 3 S 1 requires 7 • 7 volts. 

* ‘ Phys. Z.,' vol. 21, p. 634 (1020). 
t ‘ Phil. Mag.,’ vol. 40, p. 774 (1926). 
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We have now to consider the general relations in the spectrum with core 
excitation. The complete spectrum from which the illustration of the core series 
in III, Plate 16, is enlarged may be seen in IX, Plate 17. This it may be repeated, 
is taken at 5 mm. pressure, without superheat, and two negatives are superposed 
to gain intensity. The only filter in use was the 46 cm. chlorine tube. Mercury 
lines appear in IX, but in view of the brightness of the source and the long 
exposure it was believed that these could be ascribed to false light which had 
penetrated the chlorine filter. Considering the appearance of mercury lines 
in VI (iron excitation and superheat) further investigation should be made on 
this point. 

Closely associated with the bands of the core series in IX is the apparently 
continuous maximum at about 2650 to which Houtermans has drawn atten¬ 
tion.* There is no doubt about the reality of this association: 2650 is con¬ 
spicuously lacking in V and VI (wing excitation). Indeed, I am doubtful 
whether it is really to be distinguished from the series itself. In the early 
measurements the bands of this series were traced and measured as far as 
2659*5, which is close to the intensity maximum. 

In the immediate neighbourhood of the resonance line the chlorine filter 
affords no protection, and false light is dominant. 

The pair of photographs, VII and VIII, show the result of superheat on core 
excitation at 5 mm. pressure. VII is without superheat, and VIII is a com¬ 
parable exposure with superheat; as in all other cases the maximum 3300 gains 
in intensity, while the maximum 4800 loses. The remarkable point is, how¬ 
ever, that the region 2600-2900 which contains the core series (though these 
particular photographs are not sufficiently exposed and intensified to show it 
resolved into bands) is not increased in intensity at all . This is in sharp con¬ 
trast with what we see in comparing V and VI (wing excitation) in the same 
region. Here we have a striking distinction between the wing series and the 
core series, which would confirm the general result of the wave-length measure¬ 
ments if such confirmation were needed. The superficial similarity of the two 
series breaks down completely under either test. 

The broad maxima 4850 and 3300 in IX are not of very different intensity. 
In VI, 4850 is much the stronger. This difference, however, is not character¬ 
istic of the mode of excitation (wing effect or core effect) but of the pressure. 
The point was specially investigated in a series of photographs which it has 
not been thought necessary to reproduce Using core excitation (cooled mercury 
lamp) the pressure was varied over wide limits. Since at the higher pressures 
♦ ‘ Z. Physik,* vol. 41, p. 146 (1927). 
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the fluorescence only occurs very near the wall of the vessel, the slit was placed 
horizontal, bo that the image of the luminous layer, viewed edgewise, cut across 
it, giving a narrow spectrum, In this way all difficulty of adjustment was 
avoided, and the small breadth of the spectrum was no practical disadvantage. 
Similar experiments were made with iron arc (wing) excitation. 

The results were as follows 


Pressure. 

Coro excitation 
(cooled mercury lamp). 

Wing excitation. 

Iron arc. 

mm. 

40 

4850 much strongest 

4850 muoh strongest 

22 

4850 much strongest 

4850 muoh strongest 

8 

Maxima about equal I 

Maxima about equal 

4-5 

3300 strongest 

3300 rather strongest 

2-0 

| 3300 much strongest 

i 

Nothing to be seen {too faint) 

i 


It appears then that with either source the relative intensity of 4850 gains 
very much with increase of pressure, equality to 3300 being attained at about 
8 mm. At 22 mm. 4850 has become much the stronger. It will be remembered 
that high temperature (superheat) favours 3300. This effect is accordingly 
to be attributed to the greater density of vapour, and not to the accompanying 
rise of temperature, which, for what it is worth, acts in the opposite sense. 

Results similar to these have been obtained by Mrozouski* using short wave 
(spark) excitation. 


§6. Absorption Experiments. 

The remarkable effect of superheat in intensifying the wing series in emission 
naturally suggests the question of whether it would be similarly intensified in 
absorption. This was examined in a column of mercury vapour 46 cm. long. 
The liquid boiled in a small vessel under one atmosphere pressure of nitrogen. 
The vapour passed through the absorption tube, which could either be made red 
hot, or maintained at the boiling temperature of mercury (357° C.). The source 
of continuous spectrum was a hydrogen discharge tube, unfortunately not quite 
free from hydrocarbon contamination. The two photographs were practically 
identical. Absorption was complete from the position of the resonance line 
to about X 2700, and from that point the wing series appeared in absorption, 
in about the same intensity in each photograph. No indication whatever 
of 3300 in absorption could be seen, thus the apparent nexus between this 

* * Z, Physik," vol 55, p. 338 (t£20). 
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feature and the wing aeries which is observed in emission is not maintained in 
absorption. This will be apparent from X which reproduces the absorption 
spectrum at red heat. The wing series can be seen in the print of X, but the 
scale of enlargement and photographic intensification are hardly enough to 
satisfactorily reproduce it. The photograph is chiefly reproduced to emphasise 
the absence of 3300 in absorption. 

Incidentally, these absorption experiments afford evidence on the question 
raised by Walter and Barratt* who considered the presence of small traces of 
oxygen necessary to develop the wing series in the absorption spectrum. In my 
own original observation of this series the mercury was condensing in contact 
with air, although the conditions were such as (in my opinion) excluded the 
presence of air in the optical absorption tube itself. In the present work an 
atmosphere of nitrogen purified from oxygen by phosphorus was used instead 
of air ; but this made no difference to the appearance or intensity of the wing 
series absorption band. The same applies to the numerous experiments 
which have been here described above on the wing series in emission. The 
mercury was always boiling under an atmosphere of nitrogen purified by 
phosphorus and dried. The apparatus was absolutely tight, all joints being 
sealed, with the exception of an accurate cemented cone fitting which united 
the silica to the glass work. So far as my own experience goes, there is 
nothing to suggest that oxygen is necessary to develop the wing series, either 
in absorption or in emission. 

§ 7. Summary of Chief Points . 

The paper is mainly concerned with fluorescence of mercury vapour when it 
is excited by— 

(а) light of the frequency of the core of the resonance line 2637 (core excita¬ 
tion) ; 

(б) light of less frequency, absorbed in the band which begins at the resonance 

line. I call this wing excitation because it begins, and is strongest, in 
the wing of the resonance line; but the term is applied to excitation 
anywhere in the absorption band mentioned, which stretches 1000 A. 
or more towards long waves. 

The fluorescence with core excitation is extinguished by adding a trace of 
hydrogen. 

With wing excitation, it survives very large additions of hydrogen. 

* * Proc. Roy. Soc.,’ A, vol. 122, p. 209 (1929), 
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In the region from X 2650 to X 3000, a serras of diffuse haA/Hs it found in 
core excitation (core series). In the same iregidn another series of bands is 
found in wing excitation (wing series). 

The two series have only a superficial resemblance, and the wing series alone 
appears in absorption by the unexcited vapour. 

The wing series in emission is enormously increased in intensity by super¬ 
heating, In this, it goes with the continuous maximum 3300, though the latter, 
unlike the wing series, does not appear in absorption. 

The core series is not increased in intensity by superheating. 

It is considered probable that core excitation is a process of excitation by 
collision with excited mercury atoms. Such atoms, as is known, lose their 
energy by collision with hydrogen molecules, dissociating the latter. Hence 
the extinction of the core effect by hydrogen. 

Wing excitation on the other hand, is directly due to molecular absorption 
of light, though the subsequent processes are complex. The excited molecules 
produced are indifferent to hydrogen. 

It is clear that these two processes of molecular excitation are not equivalent, 
since the core series of bands is only obtained by the former process. 

DESCRIPTION OP PLATES 16, 17, 

I. — Top: Atomic emission line 2536'62. Bottom: The same line in absorption, using 

a broadened source, and a mercury absorption cell just sufficient to cut out the core 
effect. The photographs are put in register by the line 2534*77* Note that the 
absorption which cuts out the core effect agrees very exactly with the atomic emission 
line. 

II. —Top: Emission bands of mercury vapour at 32 cm. pressure, iron are excitation 

(“ wing series ”). Bottom : The same bands produced by absorption in a long column 
of unexcited mercury vapour of atmospheric density. 

III. —Bottom; Mercury bands 0*5 cm, pressure, excitation by cooled mercury lamp 

( w core series ”). Top : The same bands emitted by the vapours rising away from 
a hot cathode discharge of low current density. 

IV. —“ Wing effect ” fluorescence. Iron arc excitation 4 cm, pressure. Entrance wall of 

the vessel (to left) heated. Fluorescent light focussed on horizontal slit of spectro¬ 
graph. The maximum 3300 is intensified near the hot wall s 4850 extinguished near 
the wall (test by a straight-edge placed along left edge of photo), 2540 unaffected by hoi 
wall, 

V. —Iron arc excitation (wing effect) 16 cm. pressure. 

VI. —Identical conditions with V, except that the vapour is superheated. Note thus 

enhancement of 3300 and the weakening of 4850. Note also enhancement df jthe 
region 2600 to 2900 containing the wing series bands (not disoernible in reproductioii 
on this scale). Note the mercury lines 4047 and 4359, which are not present jntk* 
exciting source (marked with arrows). > ^ 

YIL •Core effect, without superheat. Excitation by cooled mercury lamp* 














Rajjleifjh . 







Origin of y -Raya. 607 

VIII. —The same with superheat. Note extinction of 4850 and enhancement of 3800. 
Note also that the region 2600 to 2900 containing the core series is not enhanced by 
superheat. Contrast with VI. 

IX. —Intensified spectrum similar to VII. Shows the wing series and the maximum 2650, 

which only appears with it. 

X. —Absorption by 46 cm. of mercury vapour, red hot at atmospheric pressure. The 

wing bands appear in absorption (just visible in reproduction) but 3300 does not in 
this case appear with them. 


The Origin of the y -Rays. 

By Lord Rutherford, O.M., F.R.S., and C. D. Elms, F.R.S. 


(Received July 4, 1931.) 


§1. Introduction. 

In a recent paper, Rutherford, Ward and Lewis* have described the results 
of their measurements on the long-range a-particles emitted by radium C. 
They were able to identify nine groups of a-particles of different energies in 
addition to the group characterising the normal mode of disintegration. It 
was pointed out how the modern theories of a-particle disintegration based 
on the wave mechanics make it possible to infer from these results the existence 
of a corresponding number of excited states of the radium C' nucleus. The 
excess of the energies of these stationary states over that of the ground state 
responsible for the normal a-particle are shown in Table I. 

Table I. 


Number 

of 

elate. 

Energies of excited 
states of radium C' 
nucleus in excess 
of ground state 
volts X 10~ 6 . 

Number of long- 
range a-particles 
per normal 
disintegration 

X 10 6 . 

1 

1 

6‘3 

0*49 

2 

14-6 

16*7 

3 

17*6 

0*53 

4 

19*4 

0*93 

5 

22*0 

0*60 

6 

23-6 

0*56 

7 

25-8 

1*26 

8 

28*4 

0*67 

9 

30*2 

0*21 


* Rutherford, Ward and Lewis, ‘ Proc. Roy. Soc.J A, vol. 131, p. 684 (1931). 
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It was shown that not only were those energy differences of the order of 
magnitude of the energies of the y-rays emitted by radium C' immediately 
after the expulsion of the (3-particle from radium C, but that there were several 
instances of numerical agreement, which lent great weight to the suggestion 
that the y-rays were due to transitions of a-partioles. We propose in this 
paper to consider this point of*view in more detail and to examine some 
consequences that emerge. 

It is assumed that the expulsion of the (3-particle from the radium C nucleus 
leaves one or more a-particles of the newly formed radium C' nucleus in excited 
states. The y-rays which it is proposed to associate with the subsequent 
transitions to the ground state are shown in Table II. 


Table II * 


Energies of y-ray* 
in volts x 10“\ 

Number of quanta 
emitted per normal 
disintegration. 

0-59 

0-Olt 

2*75 

—t 

3 32 

—t 

3-89 

_+ 

+ 

4*29 

0 -03 to 0 -l§ 

503 

0*006 to 0*02§ 

6*12 

0-66 

7-73 

0-065 

9-41 

0*065 

11-30 

0-21 

12*48 

0-065 

13-90 

0*065 

17-78 

0*26 

22-19 

0*074 


t Rough estimate. 

t It is unoertain whether these y-rays are actually emitted or whether the /5-ray lines from 
which their existence is inferred are due to a radiationless transition (see $ 3). 

§ These values are obtained from the intensities of the natural fl-ray lines by assuming value* 
for the internal conversion coefficient of 6 X 10“* or 1*6 X 10~*. Owing to the confusion in 
the /9-ray spectrum in this region, it is difficult to disentangle the K line of 5*03 X 10* volts 
from the L line of 4*29 x 10* and the intensity measurements are therefore doubtful. General 
evidence suggests an intensity for both of the order of 0*02 to 0*05. 

A glance at the intensities of the y-rays, several of which are of the order of 
one quanta in every two or three disintegrations, shows that practically every 
radium C' nuclous must be formed initially in an excited state, but yet, as can 
be seen from Table I, the number of nuclei disintegrating directly from these 
excited states with the emission of a-particles is extremely small, of the order 
of one to ten in a million disintegrations. This indicates that the probability 
* Ellis and Aston, ‘ Proc. Roy. Soo., f A, vol. 129, p. 180 (1930). 
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of a radiation transfer from an excited state is of the order of 1G 6 times greater 
than for a disintegration transition. Before proceeding to points of greater 
detail, we shall examine whether such differences are plausible and in general 
accord with current ideas. 


§ 2. Radiation and Disintegration Transitions from Excited Nuclear States. 

We imagine the nucleus of radium C' to be excited in its rth state and denote 
by a r dt the probability that in time dt it will emit a long range a-particle 
corresponding to this state and by g r dt the probability that a transition to a 
lower energy state will be executed, resulting in the emission of a y-ray of 
frequency v. If A r and P„ are the average numbers of these long-range 
a-particles and quanta, for each normal disintegration, then it follows that* 


& « 


a r 


P, 

A r 


( 1 ) 


We have made estimates of the values of the disintegration constants, A r> 
of the excited states by using the formula both of Gamow and Houtermans 
(* Z. Physik/ vol. 52, p. 496 (1929)) and of d'Atkinson and Houtermans 
(* Z. Physik/ vol. 58, p. 478 (1929)). In both cases we have adjusted the 
values of such constants as appear in the formulae to fit the normal disintegra¬ 
tion and then have merely inserted the higher energies corresponding to the 
excited states* The results of both formulae are naturally in fair agreement 
and give a variation of log a with log (energy of a-particle) that is practically 
a continuation of the well-known linear law connecting these quantities for 
the other radioactive bodies of the series, but becomes slightly concave to the 
energy axis. This amounts therefore to the simplest type of extrapolation. 

The values quoted in Table III (infra) were obtained from d’Atkinson and 
Houterman’s formula, taking the value of the radius s to be 1/09 X 10'“ x * cm., 
and the potential inside the nucleus to be + 7*45 X 10® volts, and further 
flamming the quantum number n equal to unity and azimuthal quantum 
number zero. 

Turning now to the y*rays shown in Table II, it seems likely that the strong 
y-radiations 6*12, 17*78 and 22*19 x 10 fi volts are to be associated with 
transitions to ground from the a-particle levels 1* 3 and 5 respectively. We 

* It should be noted that Gamow has drawn attention to the importance of correlating 
the number of a-particles and of y-ray quanta, but the particular case, that of thorium 0, 
which he treated in detail, requires an essentially different theoretical explanation than that 
given here, owing to the far larger number of “ abnormal ” a-particlee (G. Gamow, 4 Nature/ 
vol. 126, p. 307 (1930)); 
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shall discuss in a later section how the small discrepancies in energy are to be 
accounted for. 

We confine our attention for the moment to these three strong y-rays and 
their connection with the a-partiole levels that we have suggested is shown in 
Table III. It is seen that the ratio of the number of quanta of radiation to 


Table III. 


I 

II 

in 

i 

IV 

V 

y-ray energy 
in volts 

X 10~\ 

Level of 
origin 

(seo Table I). 

Ratio of 
quanta to 
long-range 
a-partiolee 

X 10~*. 

! j 

a* particle 
leak from 
this level. 
aeo.' 1 . 

i Probability 

of radiation 
switch (jr 
calculated from 
equation (1). 
eeo.*" 1 . 

612 i 

1 

13 *5 

i 

81 x 10’ 1 

: 

1*1 X 10“ 

17*78 

2 

4*9 

5-5 x 10“ 

2*7 X 10“ 

22* 19 

1 

5 

1*2 

! 

3-5 x 10“ 

4*2 X 10“ 


the number of long-range particles from the level of origin assigned to the 
radiation transition varies only over a factor of 10, while the values of the 
disintegration constant over the same range varies by a factor of 6000. In 
order to fit in with the postulated data, it is at once obvious that the probability 
of radiation transfer must vary nearly proportionately with the probability 
of disintegration. This is shown in oolumn V where we have calculated 
the values of g r from equation (1) assuming for the moment the correctness 
of the calculated values of a T . It will be notioed that the values of the prob¬ 
abilities for a radiation transition are of the order to be anticipated, and 
this is a strong confirmation of the view that the y-rays are associated with 
a-particle transitions. While insisting on the importance of this check on 
the order of magnitude of the transition probabilities, we think it also reasonable 
to consider in detail the rate of variation of these values with frequency, and 
here there are grounds for suspeoting a disagreement with theoretical 
estimates. 

According to current theory g should vary as v*|M| a when v is the frequency 
of the radiation and | M | is the matrix element of the two states. It is impossible 
to estimate how this latter quantity varies without knowing the details of 
the stationary states concerned, but we might reasonably expect it to be of 
the same order of magnitude for these y-rays, which are all roughly of the same 
intensity and which are the most prominent in the speotrum. If now the value 
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1 *1 X 10“ sec, 1 given for the y-ray 6* 12 X 10 5 volts is increased in the ratio 
^thx we obtain 2*7 X 10 13 seer 1 for the y-ray 17-78 X 10 5 volts, and 
5*2 X 10 13 sec. 1 for the y-ray 22-19 X 10 volts, a rate of increase far less 
rapid than that shown by the ^-values in Table III. It would be quite reason¬ 
able to ascribe this to a change in the matrix element |M| for the different 
y-rays, but since it is at present impossible to chock this view, it is of interest 
to consider another alternative which raises questions of general importance 
for this subject. It is to be remembered that the values of g r given in the table 
here have been deduced from experimental data on the assumption of the 
general correctness of the values of a T calculated from the Gamow type of 
formula. While we do not question the general validity of the theory of 
Gamow and Houtermans, nor the reliability of their formulae when applied 
to the normal a-particle disintegration, we yet think that in the present case 
it is possible that the values of the a-particle leaks from these excited states 
have been incorrectly estimated, and that in fact the rate of leak from an 
excited state may be considerably slower than that given by the extrapolation 
wo have used. 

In using these formulae, we have assumed that the nucleus in all 
states of excitation has the same radius and the same height of potential 
barrier, and neither of these conditions may be fulfilled in the present case. 
By assuming a progressive decrease of the nuclear radius of about 5 per oent. 
over the range of energies in question, the values of the disintegration constant 
will lead to values of the probability of radiation transfer which are more in 
accord with our present knowledge. While it is possible that this may be the 
explanation, we do not feel at the moment that it is a fruitful line to pursue. 

We must also consider the possibility that these excited states may be 
characterised by higher quantum numbers and that this may affect the rate of 
disintegration. Atkinson and Houtermans take as a nuclear model a 
Coulomb potential down to a distance S (the “ radius ” of the nucleus) and 
then inside this a constant potential U 0 . These two constants are connected 
by an equation based on the boundary conditions which also involve what 
corresponds to the quantum number, that is approximately the number of 
half wave-lengths in the distance S of the de Broglie wave of the a-particle. 
The expression for the disintegration constant is far more sensitive to ohanges 
in S which occurs in the exponential term than to changes in the iimer potential 
U 0 . Both S and U 0 can be determined for the normal a-particle of radium O' 
where both the energy and decay constant are known. If this same value of 
S is used for the excited states and the value U 0 corresponding to different 
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quantum states determined from the boundary conditions, it is found that 
very little difference is made in the value of the disintegration constant. The 
change in the inner potential compensates for the change in the quantum number 
which also occurs in the formula. If, however, the other extreme case were 
taken in which the inner potential was kept constant, then for higher quantum 
numbers there would result an increase in 8 which would have a large effect, 
but in the wrong direction. A correct treatment with this model would no 
doubt make both these constants vary simultaneously, but we can see that the 
reduction in the disintegration constant is unlikely to arise from this cause. 
An assumption of this kind would permit the existence of azimuthal quantum 
numbers greater than zero, and it has frequently been pointed out that this 
would reduce the disintegration constant, virtually by oauaing an increase in 
the height of the potential barrier. However, even the assumption of j « 3 
would only introduce a factor of two or three. While, no doubt, it will be both 
necessary and profitable to follow up later the effects of higher quantum 
numbers, we shall refer now to a more fundamental problem involved in the 
consideration of these excited states which has a direct bearing on the values 
of the disintegration constants. 

The model on which Gamow, and also Gurney and Condon, based their 
calculations of the rate of disintegration of an a-ray body consisted of an 
a-particle of energy E in a quasi-stationary state inside a potential barrier. 
It was pointed out that with a finite barrier the boundary conditions could 
only be satisfied if there was a slight leak of the wave function through the 
potential barrier, so that actually a tj;-wave of very weak intensity issued 
from the nucleus. It was this slight leak which on this picture was responsible 
for the eventual disintegration. It is well known that this model is 
difficult to reconcile with the theoretical conclusion that, if there is more 
than one a-particle in the nucleus in its ground state, then all such 
a-particles must be in the same state. Consider, for example, the disin¬ 
tegrations of radon and radium A, where the energies of the emitted 
a-particles are 5*44 and 5*97 million volts respectively. If there are n 
a-particles in the radon nucleus we must assume they have each 5*44 
million volts in order that one may leak out with this energy, but then 
there is no mechanism for raising the energy of the remaining (n — 1) a- 
particles to the value 5*97 million volts required for the next disintegration, 
unless it be supposed that the electrons and possibly protons in the nucleus 
supply this energy. However, it is generally recognised that the essential 
exponential factor in the formula for the disintegration constant is obtained 
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if a more general standpoint is taken. According to this view, all the n 
a-particles are in some stationary state where the particles each have energy E, 
which is less than the disintegration energy or possibly even negative. After 
an interval of time which on the average is equal to the life of the radioactive 
body, there is a transition to a state of equal energy when there are » — 1 
a-particles in the nucleus with a total energy E' < E and one a-particle outside 
with the disintegration energy. It is at present impossible and also un¬ 
necessary to enquire into the process by which this transition occurs, but it is 
convenient to illustrate the point by the following picture. We imagine 
one a-particle to be raised to the disintegration energy, 5*44 million volts for 
example, and the remaining n — I fall to a lower state of such energy as is 
required to keep the total energy constant. The excited a-partiole in this 
case must be assumed to escape at once, for instance it might be said that the 
a-particle passes straight out on its first collision with the walls of the nucleus. 

If this point of view is applied to a nucleus which is left in an excited state 
by the previous disintegration, like radium 0' by the ^-disintegration of radium 
C, we must assume for example that n — 1 of the a-particles are in the ground 
state and that one a-particle is in one of a series of excited states. This a-particle 
can now make transitions to the ground state to join the (n — 1) a-particles 
already there, omitting y-rays in the process. After a certain average time, 
there will be a normal disintegration in which the energy of the ground state 
diminishes by AE and one a-particle escapes with 7*683 million volts. 
Alternatively, while the nucleus is still excited there may be an internal 
re-arrangement by which the energy of the ground state decreases by AE and 
one a-particle escapes with an energy of 7*683 million volts plus the initial 
excitation energy and forms one of the long-range particles. It should 
be noted that there is nothing to restrict the number of excited particlos 
to only one. 

While either picture can only be an approximation to the truth we feel that 
this second one is essential when we are dealing with a case, such as the present 
one, where it is known that many a-particles are involved. Further, Dr. Beck 
has informed us that while the essential features of the formula for the dis¬ 
integration constant are maintained for such long-range particles, the absolute 
magnitude of the constant may be of the ordeT n times smaller than given by 
the other standpoint, a change in the direction required by the experimental 
results. 

We have discussed several factors which would have a bearing on the 
disintegration constants of these excited states, but in the present state of our 

VOL. Gxxxn.— a. 2 x 
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knowledge it would be both difficult and undesirable to attempt to reach 
any final decision. We think, however, that the experimental results have 
already reached a stage of development which justifies the attempt to make a 
more detailed picture provided that this is regarded as a working hypothesis, 
and the other possibilities are still borne in mind. In this sense we shall use 
the model of the excited a-particle states that we have just described and it 
will be seen subsequently in this paper that it is helpful in obtaining a general 
understanding of several other features. We shall suggest the hypothesis 
that many of the different excited states of the radium C' nucleus, whose 
existence is shown by the long range a-particles and the y-rays, arise from the 
excitation of one, two, three or more a-particles to the same higher level. 

While the values of the disintegration constant of the higher a-particle 
states would appear to be less than those given by extrapolating the usual 
formula, the error is unlikely to be serious for the first excited level at 6*3X10 6 
volts. It follows, therefore, that the value of the probability of radiation 
transfer given for this y-rav in Table III is probably fairly correct. It is a 
point of considerable interest to obtain information of this type about y-rays. 
It will be seen that the mean life of this excited state, which is, of course, 
determined almost entirely by the radiation transition, is of the order 10~ 14 
second. 

As an example of the importance of such numerical estimates we may 
note that it is well known that the homogeneity of a radiation is affected by 
the life of the excited state and we find that from this cause alone the order 
of magnitude of the half width AX of this radiation would be given by 
AX/X = 7 x 10~*. The actual emitted radiation will not be as homogeneous 
as this, for as Kuhn* has pointed out there will be a broadening of the line by 
the Doppler effect due to recoil of the nucleus from the immediately preceding 
^-disintegration. He found that the order of magnitude of the resulting half¬ 
width was given by AX/X = 5 X 10~ 6 , which is ten times larger than the 
broadening due to the finite life. For the higher frequency y-rays the mean 
life of the state is shorter and the corresponding broadening greater, but the 
broadening by the Doppler effect will be the same. It will thus be seen that 
the actual homogeneity of the y-raya will only decrease slowly with increasing 
frequency since even for a y-ray of 2 million volts the radiation broadening, 
while possibly greater, will be of the same order as that due to the Doppler 
effect. It therefore appears likely that all the y-rays of radium C will be 
homogeneous to about one part in a million. 

* Kuhn, * 2. Physik/ vol. 43, p. 66 (mi). 
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13, Radiationless Transition amd Interpretation of the Complexity of the (3-ray 

Spectrum. 

The y-rays of no other radioactive body have been so intensively investigated 
as those of radium C, but yet the various y-rays which have been identified* 
a full list of which is contained in Table II ( supra), are by no means sufficient to 
account for the great number of lines in the (3-ray spectrum. Out of 72 lines, 
24 can be associated with y-rays which have been observed as radiation, and 
there remain 48 to account for. Many of these lines are very weak and it is 
a reasonable assumption in this case that they arise by conversion of a y-ray 
in the K electronic state, the corresponding line from the L state being too 
faint to be observed. The further assumption has also been generally made 
that all these lines are associated with correspondingly weak v-rays, but this 
we think to be open to doubt. The aggregate number of electrons per disin¬ 
tegration emitted in these lines is about 2*5 X 10~ 3 . If they are due to y-rays 
with internal conversion coefficients comparable with those of the known 
y-rays, this would mean the emission of anything from half to one quanta per 
disintegration of these weak y-rays, whereas the strong y-rays only contribute 
about 1*4 quanta per disintegration. The position is still more emphasised 
if we consider only the higher energy lines above, say, 1*6 million volts. In 
these there are 0-63 X 10” 3 electrons per disintegration, and if the conversion 
coefficient of the hypothetical y-rays were 1*6 X 10~ 3 , like those of the known 
y-rays in this region, this would correspond alone to 0 • 4 quanta per disintegra¬ 
tion. The energy emitted would be of the order of 800,000 volts per dis¬ 
integration. The existence of y-rays in such amounts would introduce serious 
difficulties, since the measured value of the total energy emitted in the form of 
y-rays by radium C appears to be already satisfactorily accounted for by the 
known y-rays. The natural conclusion is therefore that for these rays the 
conversion coefficient must be abnormally large, and this at once reminds us 
of the abnormal transition 1*426 X 10® volts which has been discussed in 
detail by R. H. Fowler.* This nuclear transition gives rise to a prominent 
group of (3-rays corresponding to ejection of electrons from the K, L and M 
states and the corresponding y-ray would be expected to be one of the most 
powerful in the whole spectrum. Actually, it is doubtful whether any such 
y-ray is ever emitted. Fowler therefore suggested that this transition involves 
two states between which a radiation transition is very improbable, due to 
some selection rule, and he pointed out and supported by calculation that a 

* R. H. Fowler, ‘ Proc. Roy. fioc./ A* voL 129, p, 1 (1030). 
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direct interaction with the K, L, M, ... electrons could occur in spite of such 
a rule and with about the observed intensity. We now suggest that a similar 
explanation applies to at any rate some of the weak lines in the (J~ray spectrum. 
It may conceivably apply also to the three transitions 2 • 75, 3 • 32 and 3 * 89 X10 5 
volts, since radiations of these frequencies have not been observed, but it must 
be remembered that the investigation of these radiations is rendered extremely 
difficult by the proximity of the intense radium B y-rays. 

This point of view, if it is correct, is of great importance for the interpretation 
of ( 3 -ray spectra and for the proper appreciation of the behaviour of the nucleus. 
In effect, we are suggesting that a phenomenon, which previously was thought 
to be confined to one exceptional transition and could have been regarded as 
an exception, may in reality be shown quite generally by a whole series of 
excited states, and thus certainly must be regarded as one of the important 
phenomena of the nucleus. It also suggests whether it is not advisable to 
modify the usual attitude to what is termed “ the internal conversion ” of the 
y-rays. This has been described in the past as follows. Suppose that out of a 
large number of n disintegrations a certain nuclear transition occurs pn times, 
and that pn( 1 — a) times this results in the emission of a quantum of radiation, 
and pnoL times gives rise to an electron from the K, L, ... states of the atom. 
The quantity a is termed the coefficient of internal conversion. Now, while 
this is merely a method of describing the experimental results, it yet directs 
attention to the ratio of the probabilities of occurrence of two phenomena, 
whereas it might be more convenient and even more correct to study the actual 
value of each separately. 

It is clear that a complete formal description of the behaviour of a nucleus 
can be given as follows. Suppose that the nucleus is excited in its rth state, 
then three different phenomena can occur. Firstly, a long range a-particle 
may be emitted, and the probability of this happening is described by the 
disintegration constant a r sec.** 1 ; secondly, an internal transition may be 
made setting free energy Av, and the probability of this we have called g r seo.~ l ; 
thirdly, the energy Av may be transferred to the electronic system, and the 
probability of this happening we shall write b r sec.* 1 . If several different 
transitions were possible from one level it would be necessary to have g and b 
values for each. The absence of any radiation associated with a certain 
transition would mean that 0 = 0 . 

We shall refer to these coefficients as disintegration (a), radiation (g) and 
interaction ( 6 ) coefficients respectively. 

This method of description is of practical interest since we know approxi- 
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matdy both the number of long range a-particies and the number of electrons 
in the groups, and we can therefore obtain absolute values for the interaction 
coefficients in the same way as we did for the radiation coefficient. For example, 
if n 0 be the number of K electrons per disintegration and n a the corresponding 
number of long-range a-particles, then bja == n*/n a ; when a is known the 
value of b can be deduced. At present the uncertainty about the calculation 
of the disintegration coefficients for the higher states introduces the same 
uncertainty as we found in the case of the radiation coefficients, but, as before, 
we can find the coefficient for the 6*3 x 10 5 volts level without falling into 
serious error. The number of p-particles associated with the most intense 
line from this level, due to interaction with the K state is* 4 X 10“* per normal 
disintegration, the number of long-range ot-particles is 0-49 X 10“* and the 
disintegration coefficient is 8 X 10“ 7 sec."* 1 . Hence the K interaction is 
6 X I0 11 sec.*" 1 . The corresponding radiation coefficient we found to be 
1*1 X 10 u sec.- 1 . 

It is interesting to see how the interaction coefficient for the so-called abnormal 
transition 14*26 x 10 5 volts compares with those for transitions which also 
give radiation. The data are given in Table IV. 


Table IV. 


I 

II 1 

nr ! 

IV 

' V 

VI 

Nuclear 
transition 
(value from 
fl-ray spectrum) 
volts X 10-*. 

■ i 

Level of 
origin 

(see Table I). 

Number of 
electrons 
per normal 
disintegration 
X I0- 4 . 

Ratio of 
number of 
electrons 
to number 
of long range 
a-particles. 

a-particle 
leak from 
this level 
(a) sec.** 1 . 

Interaction 
coefficient 
(6) aeo." 1 . 

a -12 1 

i 

1 

400 1 

8100 

8-1 X 10* 1 

6-7 X 10“ 

14-20 

2 

250 

160 

8 X 10* 

1-2 X 10" 

17-78 

3 

42 | 

800 

8-5 X 10“ 

4-4 X 10“ 

22-19 

5 

9 

150 

3-5 X 10“ 

6-2 X 10“ 


It can be seen from column IV that the transition 14*26 X 10* volts falls 
of line roughly by a faotor of 10, and this does not seem unreasonable. 
Certain features of the two states concerned in the transition will influence both 
the radiation and the ^transition, and it is not surprising that in a case when 
the radiation coefficient is practically zero, that the interaction coefficient should 
be reduced by a factor of 10. II our suggestion is correct that many of the 
* Mis and Aston, * Proc. Roy. Soe.,’ A, vol. 129, p. 180 (1930). 
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weak (3-ray lines are due to radiationless transitions, we should expect the 
corresponding interaction coefficients to be comparable with that for the 
radiation 14*26 X 10 s volts, so that the number of electrons in the weak lines 
from 18 x 10 5 to 22 x 10 & volts would be expected to be of the order of 80 
to 10 times (i.e., the values in column IV, Table IV, reduced by factor of 10) 
the number of a-particles from the neighbouring levels. This gives about 
5 X 10” 6 to 10~ 6 electrons per disintegration, while the estimated intensities 
range from 6 X 10“ 6 to 10~ 5 electrons per disintegration, the weakest of these 
lines occurring at the higher energies. It appears, therefore, very likely that 
a satisfactory explanation of some of the weaker lines in the (3-ray spectrum can 
be given in this way. 

This method of description by means of the interaction coefficient does not, 
however, emphasise sufficiently the striking differences between such supposed 
radiationless changes and the ordinary radiation changes, and it is of interest 
to consider the 14*26 x 10 5 volt transition from another standpoint. The 
group of long-range a-particles associated with this transition is from 15 to 30 
times more abundant than any other (Table I) and this, at first sight, might 
lead one to expect also an exceptionally powerful y-ray. Actually, the reason 
this group of a-particles is so prominent is because the exact contrary is true 
and the probability of radiation transition is small. All of the radium C' 
nuclei which are formed in any state of excitation ultimately get rid of their 
excess energy by one of three processes, radiation, interaction with electrons, 
or emission of long-range a-particles; and it is clear that if one process, radiation, 
is absent or much reduced, the other processes will be relatively more frequent. 
The mean life of the state is so much increased by the absence of the radiation 
transition that there is time for more of the a-particles to escape. This point 
may be put more precisely as follows. We consider some radium O' in 
equilibrium with a certain quantity of radium and its products. There will 
on the average be a constant number of radium C' nuclei in all the various 
states of excitation. We denote by P r the constant population of the rth 
state, and by p T the number of such excited nuclei formed per second. The 
numbers of long range a-particles A r , quanta G f , and electrons B r , emitted 
from such nuclei per second are 

A r = a r P f , G r = g r P r , B r = b^P r> 

and also the number of excited nuclei former per second 

Pr Ar + G f + B, « P r K + g f + b r ). 
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Now, lor a normal transition such as 6*12 X 10 6 volts we have seen that g 
is about 10 14 sec." 1 , b is 7 x 10 11 sec,^ 1 , and o is 8 X 10 7 , i.e. f g^> b p> a, so 
that the average population P r is almost entirely determined by the radiation 
transition and may be put equal to p f /# f . Suppose it were now possible to 
suppress the radiation transition, then the population would rise at least 100 
times to the value p r /b r and the number of long-range a-particles, a r ( p r /b r ) 
would, of course, be increased by the same amount. This is, we believe, the 
explanation of the prominence of the 14 *26 X 10 6 a-particle group, and not 
that it is the most frequent mode of excitation. In fact the contrary is true, 
as can be seen from the following table, where we show how many nuclei will 
be formed in the various states of excitation when 1000 radium C nuclei 
disintegrate. 

Table V. 


From 1000 radium C' nuclei there are formed 

Relative population of 

(Pr)- 

these states (P r ). 

(560 excited in 6 • 12 x 10‘ volt state 

000 

<30 „ 14-28 x 10“ ,, 

200 

260 „ 17-78 x 10* 

1 


The figures in the first column are simply the number of quanta emitted 
from 1000 radium C' nuclei, since the other modes of emitting the excess energy 
have in this respect negligible effect. The value 30 for the transition 
14*26 X 10 5 is based on an estimate of the greatest intensity such a y-ray could 
have and yet not be detected. It is interesting to note that if this estimate 
were correct y-radiation would be still the most frequent mode of transition, 
since the ^-conversion alone would only require 2*6 nuclei out of every 1000 
radium C nuclei. It is extremely interesting that the most prominent long- 
range a-particle group is thus produced by an infrequent mode of excitation. 

These values must be clearly distinguished from the steady population of the 
states which has been already referred to. These are also shown in the table 
and have been obtained by dividing the number of long-range particles A r , 
by the disintegration constants a r used in Table II, Although, as we have 
seen, the latter values are uncertain and almost certainly too high, they suffice 
to illustrate our point. 

§4. The Origin of the y-Rays. 

It has already been mentioned that the measurements of the energies of 
the long range a-particles from radium C render it almost certain that the 
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y-rays are associated with transitions of a-partioles in the nucleus, and we have 
discussed some points which arise in comparing the relative numbere of quanta 
and long-range a-particles that are emitted. We propose in this section to 
consider what information can be obtained about the details of the stationary 
states involved in these transitions. We shall rely mainly on the measurements 
of the frequencies of the y-rays and the energies of the groups in the {S-ray 
spectrum since these are considerably more detailed and accurate than the 
energies deduced from a study of the long-range #-particles. It will be assumed 
that the a-particles form a normal quantum-mechanical system capable of 
existing temporarily in a series of stationary states, and that the energy differ¬ 
ences of these states are shown by the y-rnys and groups in the p-ray spectrum. 
The problem is to find the structure of this level system and the energies of 
the different levels and to attempt some explanation of their origin. 

Level systems have already been suggested for radium C' and other radio¬ 
active nuclei; but the only data available at that time were the measurements 
of the frequencies of the y-rays. It was found that while these measurements 
indicated that some quantum level system existed, they were not accurate 
enough to fix any system uniquely. The new evidence now available is, in our 
opinion, sufficient to justify putting forward a provisional hypothesis which is 
in general accord with the conclusions reached earlier in this paper. 

Possible level systems might be divided roughly into two classes, those 
which are due to one particle occupying one of a series of different' states 
characterised by different quantum numbers, and those where the different 
energy levels are due to the excitation of different numbers of particles to the 
same quantum state. The first class is, for example, exemplified by the states 
of the hydrogen atom; the second class does not occur with any electronic 
system in accordance with the Pauli exclusion principle but could be shown by 
a-particles. While it may, therefore, be thought to be a priori probable that 
a-particle levels will be of the second class, it is important to note that the 
general characteristics of the energy differences are in agreement with this 
conclusion. For example, the energies of the levels in a system of the second 
class will, to a first approximation, be connected with integers by nim plo 
linear relations; the integers in this case depending on the number of particles 
excited and the number making the transition. It has been long apparent that 
a simple arithmetical order of this type lay behind the multiplicity of energies 
shown by the y-rays and p-rays spectrum, and this was in effect pointed out by 
Rutherford and Robinson in 1913. In order to illustrate this suggestion we 
will consider a definite although probably far too simple example. Let n 



Origin of y Bags, 


081 

represent the number of a-particles in the nucleus and suppose that as the result 
of the previous disintegration r a-parfcicles are in the excited state and n — r 
in the ground state. Owing to the identical nature of the motion of each of 
the a-particles in any one state it has a physical meaning to speak of the energy 
of a single particle. Let e x and e 8 be the energies of each of the a-particles in 
the ground state and excited states respectively, then the total energy of these 
a-partieles in the nucleus is 

{n ~ r) + re a . 

We make the hypothesis that a transition is possible whereby r — r' particles 
pass from the excited to the ground state in one process. The energy of the 
a-particles is now 

(n ~~ r') e/ + /c a ', 

where e x ' and are now different from e x and e 2 . The reason for this change 
in the energies is that there must be interaction between the different a- 
particles, in fact the existence of such an interaction is essential if the transition 
of more than one particle is to occur simultaneously in one process associated 
with the emission of one quantum of energy. We shall take this interaction 
to be due to forces between the particles such that the energy e of 
each particle in a level will be less the greater the number of particles in the 
levels. For example, simple assumptions would be that the energy c of the 
particles in a level depended on the number p on the level according to the 
equation 

c ~A — a . p 
or 

£ = A — a . p 2 , 

where A might be considered as the energy of the virtual level, and a the inter¬ 
action energy. A slightly more complicated assumption would be to write 
the energy of each of the r particles in the upper state, and the energy e x 
of the « — r particles in the lower state as 

e 2 =ss A a — ar 2 —- b (n — r). r 
t x » A x *— a (n — r) 2 — 6 (n — r). V. 

Taking this last assumption we find that the energy set free when l of the r 
particles leave the upper state to join the n — r particles in the lower state is 

. I[(A i -A 1 ) + (Sa’-6)n(n-l)J-I(2r-i-l)ii(Sa—6) 
which may be written 


ZK — i (2r — 2 — 1) k. 
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A similar type of formula is gives by the two simpler assumptions and we think 
that to a first approximation more complicated assumptions will also lead to a 
formula of the same general type. We shall therefore assume that the energies 
set free by the transition to the ground state of some or all of the a-particles 
occupying the higher state will be given approximately by an equation 


E - pE x - ? E 2) 

where the energy E x corresponds to what is ordinarily termed the difference in 
energy of the two states, and E 2 is mainly determined by the interaction 
energy and would be expected to be small compared to E x . The integer q 
might be expected to reach high values since it will depend both on the number 
p of particles making the transition and the number in the upper state. 

§ 5. Examination of Experimental Data. 

Guided by this general view outlined in the last section, we have carefully 
examined the experimental data available, to see whether there is any simple 
order connecting the energies of the y-rays. The full list of the y-rays employed 
is given in the following table, including the latest values found by Ellis,* 
who has carefully examined the (3-ray spectrum in the region of the higher 
energies. Apart from the well-known y-rays associated with the (3-ray groups, 
the weaker (3-ray lines in the magnetic spectrum are assumed to arise either 
from the conversion of a y-ray in the K level or due to a direct nuclear inter¬ 
action with the K electron. This energy of the y-ray is found by adding the K 
absorption energy, 0*926 X 10 5 volts. 

The list is arranged in four columns for reasons that will be clear later. 


Table VI.—Energy of y-ray in electron-volts X 10~ 6 . 


I 

n . 

III 

IV 

e 711 

12*896 

19*46 

23-80 

6-668 

12*476 

18*966 

28*52 

6 126 

11*673 

1816 

22*36 

6*891 

11*296 

17*90 

22*186 

6*772 

9*996 

17*76 

21*72 

5-455 

9-416 

17*44 

21*29 

6 026 

8*388 

17*26 

20*64 

4*305 

7*733 

16-86 

20*30 

3*901 


16*68 

19*86 

3*332 


16*44 


2*820 


18*06 


2*745 


16*94 


2*608 


16*66 


2*396 


16*48 


0*688 


14*39 




14*27 




13*90 



* Elba, 1 Proc. Oamb. Phil. Soc.,’ voh 27, p. 277 (1981). 
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From a close inspection of these values, it can be seen that the difference in 
energies between a number of lines is about 0*4 x 10" 6 volts or a multiple 
of this number. For example, consider the group of y-rays in columns III 
and IV 

19*86 — 19*46 as= 0*40 
19*86 - 18*995 = 0*865 = 2 x 0*432 
19*86 — 18*15 = 1 *71 = 4 X 0*427 
19*86 - 17*76 » 2*10 = 5x 0*420 
and so on. 

Similarly from column II:— 

12*896 — 12*476 -0*42 
12*896 ~ 11*673 « 1-2S = 3x 0*410 
12*896 — 11*296 — 1*70 = 4 X 0*425 
12*896 — 9*996 = 2*900 = 7x 0*414, 

A number of other lines can be selected which show this simple numerical 
relation within the limits of the probable experimental error. 

From a careful consideration of the whole evidence, we are confident that 
there is some simple numerical connection between the energies of the y-rays, 
and in particular there is clear evidence of the constant appearance of an energy 
difference of about 0*40 X 10 r> volts, varying in different selected groups of 
lines between 0*37 and 0*42 x 10 5 volts. 

On the basis of our provisional hypothesis, we shall therefore try to see 
whether the energies of the y-rays can be expressed by a formula of the type 
E ss pEj — gE a , where p and q are integers and E 2 a constant which is small 
compared with E v 

It is, of course, clear that the energies could equally well be represented by 
a relation pE x + qE r but the subtraction form is chosen because we have 
adopted the guidance of our provisional hypothesis. It is clear, however, 
that all the lines of column I of Table VI cannot be expressed by this simple 
numerical relation unless E a is made much smaller than 0*40 x 10 5 volts. 
In addition, it will be noted that in column III there are a number of cases in 
which the differences are much less than 0*4, and this variation cannot be 
accounted for by experimental error in measurement of the energies. 

However, a consideration of the y-rays in column III shows that they cafi be 
readily fitted into two groups each of the form E 4 — gE 2 but where has a 
different value for each group and also E x is not the same. This suggests that 
we may be dealing with the effects of two different level systems, each of which 
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follows the relation pE x — jE b . While the assumption of two energy levels 
somewhat complicates the problem of disentangling the relations, yet we shall 
see that the agreement with the numbers is much improved and is surprisingly 
good. 

We are first of all faced with the problem of fixing the values of the two 
primary levels. In their paper ( loc. cit.) Rutherford, Ward, and Lewis drew 
attention to a type of repeating pattern shown by the a-ray groups numbers 
4, 5, 6 and 7, 8, 9, in Table I. Not only is there a constant energy difference 
of about 6-4 X 10 s volts between corresponding groups but, in addition, the 
relative intensities are also repeated. It is probably significant in this con¬ 
nection that 6 • 12 X 10® volts is the energy of the strongest y-ray in the spectrum, 
a y-ray that is emitted on the average twice in every three disintegrations. It 
is natural, therefore, to associate this y-ray with the simplest process possible, 
which is the transition of a single particle between two neighbouring levels. 
The next most prominent y-rays, 11*30 X 10®, 17*78 X 10® and 22*19 X 10®, 
would then on this view be due to the simultaneous transitions of two, three 
and four a-particles respectively to the ground level, the difference from exact 
multiples of the energy level arising from the interaction effects. In selecting 
the second level, we have been to some extent guided by the analysis of the 
y-ray spectrum of radium B. It has long been a matter of remark that most 
of the radioactive bodies emit a strong y-ray of low energy varying for the 
different elements from 0*4 to 0*7 X 10® volts. If we assume the presence of 
two primary levels, it is natural to suppose that transitions should be frequent 
between the two levels, giving rise to a strong y-ray equal to the difference 
of energies between the two levels. It is noteworthy that radium C gives a 
low-frequency y-ray of energy, 0*688 X 10® volts, of the same order as the 
lowest frequency y-ray from radium B of energy 0*636 x 10® volts. 

We shall therefore take provisionally our two levels as 6*126 X 10* volts 
and 6*125 + 0*588 = 6*713 x 10® volts above the ground level. It will be 
seen, as we should expect, that there is a fairly strong (1-ray, corresponding to 
the energy 6*711 X 10® volts. 

We shall now see whether we can find any definite order in the y-rays given 
in oolumn I, Table VI. It will be seen from Table VII that, starting with 
Ei = 6*711 x 10® volts and assuming as energy difference E* = 0*421 X 10* 
volts, six of the y-rays agree within the probable error of experiment (1 in 
about 200). Similarly, taking 6* 125 x 10* for the other level and E B = 0*367 
X 10 volts, another six y-rays are accounted for. It should be noted that the 
y-iay 5*026 accidentally fits both systems. Three lines do not fit, vix., 6*558, 
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Table VII. 


E 8 = 0-421 X 10 5 volts. E a = 0-3675 X 10 s volts. 


Nature of g . 

(E, - ,E.) 

X volts. 

Observed 

y- 


Value of q. 

(K, — gK,) 
x 10 volts. 

Observed 

y-ray. 

0 1 

0-713 

6-711 


0 

6-125 

6-126 

1 

6-392 

—. 


1 

5-758 

5-772 

2 

6-871 

5-801 


2 

6-390 

— 

3 

6*450 

5-456 


3 

5-023 

5*020 

4 

5-029 

5-026 


4 

4-655 

— 

5 

4-008 

— 


5 

4-287 

4-305 

6 

4-187 

.... 


6 

3*919 

3-901 

7 

3*700 

— 


7 

3-562 

— 

8 

3-345 

3-332 


8 

3-180 

— 

9 

2-924 

— 


9 

2-822 

2-822 

10 

2-603 

2-508 


10 

2-465 

— 

n 

2-182 

i 


31 

i 

2-088 

i 

— 


2-745 and 2-39(5. It is of interest to note that 3-332 — 2-745 = 0-577— 
a value in accord with the difference of energy between the two levels. The 
results of this analysis are shown in the graphs A x and A a of fig. 1. The 



onnegieg are marked by short horizontal lines and it will be seen that their 
intersections with the vertical lines showing the integers fit closely. All the 
yriys in thia region ire included in the graph. 
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We shall now consider the relations between the y-rays shown in column II, 
Table VI. On the views we have outlined, the values of pE x corresponding 
to the passage of two particles from each of the two levels to the ground level 
should be 2 X 6*711 = 13*42 and 2 x 6*125 = 12*25 X 10 s volts. No 
y-rays of these energies are to be expected but, assuming a value of E, 0*4 
X 10 6 volts, the y-ray of the highest energy that can arise is 13*0 X 10* for 
the upper, and 11*85 X 10 5 volts for the lower level. Actually, there is a 
y-ray of value 12 * 896 X10 5 volts, which will be taken to represent 2E X — lxE 2 . 
An exact agreement is not to be expected on account of progressive errors 
which may well have arisen in determining the energies of the (S-rays from over-* 
lapping photographs of the magnetic spectrum. 

The results are shown in graph B of fig. 1 where six y-rays lie closely in the 
intersections of the vertical lines with a value of E 2 — 0*410 X 10 6 volts. 
The value of 2E X = 13*32 X 10 5 volts. The y-raya 9*41 and 7*73 fall well 
off the line and cannot be included in this level system. There are not 
sufficient (i-ray lines to determine the slope for the second level system in 
this case. 

The y-rays for column III, Table VI, fit well on two lines C v C s , shown in 
fig. 1, for which the slopes are found to be E 2 *= 0*426 X 10 6 and 0*390 X 10 5 
volts. The value of 3E X is estimated from this curve to be 19*87 volts, corre¬ 
sponding to the upper level. The value of 3E X estimated from the curve for 
the lower level is 18*29 x 10 6 volts, which is higher than is to be expected 
for a difference 3 X 0*59 =» 1*77 X 10 5 volts, but is of the right magnitude. 
All the y-rays fall well on either of the two lines. The error in energy seldom 
exceeds 1 in 200. 

Owing to the difficulties of measurement of the weak lines shown in column 
IV, Table VI, the accuracy is not sufficient to test adequately the theory, but 
it will be seen that most of the lines fall well on a slope of E s « 0*375 volts. 
It is to be noted that the values of E 2 found for the upper level are 0*421, 
0*410, 0*426 x 10* volts for the y-rays included in oolumns I, II and III 
respectively of Table VI. The values for the lower levels are 0*3675, 0*390 
X 10® for the y-rays in columns I and III respectively. The value 0*375 
found for the y-rays in column IV suggest that they arise from transitions of 
four particles together from the lower level. The estimated value of 4%, 
for this case is about 24*5 x 10 5 volts. It is to be anticipated that the 
transition from the lower level would be more probable as we approach the 
maximum of the excitation energy. 

Considering the data as a whole, there seems to be undoubted evidence of a 



687 


Origin of y-Raya. 

simple numerical relation connecting the energies of all the y-rays. 'While 
the values of E,—the energy differences—viz., 0*421, 0*410, 0*426 average 
0*419 X 10 8 volts for the upper level system are not identical, they are sensibly 
the same. There is no a -priori reason to expect them to be identical nor are 
the energies of the (3-rays known with sufficient precision to decide the point. 

It should be noted that while the y-rays in columns I and III often show 
close doubles with energy differences varying between 0*1 and 0*2 x 10 5 
volts, which we have accounted for by the assumption of two primary levels, 
no such close doubles are observed for the y-rays in column II. This is to be 
anticipated from the values of the two levels for the differences between the 
values of 2Ej for the two levels should be 2 X 0*588 = 1*17 X 10 s volts, 
which corresponds to 3 X 0*39 X 10 s volts, while 0*39 X 10 5 volts is the 
average value of E 4 for the upper and lower levels deduced from columns I 
and III. Consequently, the y-ray arising from transitions from the two levels 
in this region would be difficult to disentangle, as they would lie nearly on the 
same straight line for small values of q. In a sense, this result affords some 
corroboration of the validity of the general point of view. 

The advantage of this hypothesis is the simplicity of the physical picture 
on which it is based. Instead of searching for a system of energy levels with 
the inevitable complication arising from the rapidly varying nuclear fields, we 
assume the existence of two main primary levels and attempt to explain all 
the measured energy differences in terms of the number of particles involved 
in the transition. We feel that the present evidence is sufficient to justify 
its adoption as a provisional working hypothesis and as a guide for further 
investigation. 

It could scarcely be expected that the whole matter could be as simple as the 
formula pEi — gE a would imply. We have borne in mind the possibility of 
loss or gain of energy due to the rotation of the nucleus. It can be estimated 
that the energy of the rotation of the whole nucleus in the first quantum state 
is of the order 0*1 X 10® volts, but it is difficult to calculate this quantity with 
aecuraoy without more definite information of the distribution of mass within 
the nucleus. 

In view of the provisional nature of our working hypothesis, we think it 
sufficient to describe it only in a general way, but it is of importance to note 
tW, a ■itwilar point of view would appear to be applicable to other bodies 
emitting y-rays. 

As an example, we include in graphs A l and A t of fig. 2 all the known y-rays 
Of radium B except the lowest y-ray of energy 0*536 x 10® volts. It will be 
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seen that the y-rays fall on two straight lines of very nearly the same dope, 
and with a value of E a = 0-370 x 10® volts. This is closely in accord with 
the value for the lower level of the y-rays from radium C given in oolumn I 
of Table VII, viz.. E 2 = 0-3675 X 10 s volts. 

In interpreting this relation, it is assumed that if E 0 is the higher (unknown) 
level, the value of E x for the lower level is E 0 — 0-536 X 10 s volts, where 
0-536 X 10 s volts is the y-ray of lowest energy. In this case, the lower line 
as shown in fig. 2 should be displaced vertically by 0-536 — 0-370 = 0-166 



X 10 s volts. The actual measured difference between the two y-rays 2-600 
and 2-433 x 10 s volts is in close accord, viz., 0-167 x 10 s volts. This inter¬ 
pretation of the y-ray spectrum of radium B is simple and seems reasonable. 

It is hoped later to examine the y-rays from other radioactive bodies to 
test whether a similar type of relation holds. 

This paper is of necessity somewhat speculative in character, but its justifica¬ 
tion lies in the directness of the physical picture put forward and the possibility 
of testing its accuracy by further experiments and more detailed comparison 
with existing data. In particular, the measurements of the relative frequency 
with which the transitions occur can be at once utilised to determine tire 
probability of different modes of excitation, but we shall defer consideration 
of this and similar points until another occasion. 
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(Received May 15, 1931.) 

4 

§ 1. Introductory . 

The first complete solution of the problem of the tidal waves in a rotating 
rectangular basin of uniform depth was given by Q. I. Taylor.* In the course 
of the investigation he deduced certain general conclusions regarding the wave 
motion in such a basin. Two of these conclusions are:— 

(1) There is only a single infinity of modes of oscillation; and 

(2) All modes consist of waves moving round the basin in the same direction, 

namely the direction of rotation of the basin. 

These conclusions were criticised by Jeffreys,! who pointed out that a double 
infinity of modes was really implied in Taylor's solution and that the second 
of the above conclusions was not completely proved. 

In the present paper the general problem of the tidal waves in a rotating 
rectangular basin is attacked by an analysis different from that of Taylor. 
The method is general and is applicable to any degree of rotation. But it 
is found that for a relatively small velocity of rotation, simple expressions can 
be deduced for the normal modes of any order, and for the corresponding surface 
displacements. It then becomes easy to discuss the general character of the 
motion without resorting directly to numerical calculation. 

The conclusions from the work are ;— 

(1) There is certainly more than a single infinity of distinct normal modes 
of oscillation, using the term in the same sense as Taylor; and 

(2) One member of each of the pairs of modes consists of a wave system 
travelling round the basin in the direction of rotation, while the other 
member consists of a system travelling in the opposite direction. 

As the rotation diminishes each of these reduces to a known form for the 
corresponding case of a non-rotating basin. But, so far as the present analysis 
shows, there is no indication of any of the modes of oscillation which become 
of infinitely long period with the reduction of the rotation. 

♦ * Pmc. Loud. Math. Soc./ vol. 20, p. 148 (1922). 
t Ibid.t voi. 23, p. 472 (1926). 
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The approximate formula for the lowest frequency as derived from the work 
of this paper agrees exactly with that obtained by Lamb by a different 
process.* 

§ 2. The Solution of the Equations. 

Let the basin be rectangular of length a and breadth b and of uniforfb depth 
h. Choose an origin of co-ordinates at one comer and the co-ordinate axes 
one along each side. Then, if u, v be the velocity components at the point 
(a;, y) at time t, £ the displacement of the free surface at the same point and <o 
the angular velocity of rotation, the equations! to be satisfied are 


du _ dz 

dt y dx 

(1A) 

1 

II 

1 

+ 

(co 

(lB) 

1 _ du , dv . 

h dt dx dy * 

(lo) 

u = 0 when x =*= 0, a ; 

(10) 

v = 0 when y = 0, b. 

(lB) 

In the ease of a simple-harmonic disturbance, 
the first three equations become 

the time factor being «*•*, 

iau — sss — g ; 

ox 

(2a) 

i(SV -f 2o iU aer — (j J 

J dy 

(2b) 

h dx dy 0 

(2o) 


On eliminating X, between (2 a) and (2c), and also (2 b) and (2o) and putting 
o/2« —f, we have 



* This work was just about completed when a paper by Dr. 8. F. Grace was announced 
on the same subject. I understand, however, from the author that the contents of his 
paper are entirely different from the oontents of the present paper, 
f Lamb, “ Hydrodynamics,” p. 297. 
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Now let 


» 00 

u = 2 2 A mft sin W7t x/a oos nrc y/b t 

m •« l ?< — 0 


v = 2 2 B mn cos m7r x/a sin nrc y/b> 

Wl n> 0 n mm 1 

Each term of each of these series satisfies respectively the conditions (Id) and 
(Ik), but the separate terms of the series do not satisfy (3). 

But we have, in the range 0 to a, for 8 and m integral, 


where 


sin 8k x/a — 2 a* tn cos mn x/a , (m — $) odd, 


a* n » 4s/(a 2 — w 2 ) tt when m 0, 


And in the same range, 


aj = 2/m. 


where 


cos m x/a = 2 fe* sin wrc x/a, (m s) odd, 
= 4 mj(m 2 — s 2 ) re. 


Hence, from the first of equations (3), 




smmTc- cos un* 
a b 


. + B mn t/ cos »m?ain nTt^j 

, S S[7A ( P -g ; -—) - sin wtTc* cos nrcf 

i:lr 5 V 4«W > 4w a «fc .1 a 6 

+ B,„„ i/££&“«? sin nc-cos 

r » O OJ 


■provided 


*.. (/* - S£) - B ~ ti-*+? ? * /B ’ A< - °- 


Similarly, from the second of equations (3) 

B (ft _ A— S£ i/K,<K - 0 . 

W«n\/ A..tU mn J 


2 v 2 



692 


6. R. Goldsbrough, 


On substituting the value of B mn from (6) in (4), and also the value of A,,, 
from (4) in (5) we have the pair of equations 

A f(f*-- g fr ftL*') -g frgg js2 iA„olte 
mnJ V 4m 2 a 2 4c0*6*/ 4« s a6 77 ” " 


+ / 


jhVj 

' 40 )^ / 


SSiB„.6Ui = 0 


n tl jiwV oAw 2 7t 2 \ | ghmnv: 2 v v -jj , 

B -A^“OT ~fcp7 + 4ZMT?? iB ^ a » 




( 6 ) 


When the coefficients A, B are ohosen to satisfy these relations, the equations 
(3) will be satisfied by the series for « and v at all points within the given 
rectangle. The assumed forms for u and v with the added conditions (6) 
therefore constitute a solution of the problem. 

The eliminant of (6) will determine the possible values of /. 

On taking the limiting case as o -*■ 0, equations (6) are both satisfied by 

ry 2 =» ghn 2 (m 2 /a 2 + n 2 /6 2 ), 

with A mn , B mn arbitrary. The relation between the latter quantities is deter¬ 
mined by (4) or (5). This solution is exactly that given by Lamb for the case 
of no rotation.* 


§ 3. The SohUion of the Algebraical Equations* 

In place of the infinite series for u and v , consider two tertns only in each, 
namely A Wrt , A r|) B mn , B f# , where m, u, r, s are unrestricted integers except 
that m — r and n — s are both odd. For brevity put ghr^/ito 2 « a. Then 
the curtailed forms of equations (4) and (5) are 

A mn (f 2 - a«i 2 /a 2 ) - B mn crmnjab + ifB r fi r m a‘ n =0 ' 

B*„ (/* — *n 2 /b 2 ) - A mn a mn/ab — “ 0 

> * (*) 

A„ (/* —ar*/a a ) - B r , ars/aA +i/B m- 6?<==0 
B„ (/* — as 8 /A 1 ) - A,, cursjab -^A m)l a?6?~0 . 

We proceed to solve these equations and then to examine under what con¬ 
ditions they represent an approximation to the complete solution of the 
problem. 

* * Hydrodynamic*," p. 204. 
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On eliminating the constants A, B from (7) and omitting the aero roots, we 
find* 

** - f* ( 4 + p) + * (§ + p)+(<«)*+Woa*) 

+ {-®+?)+5*<«}{-s+a 

<*> 


From (7) it is clear that if A m „, B mn are both real, A r „ B ri are pure imagin- 
aries. Further, if those equations are satisfied by a set of values /, A mn , B mn , 
A„, B r „ they are also satisfied by the set —•/, A mB , B mn , —A rt , —B„. 

The relation between A mn and A r , for a given value of / may be expressed 
in either of the two forms 

iA^fit. { mna r m a*(P — x s a /6 2 ) — rsaX (/* — a n 2 /b 2 )} 

= A mn / {(/ 2 —aw 2 /a 2 —aw a /6 2 ) (/ 2 — as 2 /6 2 ) — «<) 8 (/ 2 —<*»*/&*)}, (9) 

or 

A mn a { mna r m a? (/* - as 2 /6 2 ) — rsa"< (/* - an 2 /6 2 )} 

- iA,,/ {(/*■— xr 2 1 a 2 - xs*lb 2 ) (/» - «* 2 /h 2 ) ~ KO 2 (/* -as 2 /^)}. (10) 

Similar forms can be written down to express the relations between B mn and 
iB„. 

The roots of equation (8) occur in the forms +f v ±/ a , wher ef v f t are distinct. 
The four values of / substituted in turn in (9) or (10) give the corresponding 
relations between the pairs of constants. 

It is easy to locate the roots in equation (8). The equation exhibits sym¬ 
metry in m, r and n, s and this reduces the number of cases to consider when 
values are selected for these integers. The following are the results:— 


(i) tns — m. 

In this case 
or 

exactly. 


Consequently 

oX — oX< 

f* « m 2 /a 2 + n 2 /6* + (a r m a?) 2 , 
f* — r 2 /o 2 + s 2 /6 2 -f- («»«;)*, 


* In reducing we have made use of the relations a* = 6JJ,, and «*4>f —m 0. 
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(ii) f > m, » > n. 
f* lies between 

and 

or between 
and 


»•/«*+»*/**+ («;«:)* 
m 2 /o s + n 2 /6 2 + («)*; 
4/a* + s 2 /6 2 + («>".)* 
J^/o* + S 2 /^ + (a?a') 2 . 


(iii) r > w, n > s and consequently m > ms. 

/* lies between 0 and m 2 /a i -f- » 2 /ft 2 -j- (a™ a’ ) 2 ; or between f 2 /a* 4* **/&* 
+ («La;) ! and «. 

(iv) m > r, » > a and 

(v) m> r, s > n can be written down by analogy with (ii) and (iii) 
respectively. 

(vi) A case of great simplicity is that of a square basin (a = 6) for whioh we 
choose r — n, s ~ m, still with m — n odd. Equations (7) may then be replaced 
by the alternative sets : 


(®) ^i»n 2 ®nm> ®^nmi 

A mn (/ 2 - tan* fa*) - B w „ «mn/a 2 +/A mn («D 2 = 0 J>. 

B mn (/ 2 - a» 2 /a 2 ) - A mn amn/a 2 —/B m „ (a") 2 = 0 „ 


( 11 ) 


or (p) A mn --tB nm , B ron — *A flm) 

A m „ {/ 2 — aw 2 /a 2 ) — B m „ «mn/a 2 — fA mn K) 2 = 0 >. 

B m „ (/ s - «n 2 /a 2 ) - A ran amn/a 2 4-/B.. (a“) 2 = 0 „ 


( 12 ) 


The values of / satisfying (11) will be the same as those satisfying (12) but with 
the opposite signs. The resulting equation for / derived from (12) is 

P -/{ W) 2 - (<*)*} ~ + «‘)/a 2 - - 0. (13) 


For large values of a(m 2 4- n*)/a 2 the roots of this equation ore to a high degree 
of accuracy 


/ * *{ «)* - «)*} ± { «(m 2 4- « 2 )/a 2 4- (aX,)*}*. 

It is important to consider the character of the relations expressed in equations 
(9) and (10). 

Since 

„r a * _ I6rn m 

m °* (r* _ m ») („s _ “ D ’ 
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where D is written for ^ (r 8 — to 8 ) (« 8 — equations (9) and (10) may be 
replaced respectively by 

iaA Tt f mr (« 8 — s*)/D 

- A„„{</ a - xm 2 /a 2 - a.n 3 /b 2 ) (f 2 - oc^/h 8 ) - (o* «;)*(/* - «»*/&*)} (14) 

and 


«A mn /wr (n a - s*)/D 

- *A r , {(/• - ar 2 /a 2 - oV/6 2 ) (/* - an 2 /&*) - (a; a?) 2 (/ 2 - a* 2 /* 2 )} (15) 
We proceed to show that the ratio iA rs /A mn has a different sign for each of 
the two positive values of/. In each case the left-hand co-factor preserves 
its sign unchanged. We need only consider the co-factors of the right-hand 
members. 

From case (i) on substituting the first value of / 2 in (14) we find 
(P - amy - an 2 /6 2 ) (/ 2 - a^/6 2 ) - (aX) 2 (/ 2 - an^/h 2 ) 


mV 
D 2 

»Va (n 2 


am? /a 2 -f- «n 8 /6 8 — a* 8 /i > 8 + —• j (cim 2 /a 2 -f ~- j 


8 )/D 8 . 


Similarly on putting the second value of / 2 in (15), we find 
(f* - a r*/a* - as 2 /* 2 ) (/» ~ an 3 /* 3 ) - (a; <)*(/* - oV/ft 2 ) 
= mV a(tf 2 — n 2 )/D 2 . 


Hence in this case whatever the values of the integers (n cannot equal a), 
iA r JA mn has one sign for one positive value of / and the opposite sign for the 
other positive value of /. 

In case (ii) we may take / 2 == m 2 /a 2 -f n 2 /b 2 -f (a'a?) 2 + where S* lies 
between (a^aj) 2 and («) a ; and a similar form for the second root. Then 
the work proceeds as in the last case. 

Case (iii) may be treated in a similar manner. 

For case (vi) we have, using the last equation of (12), 

A mn fB mn = an 2 /a 2 +/«)*} -4- mm/aK 
Applying (18) the right-hand member becomes 

{/«)» + «"*V« a + («)*} 4- mr m/a*. 

For a positive value of/ satisfying (13) this has a positive value. Hence A m „ 
and B mn have the same sign for this value of/, and consequently A m „ and iA nm 
have opposite signs. In a similar fashion, using the equations (11) it may be 
shown that, for the positive value of/ which satisfies the equation conjugate to 
(18), A m „ and t'A„ m have the same sign. 
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A corresponding result holds for the coefficients B throughout. 

Again, from equations (7) it can be shown that the following relations hold 
between A m „ and B„ n : 

A mn n (f* — «m*/o® — <*«*/&* — m¥/D l ) = B, ft „ ma (n* — s*); 

and 

B mn m (/• - oa*ja* - an 2 /6* - i*n*/D*) » A w<l not (m 2 - r»). 

From one or other of these relations it is possible to show that for any of the 
values of / satisfying equation (8) A mfJ and B mn have the same sign. 

These results are important in the sequel. 

It must now be shown that the solution for / obtained from the restricted 
equations (7) approximates to that which would be obtained from the use of 
the complote equations. Tins will be done by taking a numerical case and 
showing that, particularly when the velocity of rotation is small, the error in 
using the restricted equations to determine / is small, and that the omitted 
terms are also relatively small. The process is the usual one of continued 
approximation. A value of / and the corresponding coefficients satisfying 
equations (7) are used as a basis. By means of these known approximate values 
it is possible to find through (6) the approximate values of the adjacent 
coefficients A, B. These in turn are used in (4) and (5) to provide corrections 
to equations (7). A second approximation to / and the coefficients is found 
by solving these corrected equations. This process is repeated until the 
desired accuracy is obtained. 

Let a = 6, « 10, and as in case (vi) n = r = 4, m = $ 3. 

With these values the roots of equation (13) and its conjugate are ±15*70, 
±15*93. Using/= ± 15*70, and taking A^ as arbitrary we have 

B43 ^ — iA^, — 1*26 A34, A^g as —* i 1 *26 A^. 

With these constants we determine the approximate values of the adjacent 
coefficients. The results are :— 

^■ 14/^34 “ — B^/iAg* ss= 0*008, 

®hMs 4 “ — A 41 /4Ajj4 = 0*061, 

A 44 /A 34 ^ B^g/tA^ ^ 0*039, 

4 ™ — A^/aAg^ 2=2 O'030, 

^m/^ 84 ^ ®0s/^34 “ — 0*022, 

® 86 / A 34 5=5 ~~ A« 8/* A 34 *** — 0 * 001 , 

A sa / A 34 ^ — B ft 8 /tA 84 =s — 0*029, 

B sa / A »4 = — A M /tA M « - 0*020. (14) 
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It is evident that the contribution of these terms in equations (4) and (5) 
will make bnt a small alteration in the value of /. On including their values 
and proceeding to a second approximation we find that to two decimal places 
the value of / is the same as before, namely, 15*70. Hence while we have 
rigorously 

X, = e M 2 2 (mA mn + «B„,„) cos mmc/a cos nny/b, (15) 

mu 

a sound approximation to a particular mode is given by 

£ = e ivt { (wA mn + ttBfnn) 008 mrcZ l a 008 W7W//6 

+ (rA r , + sB f ,) cos mxja cos sny/b}, (16) 

where w, n, r, s are integers subject to the sole condition that m — r and n — 8 
are both odd. 

This result is further confirmed by the numerical illustrations worked out 
in §6. 

In the case when the angular velocity is greater than that chosen throughout, 
similar conclusions will follow, though the first approximation will naturally 
not be so good. 

§ 4 . Properties of the Motion. 

We proceed to discuss the general characteristics of the motion as exhibited 
in the preceding work. 

(a) The natural frequencies, as expressed in the quantity /, occur in pairs in 
the form ±/. It is readily shown that each of these gives the same mode of 
oscillation. For, from equations (6) it is evident that the coefficients A, B 
break up into two sets: A wn , B,„ n and A r „ B rt with m — r and n — s odd. 
One of the sets is wholly real and the other wholly imaginary. We may then 
write the result (15) in the form 

£ ess e iot {E Z (mA mn + wB in „) cos mm/a cos nix y/b 

m n 

4-»2 2 (rA„ + sB rl ) cos rKx/a cos snyjb}, (17) 

f $ 

in whioh all the coefficients A, B are now real. Expressing this in real form 
we have 

K ma 2 2 (wA mn + nB m „) cos mnxfa cos nny/b cos at 

m ft 

— EE (rA f , + &B r9 ) cos mxja cos snyjb sin at. (18) 

r * 

But it is clear from equations (6) that if we have a solution which may be 
expressed in the form (/, A mw , B ffln , A, |f B fl ) then there is also one in the form 
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(—/, A mn , B mn , — A,„ —B„). On changing the signs of a and the coefficients in 
the terms factored by * in (17) and again taking the real part we find the result 
is precisely the same as (18). Hence each member of the pair of solutions zhf 
leads to exactly the same mode of oscillation. 

(р) As a result of the conclusion in (a) we see that for eaoh set of integers 
m, n, r, s equation (8) gives only two distinct values of the frequency and 
consequently two distinct modes. Since the equation (8) is symmetrical in 
m, r and n, s, the frequencies will repeat if all integers are taken for m, n, r, s. 
The distinct values are given by taking :— 

(а) r, s both even ; m, m both odd ; and 

(б) v odd, » even ; m even, n odd. 

For each arrangement of the integers there will be two distinct frequencies. 

(y) It further follows from equations (6) that the coefficients in the resulting 
series for £ must follow one of the two forms :— 

(a) The suffixes m, n of the coefficients A mn , B mn must be either of them odd 

and the other even throughout; or 

(b) The suffixes must be both odd or both even, each form occurring in the 

same series. 

The type (a) consists of waves asymmetrical about the centre; while type 
(b) is symmetrical about the centre. 

These agree with the two types found by Taylor.* In type (a) the centre is 
always an atnphi-dromic point. 

(8) So far as this analysis shows there is no appearance of that type of 
oscillation which reduces to steady motion with the vanishing of the rotation. 
Such types are predicted by the general theory and have been discovered to 
exist in certain forms of rotating basin.f 

(с) It has been shown that the two roots +/ of equation (8) lead to the 
same mode of oscillation. Consider now the two positive roots of the same 
equation,/! and/ 2 , which give and <r 8 also positive. Considering the approxi¬ 
mate equations we can find values of the constants A mn , tA,,, B**, *B f# 
corresponding to each root. It has been shown that if A mn , B m „ are real, then 
so also are A,,, B„. The further results have appeared that A mn and B^, have 
the same sign for both roots, and that A mn /A r „ B mn /B f , are positive for one 
root and negative for the other. 

* Ibid., p. 174 . 

t Lamb, '* Hydrodynamics,” pp. 296 , 800. 
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We may then write the two limited solutions in the forms 
S «* {(w»AJ^ + nBJJi) cos mn xja oos nn y/b 

+ i(rA ( r V + SB?,*) coa m x/a cos m y/b], 

C n {(wAJJi + cos mnxja cos nn y/b 

— t(rA®* + $B t2 *) cos rn x/a cos stc yjb }, 

where now the coefficients A, B are all positive* On expressing these in real 
form we have 

+ «B^) cos mn x/a cos nn y/b cos c r x t 

— (rA ( f V + nB ( r V) cos m x/a cos sn yjb sin <j+ 

C ** (mAZ + cos mn x/a cos nn yjb cos af, 

+ (rA ( f 2) + sB ( ®) cos rn x/a cos sn yjb sin cr+ 

These expressions clearly define wave systems moving in opposite directions 
round the basin though otherwise of the same general form. 

The expressions used for £ in this examination are necessarily incomplete. 
But it does not seem likely that the less important and omitted terms can 
modify the results to such an extent as to reverse the direction of motion of the 
waves* 

§ 5 . Example of a Square Basin . 

To illustrate more fully the foregoing results the positive and negative waves 
of lowest frequency for a square basin have been completely worked out. The 
method used is that of continued approximation as applied already in § 3. 
Two approximations were found necessary to give the following results. 

I. Wave of lowest frequency travelling in the same direction as that of the 
rotation. 

Take ghn*/i<*>*a*^lQ. 
a =. 5 * 60 <a. 

£ «= oos at {cos nxja + 0 * 155 cos rex/a cos 2nyja + 0*027 cos 3 Ttx/a 

+ 0*012 cos 5nx/a + 0*005 cos Snx/a cos 2nyja ...} 
+ sin at {cos nyja + 0*155 oos 2nxja cos tc yja + 0*027 cos Sit y/a 
+ 0*012 cos Sr:*//a + 0*005 cos 2nxja cos 3*#/a 

In this mode the diagonals and the lines joining the mid-points of the 
sides are in tom positions of the co-tidal lines. 
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II. Wave of lowest frequency travelling in the opposite direction j^that of 
the rotation. 

As before take gh-^jiaPa* — 10. 
a = 7 * 18<u. 

£ = cos at {oos izx/a — 0-103 cos too I a cos 2myja — 0*036 cos Snx/a 

— 0*012 cos 5rer ja — 0*003 cos 3 rexja cos 2m//a ...} 
— sin at {cos 7c yja — 0*103 cos 2rcr/a oos nyja — 0*036 cos 3 ny/a 

— 0*012 cos 5 tt yja — 0*003 cos 2nxja oos 3jty/«...}. 

The form of the co-tidal lines in this case is much the same as that of the 
last case. The important point is that the direction of their movement ia 
reversed. 

§ 6. Comparison with the Results of previous Investigations. 

The frequencies of the free long waves in a rotating rectangular basin have 
been considered by G. I. Taylor* ; and approximate methods have been applied 
to the problem by Rayleighf and Lamb 4 It is of interest to compare the 
results obtained by these investigators with those of this paper. In all these 
cases only the lowest frequency was obtained and we therefore proceed to 
estimate it. 

As A 01 = B 10 — 0, equations (7) do not hold as they stand for the lowest 
frequency. On putting m — 1, n = 0 throughout, the second and third 
equations are satisfied identically, and we are left with the pair: 

A 10 (/ 2 - */« 2 ) + »/B 01 V V = 

Box (/* — */&*) ~ if An, a s h°i = 0 j 

Whence 

(/ J -«/a 2 ) (/*-«/&*)-/*(-)• = 0, 

or 

(c* - gh 7t*/o*) (c» - gh n'/b*) = 4<o«a* (i V. (17) 

\TC*/ 

This is precisely Lamb’s equation for the approximate frequency, which he 
derived by an entirely different method.§ 

Rayleigh’s result for the case of a square basin (a *= b ) does not agree with 
tins. 

* Ibid., p. 148. 

t ‘ Phil. Mag.,’ rol. 30, p. 179 (1915). 
t “ Hydrodynamics,” p. 808. 

§ “ Hydrodynamics,” p. 808, equation (16). 
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G. I. Taylor* found that the lowest natural frequency for a rectangular 
basin of dimensions a = n, b = 2n and with the constant a = tt* was 0*429. 
The above equation (17) gives the first approximation to this value as 0*38. 
The approximation is not too good owing to the fact that a relatively high 
degree of rotation is implied in the value of the constant a. A lower value of 
6 > would reduce the term in the right-hand side of (17) and make the neglected 
terms, which presumably are in higher powers of to, of less importance. 


The Molecular Statistics of an Enzyme Action . 

By J. B. S. Haldane. 

(Communicated by Sir F. (lowland Hopkins, P.R.S,—Received May 19, 193L) 

Abstract. 

Zeile and Helistrom’s data show that a molecule of catalase at 0°C. 
catalyses the destruction of about 2 x 10 6 H a 0 2 molecules per second. The 
mean life of an active catalase-hydrogen peroxide molecule is about 10“ 7 
second. The velocity constant for the union of catalase and hydrogen 
peroxide exceeds 7 X 10 6 . These values are compared with similar data 
relating to other enzymes and to haemoglobin. 

{The full paper is printed in 4 Proceedings/ B, vol 108, pp. 559-568.) 


* 4 Proo. Loud. Math. Soc./ vol. 20, p. 177 (1922). 
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